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jhe is a textbook for courses in physical science at the college level. It is 

designed so that it may be used for either a shorter one semester course 
or for a full year’s course. That it may be used for the shorter course is 
evidenced by the fact that the chapters on heat energy constitute a unit 
that has been successfully used for several years by one of the authors. 
Within the book are other unit groupings that could also be selected as the 
basis for shorter courses. It is assumed that the student has a typical, non- 
scientific background; the topics are developed with a minimum of 
mathematical treatment. 

The various disciplines of physical science have been developed for 
the most part by specialists in those disciplines. The typical physicist 
claims little or no professional interest in chemistry, while the typical 
astronomer cares little for geology. However, there is a growing trend to 
bridge over the gaps between the different areas—in such fields as 
geochemistry, astrophysics, physical chemistry, geophysics, and so on— 
and this trend confirms our idea that the physical sciences together con- 
stitute one major field of human knowledge. In spite of the profitable 
results that are presently coming from these bridge areas, there are still 
many areas within the parent disciplines that defy integration into a com- 
mon subject. The authors believe, nevertheless, that for the non-science 
student the advantages of studying physical science as an integrated 
subject warrant further efforts to correlate and integrate the various areas 
of physical science into a comprehensible whole. 

As examples of the benefits to be derived from such an integration, 
attention is called to Chapters 3 and 4 where stream erosion, downslope 
movements, and tides are discussed in terms of gravitation and the 
inclined plane. The classical topics of force and motion are correlated 
with diastrophism, earthquakes, theories of mountain formation, and the 
solar system in Chapters 5, 6, and 7. And electricity, magnetism, and 
wave motion form the background to the material on atomic structure 
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New Horisons in Physical Science 


TWENTY-NINE 


One 


The Nature of 
Physical Science 


W: are born into a scientific world, and it is impos- 
sible to grow up today without coming into close 
contact with much of what science offers. The typical baby 
is ushered into the world amidst the gadgets and para- 
phernalia of a modern hospital. He is given the best chance 
for life through the use of efficient medicants, diet, and care. 
He grows up faster and stronger and healthier than any of 
his ancestors, and he will probably live many years longer. 
Much of his happiness and well-being stem directly from 
science. He wears materials and eats foods that were un- 
known to his grandparents, and he complacently views 
high-compression engines, plastics, supersonic jets, rockets, 
radar-guided missiles, and nuclear weapons as commonplace 
items that appear regularly in the newspapers. 

He may even tend to take all these trappings for granted. 
He may not be concerned about our diminishing reserves of 
copper, petroleum, iron, or sulfur because science has so 
benevolently and adequately met all our previous shortages 
by supplying substitutes that are usually much better than 
the original. For example, not many years ago it was feared 
that a rapidly increasing population would eat up more than 
it could produce. Not only food but the natural supply of 
fertilizers would be used up and the human race would be 
decimated. But in the meantime man has learned how to 
make efficient fertilizers from water and air, which are, of 
course, an unlimited source of raw materials. Now, in this 
country, our food problems center on what we should do with 
surpluses—a far cry from the fear of famine. 

In other words, we grow up in a world where science is 
a normal part of our lives, and we usually give it little 
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thought. But this in no way eliminates or detracts from its 
importance. If for some reason we had to go through a brief 
period without the items that science makes possible, we 
would soon appreciate the value of science in our lives. Not 
only would we be without enough food, but the water we 
drink and even the air we breathe might be poisonous. There 
would be no radio, television, or telephone. Our clothes 
would be drab and colorless, and most of us would have no 
transportation. For most people there would be no jobs, 
because modern industries, based on the technology nurtured 
by science, could not exist. There would be little if any spare 
time for recreation or the lighter pursuits because we would 
be fully occupied with major problems of survival. Even 
such creative activities as art, music, and drama would be 
reduced to a minimum because no one would have time to 
appreciate them. The world would, indeed, be a harsh and 
dreary place. 

Science, fortunately, is with us, and as our civilization con- 
tinues to grow and mature, we hope that not only science 
but all the other constructive activities of mankind—politics, 
economics, philosophy, and the arts—will progress at a cor- 
responding rate. Science has succeeded so well in solving its 
many problems that men in other areas have turned to 
science as a means of solving what were once perhaps con- 
sidered as unscientific problems. More and more the tech- 
niques and methods of science are being applied to these 
other areas. 

Why study physical science? For one thing, new knowl- 
edge, whether or not it is of any practical use, is a great 
source of pleasure. And men are beginning to realize that 
science is the greatest adventure of our age and that its dis- 
coveries help satisfy man’s search for beauty and understand- 
ing. Moreover, modern life demands that we have some 
appreciation of the role of science in our civilization. Men 
and women in every profession or vocation—engineering, 
medicine, farming, or running a home—profit from a knowl- 
edge of physical science. Finally, learning more about the 
world in which we live gives us a better understanding of 
how we, as human beings, fit into the scheme of things. 


1-1 Physical Science Defined 


Physical science is knowledge of the physical world—of 
the composition, structure, origin, and behavior of the ma- 
terials that make it up. But science is more than knowledge; 
it is also the process by which that knowledge is obtained. 
This process, known as the scientific method, involves mak- 
ing observations under controlled conditions with an attitude 
of impartiality and openmindedness, With this tool at their 
command, scientists have not only accumulated a vast store 
of information, but have also succeeded in summarizing and 
integrating their information into natural laws and theories. 
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The discovery, collection, and classification of facts is known 
as descriptive science. The formulation of theories and laws 
that explain and unify these facts is known as theoretical sci- 
ence. In this book we shall see how descriptive and theo- 
retical science are fused together to form the framework of 
physical science. 


1-2 The Emergence of Science 


The growth of science from its humble beginnings to the 
present may be divided into six periods. No sharp distinction 
exists between these periods, for one gradually evolved into 
another. Nor should we look upon the present status of science 
as the ultimate of achievement. Future generations will likely 
look back upon our age of science in much the same way as 
we now look back upon the earlier periods of science, be- 
cause science will undoubtedly continue to grow and develop 
with our expanding civilization. 


1. Prehistory. When and where did science begin? The 
time and place when man’s curiosity about nature was trans- 
formed into a science is difficult to determine. The making 
of fire, the invention of the wheel, the accidental discovery 
of glass and pottery, and the fashioning of simple handtools 
all resulted from man’s attempt to solve the innumerable 
problems of everyday life. When and how these discoveries 
were made we do not know, but it is known that as far back 
as five thousand years ago man was using numerical nota- 
tions and mathematics, and making vinegar, soap, and me- 
dicinals of various kinds. He observed the sun and stars from 
season to season and invented calendars. He learned to cook 
food and clothe his body with furs and later with textiles. 
He learned to tint glass, dye textiles, and separate metals 
from their ores. He gradually mastered at least part of his 
environment—an achievement that distinctly separated him 
from the animals that roamed the forest and plain. The Bib- 
lical account of Noah’s experiences even indicates that the 
manufacture of intoxicating beverages preceded some of the 
events in Genesis. 

Although there may be some reluctance to view these early 
activities as scientific—many of them were crude and rudi- 
mentary when judged by our modern standards—one of the 
deepest of human traits, curiosity, impelled man to solve 
his problems, and this quality is still the mainspring of mod- 
ern science. If necessity is the mother of invention, curiosity 
is certainly the mother of science. Since early men were 
motivated by the same urge as modern scientists, it is only 
fair to consider these early activities as the dawn of science. 

2. The Mediterranean Period (Egypt and Greece). In this 
period, from the earliest recorded history to the fall of Rome, 
science made some remarkable progress. The universe was 
considered as an ordered system, and there were serious at- 
tempts to theorize and explain the structure and behavior of 
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matter. The early concepts of astronomy, mathematics, and 
chemistry were probably developed in Egypt, where an 
alphabet, writing, and papyrus scrolls were also invented. 
Architecture and engineering were advanced to a high 
degree, as attested by the construction of the pyramids. 

The scholarly Greeks were quick to expand on the nu- 
merical abstractions invented by the Egyptians and Baby- 
lonians. Pythagoras taught in the sixth century B. d, that 
numerical relationships can be found in all nature. Emped- 
ocles (490-430 B. C.) announced that the world is composed 
of four elements—earth, air, fire, and water. Leucippus and 
Democritus proposed that all matter is composed of inde- 
structible tiny particles called atoms, and Euclid in about 
300 B. C. developed the system of geometry that is used to- 
day. Archimedes experimented with the lever and with the 
principle of specific gravity, and through them made funda- 
mental discoveries in mechanics and hydrostatics. During 
the early years of the Christian Era, science pushed forward 
chiefly in mathematics and astronomy, Pliny the Elder col- 
lected a large number of books containing the scientific 
knowledge that had been accumulated up to the end of the 
first century A. p. Ptolemy of Alexandria, who lived around 
A.D. 150, explained the motion of the planets in a theory that 
was not seriously questioned for 1400 years. 

3. The Middle Ages. After the decline of the Mediter- 
ranean civilizations, scientific inquiry virtually came to a 
stop. In its place arose the practice of mystic arts and sorcery. 
Men were driven by a strange urge to seek methods of mak- 
ing gold from iron and lead. It was during this time that 
the alchemists tried to find the philosopher's stone—a sub- 
stance that would give universal wisdom to its owner and 
also convert ordinary metals to gold. But the contribution of 
alchemy to science was of negligible value; the alchemist 
left little or no record of his experiments and made no at- 
tempt to correlate theory with experiment. Since men were 
more interested in religion and other pursuits than in sci- 
ence, they failed to develop even the simplest instruments 
to test or advance the theories of earlier science, Communi- 
cation among the feudal manors was poor, and both travel 
and publication were almost nonexistent. Only a few names 
in science come down to us from the Middle Ages. Roger 
Bacon stressed the experimental method in science in the 
thirteenth century, and Paracelsus showed the value of chem- 
istry in producing medicines. 

4. The Renaissance. After centuries of indifference to sci- 
entific investigation, in the fifteenth century men began to 
look at nature not as the product of a fearsome, inscrutable 
God, but as something to probe and understand. Men be- 
came intrigued with the mysteries of nature underfoot and 
overhead, especially with those in the night sky. During this 
period of rebirth that we call the Renaissance, Nikolaus 
Copernicus (1473-1543) studied the motion of the planets 
and discovered that the sun, rather than the earth, is the 
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center of the solar system. Galileo Galilei, a century later, 
confirmed the findings of Copernicus. Against the dogmas 
and authority of the Church, he championed the validity of 
the blasphemous theory. Although the Church made him 
renounce his theory, his experiments marked the beginning 
of the end of medieval secrecy, superstition, and prejudice. 

Out of the inquiring spirit of the Renaissance grew the 
methods and early knowledge of what we now call physical 
science. Alchemy gave way to chemistry. Physics gained a 
firm basis by applying mathematics to the natural processes 
of gravity, motion, and force. Astronomy advanced as more 
and more powerful telescopes and more accurate measuring 
instruments were invented to observe and correlate the mo- 
tions of the heavenly bodies. Important scientists of this 
period, in addition to Copernicus and Galileo, were the 
astronomers, Tycho Brahe and Johannes Kepler, and the 
physicist, Robert Boyle, who discovered several properties of 
gases that are basic to modern physics and chemistry. 

5. The Growth of Science. At the beginning of the seven- 
teenth century, physical science gradually entered its mod- 
ern age. Many mistakes were made and much groping in 
the darkness took place (but when don't they?). Science, 
however, strode forward and produced developments, the 
effects of which are still evident in our present-day scientific 
thinking, Isaac Newton advanced his famous analysis of 
gravitation and his laws of motion. Huygens and Newton 
studied light and lenses and discovered laws and relation- 
ships that are valid today. Organic and biological chemistry 
made the first accurate description of red blood corpuscles. 
The stimulating, though erroneous, phlogiston theory was 
proposed to explain the process of combustion. 

During the eighteenth century, Benjamin Franklin per- 
formed his well-known experiments on electricity, Watt in- 
vented the steam engine, and the analytical balance was 
introduced into chemical analysis. Antoine Lavoisier, Joseph 
Priestly, Henry Cavendish, and a host of others pursued 
the experimental study of physics and chemistry, giving us 
the basis for the laws of the conservation of energy and the 
conservation of mass. 

The nineteenth century was probably the golden age of 
modern science. Many outstanding and significant advances 
were made, particularly in formulating and discovering the 
fundamentals of physical science. The concept of atoms was 
modernized and accommodated to fit the problems of chem- 
istry by John Dalton. Many new chemical elements were 
discovered by Davy, Berzelius, Bunsen, and others. Michael 
Faraday and Joseph Henry added greatly to the knowledge 
of electricity and magnetism. The last century was also a 
time of great growth in scientific theory. Most of our mod- 
ern theories and concepts in science were devised during the 
latter half of that century. Indeed, it has been said that 
the most revolutionary thinking in science occurred dur- 
ing the ten years 1895 to 1905. In that short period X rays 
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were first produced, radioactivity was discovered, the quan- 
tum concept of light was developed by Max Planck, atomic 
disintegration was demonstrated by Rutherford and Soddy, 
and Albert Einstein proposed his famous theory of relativity. 

6. The Present. Physical science today is largely an out- 
growth of the ideas and concepts that were introduced in 
earlier years, The frontiers have been pushed outward by 
improving the theories and filling in the many gaps with 
experimental data, Several advances merit a listing here, 
though all of them will be discussed in greater detail in 
later chapters of this book. 

A direct application of the Einstein theory was made in 
atomic or nuclear energy, and the predictions he made years 
ago have been verified experimentally in the atomic and 
H-bombs. The properties of light and the broader aspects 
of wave motion have provided a key to the structure of the 
atom, and the quantum theory has opened up the innermost 
secrets of the atom’s interior. In chemistry hundreds of thou- 
sands of new substances have been synthesized, leading to 
new drugs, plastics, synthetic fibers and rubbers, and new 
metals and alloys. And, aided by the fundamental ideas of 
physics and chemistry, astronomy and geology have literally 
reached out into new worlds. 


1-3 The Branches of Physical Science 


Each of the four sciences comprising physical science— 
physics, chemistry, geology, and astronomy—developed as 
a separate field of study, As these fields have grown, how- 
ever, they have overlapped with the result that today it is 
difficult to tell where one ends and the others begin. Al- 
though not exactly a branch of physical science, mathematics 
is an indispensable tool that serves them all. 

Physics is the study of matter and motion. Physicists in- 
vestigate heat, light, mechanics, electricity, sound, radiations, 
and the structure of matter, and they have supplied the 
major share of the basic ideas and concepts in physical sci- 
ence, Other sciences have profited greatly from the applica- 
tion of this knowledge acquired in physics, 

Chemistry is the science of substances—their composition, 
their structure, and the reactions that change them into other 
substances, Chemical processes are at the core of the manu- 
facture of many modern products: dyes, synthetic rubber, 
paints, synthetic fibers, plastics, refrigerants, insecticides, 
drugs, medicines, and many others. 

Geology is the study of the history of the earth and the 
forces that change its shape—from earthquakes to tiny 
Streams, A geologist is concerned with the classification and 
identification of rocks and minerals, the formation and lo- 
cation of natural resources, the causes of weather, the cur- 
rents of the ocean—in short, with all the natural forces acting 
on the earth's surface, subsurface, and atmosphere. 
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Astronomy is the study of the celestial bodies, We are 
indebted to the astronomer for our present knowledge of 
the size, shape, and character of the solar system, the char- 
acteristics of the stars, and the structure of the universe, 

Essential to physical science is mathematics—the abstract 
treatment of quantities, Scientists are continually asking: 
How much? How long? How many? How far? Lord Kelvin, 
one of England’s most famous scientists of the nineteenth 
century, once observed: “When you can measure what you 
are speaking about and express it in numbers, you know 
something about it.“ Measurement is the keystone of the 
scientific method, But after the scientist has done all his 
measuring, he must combine his figures to arrive at a con- 
clusion, and that process of working with numbers in the ab- 
stract is mathematics, Without mathematics, science could 
never have become more than mere curiosity, and for this 
reason mathematics is often called the “queen of sciences,” 

Each branch of physical science is divided into specialized 
subdivisions, Physics embraces mechanics, optics, electronics, 
thermodynamics, acoustics, quantum mechanics, statistics, 
and atomic structure. Chemistry includes analytical, inor- 
ganic, organic, biological, and theoretical chemistry, Special 
divisions in geology are physical, historical, and stratigraphi- 
cal geology. But as we have seen, the branches of physical 
science often have merged, This meshing of disciplines has 
created many fields of specialization that are concerned with 
two or more sciences—for example, geophysics, geochem- 
istry, physical chemistry, chemical physics, and astrochem- 
istry. As physical science matures, the identity of its 
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and fibers, and television are additional examples of the 
results of such cooperative efforts, the success of which in- 
dicates that the branches of physical science should be con- 
sidered as members of one body. And beyond that, the fact 
that many scientific activities now range across many dif- 
ferent sciences should make us realize that these divisions 
are only arbitrary and that all science should be treated as 
a broad, interrelated field of human knowledge. With this 
thought in mind we shall explore physical science, not as a 
collection of unrelated phenomena, but as an integrated and 
unified approach to understanding the physical world in 
which we live. 


1-4 The Scientific Method 


The progress of science rests largely on the success of 
the scientific method in answering the scientist’s eternal 
questions; What? How? Why? When a scientist attacks a 
problem, he usually examines many phenomena and gradu- 
ally finds relationships between them enabling him to make 
a generalized conclusion about them. This reasoning from 
specific facts to general principles is called inductive reason- 
ing. It is the opposite of deductive reasoning in which a 
person states a general rule and then searches for evidence 
of it in specific facts. Inductive reasoning is the heart of 
the scientific method. 

Much has been said about the scientific method. How- 
ever, there is no set procedure by which scientists go about 
solving their problems, There are probably as many differ- 
ent methods as there are scientists. In spite of the diversity 
of techniques with which a problem is approached, the 
scientist in tackling a new one often follows a pattern or, 
series of steps. In order to gain an understanding of this pat- 
tern and of how the scientist uses inductive and deductive 
reasoning, let us outline in a generalized manner the five 
steps of the scientific method: 

(1) The scientist states the problem to be solved as pre- 
cisely as possible, 

(2) He searches the written record to find all known in- 
formation related to the problem. In this step he utilizes the 
experiences of all who have wrestled with the problem in 
the past. He may even find that the problem has already been 
solved. 

(3) He conducts experiments or collects information ap- 
plicable to the problem. This step is perhaps the most glam- 
orous and the one that usually comes to the layman’s mind 
when he thinks of science. It is the essence of descriptive 
science (see p. 2). 

(4) He correlates the data and tries to formulate an 
answer to the problem, The scientist now uses inductive 
reasoning in order to go from the particular to the general— 
to go from many single facts to a general conclusion. If, in 
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this process, he discovers a principle of behavior that holds 
true for all situations in which this problem is studied, then 
he can summarize this principle in what is called a law. K 
scientific law is a statement of what is believed to be the 
true essence of a natural phenomenon, and when the true 
essence is discovered, it serves as a guide in the search for 
more information about the problem. The scientist then uses 
deductive reasoning—reasoning from the general law to par- 
ticular cases—to test the validity of the law. If the law fits 
new facts and successfully predicts what may be found in 
nature, it becomes well established. 

As an example of these four steps, suppose that a scientist 
wishes to study the problem: Which are the better mousers, 
black cats or white cats? Once the problem is stated (step 
1), the scientist goes to the library and studies all the infor- 
mation he can find on the mousing abilities of black and 
white cats (step 2), If he does not find enough information 
to solve his problem, he sets up experiments (step 3) in 
which he observes black and white cats as they catch mice. 
In order to obtain dependable information, he will probably 
set up conditions so that there are no outside influences on 
the performances of the cats. Then (step 4) he correlates 
and analyzes all the data he has found. If he finds that black 
cats are better mousers than white cats and if there is no 
evidence to indicate that this is not a true behavior of the 
feline family, then he can formulate the law: Black cats are 
better mousers than white cats. 

The role of science does not end with the finding of a 
law. In the case of the black cat law above, science goes on 
to ask the question: Why are black cats better mousers than 
white cats? Now the scientist seeks an explanation for the 
law, and if he finds one that is generally accepted by other 
scientists who are studying the same or related problems, he 
is said to have established a hypothesis or a theory for the 
law. It is in the development and testing of the hypotheses 
and the theories of science that the most important discov- 
eries are made, and those scientists who formulate depend- 
able theories are held in highest respect by their fellow 
scientists, 

Few scientists are primarily engaged in theoretical sci- 
ence, Most of them work within the limits of descriptive 
science where the results of a typical experiment—the de- 
termination of the melting point of a substance, for ex- 
ample—will very likely fit into an already existing theory. 
The majority of scientific research, therefore, consists of col- 
lecting data and correlating them into a theory that has been 
established previously. In no event is the solution of the 
problem to be considered final. Some of the most widely ac- 
cepted theories have been refuted by later, more accurate 
discoveries. Science continually invites a re-examination of 
its theories. Since we are a long way from comprehending 
nature completely, the true scientist keeps his mind recep- 
tive to new ideas that will explain natural phenomena more 
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adequately. He regards theories, not as immutable answers, 
but as man-made and therefore fallible tools. Let us go on 
to the final step in the scientific method. 

(5) The scientist records and publishes his findings so 
that others may learn the results. This part of the scientific 
method accounts for much of the success of science and 
makes possible step two above. History is replete with the 
mistakes of scientists and nonscientists who could have 
avoided errors had there been available an account of earlier 
findings. 

Significant discoveries in science are often achieved with 
the aid of two rather unscientific agents—chance and intui- 
tion. Luck, or the “happy accident,” has revealed the way 
to many breakthroughs in scientific barriers, although you 
must remember that “chance always favors the prepared 
mind.” The history of science contains many examples of 
chance discoveries. Kekule’s solution to a problem concern- 
ing the structure of molecules—a problem that had stumped 
chemists for a generation—came to him as an idle daydream 
during a joyride in the park. Becquerel accidentally discov- 
ered the radioactivity of uranium when he placed a piece 
of photographic film near some crystals of uranium salt. 
Some scientists are fortunate enough to experience a “sud- 
den flash of insight” that helps them solve a problem or 
carries them over the next hurdle. Those scientists who can 
harness their intuitive ability and treat scientific problems in 
this manner are held in high esteem by their colleagues. 
Most scientists, however, have limited intuitive capacities; 
they must follow the scientific method step by step, with 
many false starts and missteps before a solution is reached. 
Many scientists consider the scientific method to be an ex- 
tension and refinement of common sense. P. W. Bridgman of 
Harvard University has defined it as “nothing more than do- 
ing one’s damndest with one’s mind, no holds barred.” 


1-5 Physical Science as a Profession 


In America approximately one person in 1500 is a physical 
scientist. Six per cent of these scientists are engaged in 
teaching and training new scientists. Over 70 per cent are 
employed by manufacturing, mining, and construction in- 
dustries, where they are concerned with research and 
development, testing and analysis, administration and produc- 
tion. The rest are employed by the government in its various 
services to agriculture, business, and industry, Although the 
number of scientists has skyrocketed during the past genera- 
tion, the demand still far exceeds the supply mainly because 
industry, government, and academic institutions have found 
scientists increasingly necessary in their operations. In our 
scientific society, few technical fields can advance without 
the constant assistance of physical scientists. 

Even though this is an age of specialization, all physical 
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scientists must obtain a sound training, not only in their own 
special area, but in related ones as well. Thus, a geologist 
must study physics, chemistry, and mathematics, and an 
astronomer or a chemist must have a working knowledge 
of physics and mathematics. In order to become a specialist 
in one of the physical sciences, a potential scientist should 
have a minimum of four years of college training in the sci- 
ence of his choice. And often, because of the growing com- 
plexity of his subject, he should spend additional time in 
graduate study. In some fields it is advisable to obtain a doc- 
toral degree or its equivalent before setting out as a spe- 
cialist. 


1-6 Summary 


Physical science is both knowledge of the physical world 
and the process by which this knowledge is obtained—the 
scientific method. 

In general, the five steps in the scientific method are (1) 
statement of the problem, (2) search of the literature, (3) 
experimentation, (4) formulation and explanation of the re- 
sults obtained from the third step, and (5) publication. Much 
scientific work, however, is performed without formally fol- 
lowing all these steps. 

The branches of physical science are physics, chemistry, 
geology, and astronomy, with mathematics serving as an in- 
dispensable tool for them all. Many of the advances being 
made today involve the areas between these branches, in 
fields such as physical geology and astrochemistry. The suc- 
cess of studies in these areas is striking evidence of the unity 
of physical science, which has historically been divided into 
its several branches. 

The physical sciences constitute an active area for pro- 
fessional activity, and, in view of the demands of modern 
society for his services, the physical scientist occupies a vital 
place in the world today. 


EXERCISES 


A. KEY TERMS TO REMEMBER 


alchemy geology scientific law 
astronomy inductive reasoning scientific method 
chemistry mathematics scientific theory 
deductive reasoning physics theoretical science 


descriptive science scientific hypothesis 
B. QUESTIONS ABOUT THE NATURE OF PHYSICAL SCIENCE 


1. Outline the primary steps usually involved in a scientific ap- 
proach to a problem. 


2. What are the major branches of physical science? 
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3. Why are publication and communication of scientific results 
so important to the advance of science? 


4, Select a problem from your common, everyday experience 
and analyze how you solved it. For example, how did you go about 
buying a pair of shoes, choosing the route to travel from home to 
work, planning a vacation, accepting or rejecting an invitation to 
a party, organizing a new business venture, seeking a job. Now 
compare the steps you used in solving this problem with those of 
a scientific approach, Did you solve your problem scientifically? 


5. Read several current newspaper or newsmagazine articles 
concerning science and decide which branch of physical science 
is discussed in each one of them, 


6. Interview a physical scientist and write a report listing the 
major field of his work, and the scientific problems he is working 
on. 


The following list of references is a guide to further reading in 
the physical sciences. Many of these references will serve as ad- 
ditional sources for the topics that are introduced later in the text. 


A. B. Arons and A, M. Bork, Science and Ideas (Englewood 
Cliffs, N. J.: Prentice-Hall, Inc., 1964) 

J. B. Conant, Science and Common Sense (New Haven: Yale 
University Press, 1951) 

K. S. Davis and J. A. Day, Water, The Mirror of Science (Gar- 
den City, N. Y.: Doubleday & Company, Inc., 1961) 

P. Frank, Modern Science and Its Philosophy (Cambridge: 
Harvard University, 1949) 

P. Frank, Philosophy of Science: The Link between Science and 
Philosophy (Englewood Cliffs, N. J.: Prentice-Hall, Inc., 1957) 

G, Holton, Concepts and Theories in Physical Science (Cam- 
bridge: Addison-Wesley Press, 1952) 

D. P. LeGalley and A. Rosen, Space Physics (New York: John 
Wiley and Sons, Ine., 1964) 

C. R. Longwell and R. F. Flint, Introduction to Physical Ge- 
ology (New York: John Wiley and Sons, Inc., 1962) 

H. Shapley et al., Readings in the Physical Sciences (New York: 
Appleton-Century-Crofts, 1948) 

J. F. White, Study of the Earth (Englewood Cliffs, N. J.: Pren- 
tice-Hall, Inc., 1962) 

G. Shortley and D. Williams, Elements of Physics, 2nd ed. 
(Englewood Cliffs, N. J.: Prentice-Hall, Inc., 1955) 

H. E. White, Modern College Physics, 4th ed. (Princeton, 
N. J.: D. Van Nostrand Co., 1962) 

P. Frey, College Chemistry, 2nd ed. (Englewood Cliffs, N. J.: 
Prentice-Hall, Inc., 1958) 

L. Pauling, College Chemistry, 3rd ed. (San Francisco: W. H. 
Freeman & Co., 1964) 

J. N. Friend, Man and the Chemical Elements (New York: 
Charles Scribner's Sons, 1953) 

Leet & Judson, Physical Geology, 2nd ed. (Englewood Cliffs, 
N. J.: Prentice-Hall, Inc., 1958) 
The Journal of Chemical Education and The Scientific Monthly 


are excellent sources of additional references for many of the 
topics introduced in this text. 
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Te essence of physical science is contained in four con- 
cepts: space, mass, time, and energy, They form the 
primary characteristics and intrinsic nature of all natural proc- 
esses, To understand an exploding galaxy, the change of the 
moon's phase, the rise and fall of the tides, the flow of water 
in a stream, the behavior of the tiniest parts inside an atom, 
or, indeed, all physical phenomena, we must become ac- 
quainted with these four basic ideas, 

In physical science our interest is not so much to find 
exact definitions for these terms as it is to grasp their meaning 
in terms of magnitude: How big is a star, how much space is 
there in the solar system, how long ago were the rocks 
formed, how much “stuff” is there in the sun, what keeps the 
earth moving around the sun? In answering these questions, 
which are typical scientific ones, the physical scientist is 
concerned with the measurement of space, mass, time, and 
energy, and many of the fundamental laws and basic princi- 
ples of physical science have been discovered in the process 
of such measurement. 

If scientists are to work together in solving scientific prob- 
lems—and the scientific method permits and encourages the 
pooling of efforts—there must be definite standards of meas- 
urement so that work done in one part of the world can be 
understood and used in other parts of the world. Several 
scientific organizations have been established whose pri- 
mary purpose is to set up convenient and well-defined stand- 
ards of measurement, Among these are the International 
Union of Pure and Applied Chemistry and the International 
Union of Pure and Applied Physics, and in each of the major 
countries there are governmental agencies, such as the Bureau 
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of Standards in the United States, that coordinate the inter- 
national definitions with local practice. In the United States, 
for example, the measurement of length in inches, feet, and 
yards is defined in terms of the internationally defined unit 
of length, the meter. Units of the four basic concepts—space, 

mass, time, and energy—are defined in terms of actual meas- 
urements, and the meter, the gram, the second, and the erg 
each means the same thing in Cario, Egypt as it does in 
Cairo, Illinois. 


2-1 Numerical Abbreviations 


Because the magnitudes of many of the phenomena en- 
countered in physical science are very large or very small 
compared to our ordinary experiences, scientists have devised 
a mathematical shorthand for expressing these large and 
small numbers in terms of powers of ten. Thus, one thousand 
is 106, or ten times ten times ten, or ten multiplied by itself 
three times. One million is ten to the sixth power, or 10°. The 
3 and the 6 in these examples are called exponents. Numbers 
smaller than 1 are designated with a negative exponent: 0.01 
is 10 to the negative 2 power, or 102. One-millionth is 106, 
or 1 divided by ten 6 times, Table 2-1 lists numerical equiv- 
alents of the powers of ten from 10° to 104. 

These numbers may also be read in terms of a shift of the 
decimal point. When the exponent is positive, the decimal 
point is shifted that many places to the right (counting from 


TABLE 2-1 


the 1, not from the 10), but when the exponent is negative 
the decimal point is shifted the same number of places to the 
left of the 1. Thus, 10“ is 1 with enough zeros added to the 
right so that the decimal point can be moved four places to 
the right—that is, 10,000. 


2-2 Length and Distance 


In order to describe the size of an object or the distance 
between two points, we must have a system of measurement 
for length. Man, since ancient times, has used arbitrary units 
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of length such as the hand, the foot, the cubit (the length 
from the elbow to the end of the middle finger), and the fur- 
long. The magnitude of these units is suggested by their re- 
lation to parts of the body or, in the case of the furlong, to 
a certain number of steps or paces. Since these units were 
selected simply because they were convenient and not be- 
cause they were identical with all people, they were not 
standardized in the various countries of the world and there 
was much chaos in trade caused by the use of so many differ- 
ent measuring systems. Consequently, the French Academy 
of Science in 1791 urged that a universal standard be 
adopted. This suggestion resulted in the creation of the 
metric system which today has become the official measure 
in many countries (the United States and Great Britain be- 
ing prominent exceptions, although the inch is defined in 
terms of the meter). The metric system is used by scientists 
all over the world, in measuring the tiniest parts of the atom 
as well as the farthest reaches of the solar system. 

The designers of the metric system originally intended that 
the meter be defined in terms of the earth itself—it was to be 
equal to one ten-millionth of the distance from the equator to 
the pole. Based upon the best surveys of the time, a meter 
was found to be a bit more than a yard (39.37 inches), and 
this length was accordingly marked on a platinum-iridium bar 
that became known as the standard meter. The search for an 
even more precise standard, required by the complexities of 
modern nuclear science and space travel, has led to the 
present definition of the length of a meter: 1,650,763.73 times 
the wave length of the orange-red line in the spectrum of 
krypton-86. This last definition is accurate to within 2 X 10 
meter, several hundred times more accurate than the distance 
between two marks on a metal bar can be measured. Further- 
more, it is a definition based on an unchanging aspect of 
nature that can be reproduced in any properly equipped 
laboratory. 

The metric system, in contrast to the English system, is 
based upon decimals. Like our system of numeration, the 
meter is multiplied or divided into series of tens, so that a 
tenth of a meter is a decimeter, a hundredth of a meter a 
centimeter, and so on. (Compare this to our monetary sys- 
tem in which a hundredth of a dollar is a cent.) For 


TABLE 2-2 
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measuring the shortest and the longest distance in the uni- 
verse, the meter is expanded or divided accordingly. Table 
2-2 gives some of the more common measures that are de- 


rived from the standard meter. 


Since metric units are awkward to apply to distances en- 
countered in astronomical studies, astronomers have devised 
a unit of distance called the light-year, which is the distance 
light travels in one year, or approximately 9,450,000,000,000,- 
000 meters (six million million miles). Thus, it is 4 light- 
years to the nearest star and 32 light-years to the North Star. 

In our study of physical science we will be concerned with 
almost unbelievably small distances—one ten-thousandth of 
an Angstrom unit (A) is the width of the nucleus of an atom 
—and incredibly large distances it is one hundred thousand 
million light-years to the farthest galaxy (Fig. 2-1). In our 
ordinary daily living, we are hardly aware of anything smal- 
ler than a micron (tiny dust particles) nor are we usually 
seriously concerned with things greater than a few meters, or 


Fig. 2-1. The size of objects from the 
smallest (the nucleus of the 
atom—10 12 em) to the larg- 
est (the universe—1027 cm), 
(Redrawn by permission from 
Pauling, General Chemistry, 2nd 
ed. San Francisco: W. H. Free- 
man & Co., 1953) 
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at most a few kilometers, in magnitude. In physical science, 
however, the range of observation and measurement has been 
extended far beyond the limits of visual perception, and in 
order to fully appreciate many basic physical principles, we 
will need to become intimately acquainted with distances that 
lie outside these limits. 


2-3 Area, Volume, and Space 


Once we have a universal unit of measure for length, we 
can then express areas and volumes in universal units, An 
area is the dimension of a surface or a plane, and in mathe- 
matical terms it is the product of its length times its width: 

a=l|Xw 
The area of a typical playing card is 6 cm times 9 cm or 54 
eme. We might express the area of a floor in square meters or 
square feet, the area of a farm in square rods. In all these in- 
stances, the area is a measurement that is stated in terms of 
the square of a unit. 

Volume is the size of an object in space. Or, we might say, 
it is a quantity of space, the mathematical product of three 
dimensions—length, width, and height: 


v=lxXwxh 
The volume of a sphere is obtained by the relationship: 
v = (3.1416) 15 


where 7 is the radius of the sphere. All volume measurements 
are in terms of the cube of a unit. Thus, the volume of a room 
may be, say, a thousand cubic meters. Because of the com- 
mon use of certain volumes, special units such as the gallon 
(231 cubic inches), the pint, the liter, and so on, have been 
invented. In the metric system, the standard unit of volume 
is the liter, which is supposedly equal to a cube that is ten 
centimeters on each edge, or 1000 cubic centimeters. The 
liter was originally intended to be the volume occupied by 
exactly 1000 grams of water at 4°C, assuming that each gram 
of water would occupy one cubic centimeter. But more pre- 
cise measurements revealed that there was a slight error in 
this comparison of weight to volume, so that a liter is now de- 
fined as the volume occupied by 1000 grams of water in spite 
of the fact that its volume is actually 1000.028 cubic centi- 
meters. A liter is slightly larger than a quart (see Table 2-4). 

These three dimensions in what has been called Euclidean 
geometry—after the Greek mathematician Euclid of 300 B. c. 
—not only served to define a volume of space, they are also 
convenient in describing the location of a point or an object 
in space. If we state that an object is 300 meters east of a 
reference point and 400 meters north of the reference point, 
then we know that it is located some 500 meters in a north- 
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easterly direction. But, especially in our air age, we may need 
to know if this point is at the earth's surface or above it, 
Hence, we need a third dimension to ascertain where this 
point is an Euclidean space, If an airplane, for example, were 
flying 150 miles east of Chicago, 200 miles south of Chicago, 
and 4 miles above Chicago, these three measurements locate 
the plane for us, but if any of the dimensions were omitted 
we could not be certain of the plane's position, 

In their measurements of space, scientists have found that 
a man’s volume is large compared to the volume of an atom— 
the diameter of an atom is about 0,00000001 cm—but small 
compared to the size of the earth or the solar system (Fig. 
2-1). Our early concepts of space derived from the observa- 
tions made with powerful telescopes have, in recent years, 
been extended by the photographs and other data obtained 
from spacecraft. The earth is indeed surrounded by a vast 
space, and it is but a small particle in the solar system, The 
solar system, in turn, is only a speck in our galaxy, and our 
galaxy, though its diameter is 100,000 light-years, is only one 
of many in the universe. 


2-4 Mass and Weight 


If someone tosses a rubber ball to you, it strikes your hand 
with a certain force or impact, But if an iron ball of the same 
size is tossed to you at the same speed, it strikes your hand 
much harder, The difference in their impact is caused by 
their difference in mass. Even though the rubber ball occupies 
as much space as the iron ball, the iron ball has more mass 
because it exerts a greater force on your hand. 

Mass can be measured in several ways. On the surface of 
the earth, we can easily measure the mass of an object by 
seeing how far it stretches a spring or by balancing it against 
a known mass on a balance. If one object stretches the spring 
twice as much as another, we say that the first object has 
twice the mass of the second one, What we are actually meas- 
uring here is the pull of gravity on the objects, and this pull 
we call the weight. If we took the same objects out into space, 
however, where there is almost no gravity, their masses would 
be the same as they are on the earth, but they would have 
practically no weight, Weight, then, is the pull of the earth's 
gravity or that of another celestial body on a mass, and this 
may change, while the mass of the object itself is unaffected 
by its position in the universe. 

Another method of measuring mass involves the impact or 
force that is associated with the movement of the mass, This 
method permits us to measure the mass of an object any- 
where in the universe. For instance, the difference in the 
impacts of the rubber ball and the iron ball would be notice- 
able regardless of where this experiment is performed, be- 
cause the masses of the rubber ball and the iron ball are not 
affected by their position in the universe. 
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TABLE 2-4 


2-7 Density 


All of us are acquainted with the relative heaviness of com- 
mon substances. For instance, we know that lead is heavier 
than iron, that iron is heavier than aluminum, and that 
aluminum is heavier than magnesium. For this reason we 
build airplanes of aluminum and magnesium; our automo- 
biles can be made of iron and steel because other factors, 
such as cost, rule out the use of the more expensive lighter 
metals. If we want an object such as a paperweight to be 
especially heavy, we fill it with a material such as lead. 

In scientific work, we need a quantitative means of express- 
ing the heaviness of various substances. This is accom- 
plished by comparing the mass of an object to the volume of 
space it occupies, This ratio is called density. For practical 
purposes, the most convenient measure of the mass of an 
object is its weight, particularly for observations and measure- 
ments conducted on the earth’s surface. Thus the working 
definition of density is: 


Density = Weight divided by Volume 
or: Gas 
v 


For example, if 100 pounds of sand occupy 2 cubic feet, then 
the density of it is 100 pounds divided by 2 cubic feet, or 50 
pounds per cubic foot. This equation is valid no matter what 
material is measured; the density of a boulder is calculated in 
the same way as the density of air. 
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In metric units, 50 grams of water occupy 50 cubic centi- 
meters. The density of water, therefore, is 50 g divided by 50 
cm" or 1 g per cm?; in the English system, its density is 62.4 
Ib/cu ft. The density of iron is 7.6 g per cm”, while the dens- 
ity of mercury is 13.6 g per cm”, Gold has a density of over 
19 g per cm", Note that all these density expressions are in 
terms of weight or mass per unit volume. 

The densities of different substances may be compared to 
each other by assigning to each substance a number that rep- 
resents how many times heavier or lighter it is than an equal 
volume of water. This number is the specific gravity of the 
substance. To calculate the specific gravity of say, mercury, 
we use the following equation: 


specific gravity _ eee of mercury 
of mercury ty of water 


13.6 g/cm" _ 13.6 
="Te/emt =" 


Note that when the density of one substance is divided by 
the density of another, the weight and volume units cancel 
out and the specific gravity is merely a number without units. 
If the specific gravity of a substance is less than one, it is 
less dense than water and so will float in water. The specific 
gravity of redwood is 0.34 to 0.41, that of certain rocks 2.5 
to 4.0, and of cork 0.24, 


2-8 Time 


In addition to the three dimensions of Euclidean space, we 
must now add a fourth dimension—time. With the general ac- 
ceptance and successful experimental proof of Einstein's 
theory of relativity, time is now considered as a dimension 
that is required along with length, width, and height in 
describing an event in physical science. With these four di- 
mensions, the position or movement of any object can be accu- 
rately described. Even in our ordinary experience, we use the 
time dimension in describing events, For instance, a football 
game is scheduled to take place not only at a certain point in 
Euclidean space but at a certain time, 

As human beings, we can alter the location of an event, 
but there is nothing we can do about the time dimension, If 
we schedule a football game on Saturday at 2 p.m. we shall 
have to wait until that time arrives. And once the event has 
passed, there is no way we can re-create that particular time. 
We can have a football game at the same Euclidean dimen- 
sions, but never at the same time again. This leads us to con- 
clude that time and space are two distinctly separate 
concepts; attempts to show that they are interchangeable 
have failed. Even though we may be inclined to kick someone 
into the middle of next week, it is a physical impossibility. 

The true meaning of time is difficult to define. At the least, 

is an interval of duration, but when we ex- 
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amine the term “duration” we leave the realm of science. 
We know that time always moves in one direction—forward. 
In our minds or dreams we may go backward in time, but 
in physical reality the succession of events is always forward. 
Time may seem to pass more quickly on some occasions than 
on others, but there is no evidence that time moves at any 
other than a constant rate. In other words, we assume that 
time moves forward uniformly and relentlessly, and the most 
we can do is observe and measure it. 

There is always an interval between the occurrence of an 
event and our awareness of it. Light from the moon, for in- 
stance, takes over a second to reach us; explosions on the sun 
occur eight minutes before we actually see them. When we 
see the sun set in the west, the sun has actually passed below 
the horizon eight minutes before, If the light emitted from the 
star Arcturus should suddenly cease, we would not know it 
until 40 years later. 

An interesting correlation between time and space is used 
in the finding of longitude in navigation. A reference line 
circling the globe through the two poles, called a meridian, is 
established that runs north and south through Greenwich, 
England. At twelve o'clock noon, Greenwich civil time, the 
sun is directly overhead along this meridian. If we move 
eastward, the sun will be at its zenith earlier than 12 noon 
Greenwich time (or, moving westward, the sun will be at its 
zenith later than 12 noon, Greenwich time), and we would 
be eastward of Greenwich a distance comparable to the 
earlier time that noon arrives. Since the earth rotates once 
each 24 hours, we would be east of Greenwich one twenty- 
fourth of the distance around the earth if noon came one hour 
earlier than it does at Greenwich. At the equator, our hour is 
equal to about 1020 miles. 

Once the meridian is established, all we need is an accurate 
clock, set to Greenwich time, that we can carry with us on 
our travels, At exactly noon by the sun, we note the time and 
determine our distance east or west of the Greenwich merid- 
ian by the time difference between our noon and the noon of 
the clock, Greenwich time is broadcast by radio and enables 
us to find our longitude position any place in the world within 
one quarter of a mile. 


2-9 Time from the Sun and Stars 


One of the characteristics of time that is of chief interest 
to the scientist is its measurement. You might think of sev- 
eral possible timekeepers that could be used for this purpose: 
the ticking of a clock, the beating of a heart, the vibration of 
atoms in a crystal. An ideal time-measuring device, however, 

must have two characteristics: it should be unchanging and 
it should be readily available and convenient to use. Man- 
made clocks are operated by mechanisms that run down or 
wear out and are, therefore, not ideal timekeepers. The 
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heart is untrustworthy because its pulsations vary according 
to a person’s degree of activity and excitement. Since the vi- 
brations of the atoms in a crystal vary with temperature 
changes and since there are considerable electrical and 
mechanical problems involved in counting the intervals of 
their vibrations, the atoms do not make an ideal timekeeper. 
The nearest thing we have to a perfect timekeeper is the ap- 
parent movement of the sun and the stars as the earth rotates 
on its axis, and this movement is easily observed. 

In order to communicate with each other about experi- 
ments involving time, scientists have agreed on the second as 
a reference for accurately describing an interval of time. The 
second is defined as a fraction, 1/31,556,925.9747, of the 
tropical year 1900. The tropical year is the period of time be- 
tween successively similar solstices (high point of the noon 
sun in summer or low point of the noon sun in winter) or 
the interval between similar equinox (equal length of night 
and day in either the spring or autumn). The sidereal year, 
on the other hand, is the period during which the sun returns 
to the same position in the sky relative to the stars, and this 
is about 20 minutes shorter than the tropical year. The length 
of the tropical year 1900 is arbitrarily selected as the refer- 
ence year because these intervals, including the interval of 
the daily rotation of the earth, are either becoming longer or 
are subject to variations which we will examine shortly. 

Because it is quite a long time to wait from one year to the 
next to check our clocks with the tropical year, it is convenient 
for our professional clock watchers to check the daily rotation 
of the earth by sighting the stars. The stars do not have to 
be checked every night; mechanical clocks governed by the 
vibrations of a quartz crystal can keep time accurately within 
0.02 seconds per year. Should the clock run ahead or behind 
the stars, the necessary correction can be made. These ob- 
servations are made in this country at the United States Naval 
Observatory, and these data and those from about twenty 
other observatories scattered throughout the world are col- 
lected at Paris and then broadcast by radio to all parts-of the 
world, 

You might ask why we need such accurate measurements of 
time—in our daily life we usually have at least a few minutes 
leeway at most occasions. The answer is that the astron- 
omer in his study of the stars often needs an accuracy of one- 
thousandth of a second, Great precision is also required in 
the navigation of ships and planes, in the field of communica- 
tions, and in space science. Furthermore, scientists often 
pursue the measurement of a physical phenomenon with ut- 
most accuracy merely for the sake of achieving the accuracy. 
In this search for greater and greater accuracy, scientists oc- 
casionally discover a significant relationship that would other- 
wise have escaped detection. 

Accurate measurement of time reveals that the earth is 
slowing down in its rate of rotation, not to an alarming extent, 
however, since it amounts to only about 0.001 second per 
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century. The major for this slowdown is believed 
to be the braking action of the tides on the spinning earth 
(see Chapter 5). As the carth turns on its axis, the moon 
attracts the water in the oceans and causes it to lag behind 


a vertical tidal action caused by the gravitational force of the 
sun upon the earth's atmosphere. This daily up-and-down 
effect, coupled with the moon's gravitational force, may have 
an advancing or retarding effect upon the rotation of the 
earth's atmosphere, which in turn would affect the rate of 
rotation of the earth upon its axis, 


2-10 Time from the Rocks 


The face of the carth presents evidence of great changes 
that have occurred slowly over extended periods of time. In- 
dications of these long timespans involved in the earth's his- 
tory can be read in the rocks of the earth's crust. Rocks are 
known to be formed by sedimentation, a process consisting 
of the building up of layer upon layer of sand, silt, clay, and 
other sedimentary materials, By studying these strata, geolo- 


It is assumed that the layers of sedimentary rock are formed 
in a horizontal position and that the top layers were formed 
after the bottom layers. Earthquakes, upheavals, and deep 
erosions such as the Grand Canyon in Arizona have exposed 
layers of rock that to the geologist are as revealing as the 
rings of a tree. Thus, in Fig. 2-2, the sedimentary rocks at a 
were formed after those at b. At c the rock strata are inclined, 
indicating that they were displaced or tilted after they were 
originally formed and then eroded down to a flat plain, They 
must have been tilted after they were formed, because sedi- 
mentary rocks are always formed in a horizontal position. 
The events probably occurred in the following order: 


L Formation of the rocks at c. 

2 Displacement of the rocks at c by tilting. 
3. Erosion or removal of part of the rocks at c. 
4. Deposition of the rocks at b. 

5. Deponition of the rocks at a. 


By estimating the amount of time that has elapsed between 
these events, in somewhat the same way as we assume that a 


Pig. 22. The sequence of events in a 
rock formation. 
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alter the rate of change by applying heat, pressure, eboctricity, 
and powerful chemical: but have sever mccended Hence we 
can smume that the same rate of radioactive change has per- 
sisted from the time a particular rock layer war formed. 
When uranium undergoes radioactive decay, almost all of 
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This method, called the radionctive clock, is our most reliabbe 
means of meavuring geologic time and was used to calewlate 
mont of the ages of the periods of time in Table 2-5. 
Geologists divide the ancient part into eras, which are 
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separated by major changes in the earth’s crust. The Paleo- 
zoic era marks the beginning of the formation of large land- 
masses well above sea level—a time when the processes that 
laid down the oldest rocks (Precambrian) ceased. The Meso- 
zoic era begins with the upheavals associated with the forma- 
tion of the Appalachian Mountains in the eastern United 
States. The mighty upthrusts of the Rocky Mountains in the 
western United States mark the start of the Cenozoic era. 
Within each era are subdivisions of time called periods, 
which are usually associated with the appearance of certain 
plant or animal forms. For example, in the Devonian period 
fishes first appeared. Reptiles appeared in the Jurassic period, 
and mammals made their entrance upon the earth during the 
Quaternary period. Not only do these periods overlap each 
other considerably, but many of the plants and animals that 
first appeared in one period persist in later periods, and many 
are still living today. The rock record is in agreement with 
all these periods and eras. 

Other scientific analyses also lead us into the past. Sedi- 
ments such as the red clays found on the floor of the deepest 
parts of the ocean supposedly increase in depth at the rate 
of about one millimeter every thousand years. Thus, measur- 
ing the thickness of these sediments gives us the approximate 
age of the ocean floor at that particular place. 

The ocean itself gives us a clue to its age through its salt 
content. About 10° tons of sodium in the form of soluble 
salts are added to the ocean each year by the rivers that flow 
into it. Since there are 1016 tons of sodium now in the ocean 
—enough to cover the whole earth to a depth of 112 feet— 
we can estimate the age of the ocean as: 


10" tons of sodium in the oceans 
10° tons of sodium added per year 


= 10° years 


This figure, however, is probably much too small, since we 
cannot assume that the rivers have always added salt at the 
same rate as it is being added now and we are not sure that 
all the sodium that entered the ocean is still there. As in any 
scientific analysis, we must be certain that all variables are 
known; otherwise our result is unreliable. 


2-11 Time and Man 


Table 2-5 shows that man has existed for about two million 
years—only a moment in the geological timetable. Lower 
forms of mammals have existed at least two hundred million 
years, and the oldest rocks on the face of the earth are at 
least a thousand times older than man. The earliest man that 
is generally recognized as a member of the human family is 
the “Ape Man of Java.” Fossils have been found that date this 
man about the middle of the Pleistocene time—possibly half 
a million years ago. We undoubtedly had earlier ancestors, 
but there is a lack of agreement among scientists as to which 
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branch of our family tree accounts for the lineage from which 
the human race has emerged. The appearance of man more 
or less as we know him—in height, size, weight, and so 
forth—took place, many authorities believe, as recently as 
thirty thousand years ago, This prototype of modern man is 
the Cro-Magnon man who dwelt in caves in what is now 
France, 

Since man’s entrance upon the earth’s stage came during 
the last period of the most recent era, we are in a sense new- 
comers on this earth of ours; the rocks, plants, and animals 
that live on the land and in the sea are relatively oldtimers. 
As a human race, we have just made our entrance into the 
history of the earth after a long prelude of billions of years. 
On the other hand, we occupy somewhat of a middle posi- 
tion in size and mass between the galaxies and the atoms. 
The question of why man is in the middle of the size range 
but at the most recent part of the time scale is beyond the 
present knowledge of science. Science has, however, been 
able to show that the time and space dimensions of the phy- 
sical world are enormously larger and perplexingly smaller 
than what our direct senses tell us. These extended concepts 
of time and space show that modern man occupies a humble 
place indeed in the world of galaxies, atoms, Paleozoic sea 
scorpions, and Mesozoic dinosaurs. 


2-12 What is Energy? 


Energy is another term that defies precise definition, al- 
though we use it frequently in our everyday language: cer- 
tain breakfast foods are advertised as being rich in “energy,” 
our favorite brand of gasoline is full of “energy,” a star ath- 
lete pursues his goal “energetically,” it takes “energy” to climb 
a mountain, we must now learn how to harness atomic 
“energy,” and so on. 

Several types of energy are of fundamental interest to the 
scientist. The energy of moving bodies is called kinetic en- 
ergy, while the energy an object possesses because of its po- 
sition (a rock at the top of a hill, for example, has more 
energy than it does lying at the bottom of the hill) or its 
state (such as a stretched rubber band or a stick of dyna- 
mite) is potential energy. A householder buys a certain 
amount of electrical energy when he pays his monthly elec- 
tric bill. The energy utilized in the burning of oil in a furnace 
or of foods in our body is heat energy. Light and sound are 
examples of energy associated with wave motion. We will 
examine these types of energy in detail in subsequent chap- 
ters, 

The scientist measures energy by examining the effect it 
produces—that is, he measures the ability of the energy to 
do work. Work, in science, is not used as loosely as it is in 
common parlance where we may “work” in supporting a 
weight, “work” on our books, or “work” to get ahead. In 
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scientific use, work is defined as force multiplied by the dis- 
tance through which the force operates, or work = force X 
distance. 

This introduces a new term, force (to be discussed at 
length in a later chapter), which for the present you may 
think of as a push or a pull that can change the position or 
motion of an object. Force may be measured or expressed in 
several kinds of units. The smallest unit of force is the dyne, 
which if applied to a gram mass at rest will move it half a 
centimeter during the first second. This is about the same 
amount of force expended when we blink an eye. Since the 
work performed when we blink an eye is the force times the 
distance, work units may be expressed as dyne centimeters, 
or ergs. Thus, the work performed in blinking an eye is about 
one erg. 

To return to our four basic concepts, if we launched a 
rocket ship to the moon it would consist of a certain mass 
(quantity of matter) moving through space (distance) dur- 
ing a period of time (an interval) and possessing a certain 
amount of energy (ability to do work). As far as the rocket 
ship itself is concerned, these four concepts—mass, space, 
time, and energy—just about give us a total picture of its 
physical existence, and that is why these terms are funda- 
mental to physical science. As you proceed in the study of 
this science, you will encounter these words almost at every 
turn, Whether in the grand manner of space travel or in the 
blink of an eye, an understanding of these terms will give 
you a firm basis upon which to begin your study of physical 
science. As soon as you become acquainted with their mean- 
ing, you will start to feel at home in this field. 


2-13 Summary 


An understanding of the measurement of space, mass, time, 
and energy are essential in studying physical science. 

The arbitrary unit of length used in the metric system is 
the meter. With this unit, distance, area, and volume can be 
described. The unit mass, the gram, is equivalent to one cubic 
centimeter of water at 4°C, and the unit volume, the liter, is 
the volume of a kilogram of water. 

Mass is a measure of the quantity of matter in an object, 
while weight is the force of gravity acting upon the object. 

Extremely large and small quantities can be expressed in 
terms of exponential powers of ten. For very large and very 
small distances, scientists employ special units such as the 
light-year and the Angstrom unit. 

Density is mass per unit volume. Specific gravity is the 
ratio of the density of a substance compared to the density 
of a standard, usually water. 

Time is an interval of duration, the standard unit for which 
is the solar second. The second is most accurately determined 
by observing the apparent motion of the sun and stars. 
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The geological timetable is divided into periods and eras. 
The periods represent times of major mountain formations, 
and the eras mark the appearance of certain animal and 
plant forms. The most accurate geological timekeeper that 
we have is the radioactive clock. 

Energy is the capacity for performing work, and work is 
force times distance. 


EXERCISES 


A. KEY TERMS TO REMEMBER 


area light-year specific gravity 
density liter time 
energy longitude tropical year 
era (in geological mass unit 

time) meter volume 
exponent period (in geological weight 
force time) work 
gram sidereal year 


B. QUESTIONS ABOUT SPACE, MASS, TIME, AND ENERGY 


1. On the basis of your present knowledge write definitions of 
space, mass, time, and energy. After you have studied the next 
few chapters, examine your definitions and analyze them for ac- 
curacy. 

2. If a particular sediment of red clay on the ocean floor is 200 
meters thick, in what geological era did the deposit probably 
begin to form? 


3. Of the methods used to determine the age of the earth's 
rocks, which one is probably the most accurate? 


4. Which of the following are examples of work; which are 
force? 


a, holding a book d. a falling stone 
b. throwing a ball e. pressing a book against a desk 
c. blinking an eye f. coasting downhill 


5. Which of the two, the solar day or the sidereal day, can be 
measured more precisely? Explain your answer. 


6. Taking either side of the issue, draw up a list of arguments 
on the proposition: The United States Congress should enact leg- 
islation that requires the use of the metric system of weights and 
measures in all business and commercial transactions, both do- 
mestic and foreign. 


7. Even though an analytical balance would not work out in 
space beyond the earth’s gravity, explain why the balance meas- 
ures mass and not weight. 


C. PROBLEMS ABOUT SPACE, MASS, TIME, AND ENERGY 


1. The wave length of blue light is 4800 A. Express this in 
centimeters. 
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2, Assuming that our galaxy is a sphere, calculate its volume 
in cubic light-years. Ans. 5.2 x 10 cubic light-years. 


3. It is presumed that there is at least one molecule of hydrogen 
in every cubic centimeter of space in the universe. Disre- 
garding the planets, moons, and the sun, find how many mole- 
cules of hydrogen there are in a sphere of space that would hold 
the solar system. The radius of the solar system is 6 billion kil- 
ometers, 


4, Give the sum of the following quantities in grams: 12 g, 
1,025 kg, 350 mg, and 6000 micrograms. Ans. 1,037,356 g. 


5. What is the sum of the following numbers: 6 x 102, 3.5 
X 1073, 625, 6 & 100? 


6, Calculate the density of a block of wood, weighing 30 kilo- 
grams, that is 20 em wide, 10 em thick, and 2 meters long. What 
is its specific gravity? 


7. If you wished to build a raft of redwood (sp. gr. = 0.35), 
what volume of wood is required to support a load of 100 kg in 
addition to the weight of the wood itself? Use only enough wood 
barely to float the raft and to keep the load above the water. 


8. If you are aboard a ship at the equator and noon occurs at 
10:00 p.m. Greenwich civil time, where would you be? What 
would your position be if noon occurred at 6:00 a.m. GCT? 


9. Columbus, though navigating mostly by dead reckoning, was 
able to estimate his latitude position, but lacked the means of 
estimating longitude position. What type of invention was needed 
to make possible the estimation of longitude? 


10. How many cubic picometers are in one cubic terrameter? 


11, If a rock of density 3.0 g/cm* is tossed overboard from a 
rowboat, would the level of the lake rise, fall, or remain un- 
changed? 


12. Try to find a rock formation, such as in a road cut, river- 
bank, or excavation, that shows evidence of sequential sedimenta- 
tion, What kind of additional information would you need in 
order to assign an actual time or period of deposition to a single 
rock formation? 
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Three 


Ww’ does a swinging pendulum mark off equal time inter- 
vals? Why does a ball thrown upward gradually slow 
down, stop, and fall back to earth? What holds the earth to- 
gether, and what keeps the earth in its orbit around the sun 
year after year? The answers to these questions, which were 
sought for centuries from the time of the Greek philosophers 
until the seventeenth century when Newton found the solu- 
tion to them, stem from one simple fact: between two masses 
there is a force that tends to pull them together. This force 
of attraction, called gravity, was first identified and described 
by Galileo Galilei, an Italian who lived from 1564 to 1642. 
Others had explored the idea of gravity, but it was chiefly 
the brilliant thinking and experimenting of Galileo that 
laid the foundation for the modern science of mechanics. 

Although the exact nature of gravity has never been ex- 
plained, we know many of its characteristics. Gravity is a 
force and, as we have already seen, a force is capable of 
causing an object to move. The resulting movement of an ob- 
ject involves the concepts of speed and velocity, and when 
the speed or velocity of an object is changed, we say the ob- 
ject is accelerated. Hence, gravity may affect the speed, 
velocity, and acceleration of an object. It is gravity that 
keeps a pendulum swinging to and fro, and it is gravity 
that accounts for the shape as well as the compactness of the 
earth. Gravity holds the earth in its orbit about the sun, and 
gravity is the force that arrests the upward movement of a 
ball when it is thrown into the air. 

Before we consider gravity, we need to become acquainted 
with the simpler terms— speed, velocity, and acceleration. 
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3-1 Speed and Velocity 


Speed and velocity are often used synonymously, but, for 
our purpose, we must distinguish between them. Speed 
simply describes how fast an object is moving, while velocity 
describes both how fast and in what direction it is moving. 
For example, we say correctly that a car has a speed of 50 
miles per hour, but to speak of its velocity we must say that 
it is going east (or some direction) at 50 mi/hr. If the car is 
going in a straight line, the speed and the magnitude of the 
velocity are the same. If, however, the auto were to go around 
in a circle at an even 50 mi/hr, its speed would be constant, 
but because its direction is always changing, its velocity 
would also be continually changing. 

To measure the speed of a car, we must determine its lo- 
cation at successive intervals, Suppose we place observers at 
one-mile intervals along a highway to note the time when the 
car passes each checkpoint and then collect the information 
from each observer and record it in a table. 


TABLE 3-1 


The table reveals that the car traveled at a uniform speed, 
since it went the same distance (1 mile) during each 3-minute 
period. Before we can use this information effectively, how- 
ever, we must put it into mathematical language, in the form 
of either a graph or an equation. 

In a graph, such as Fig. 3-1, we can plot the two variables 
involved, which here are distance and time. To do this, we 
first make some assumptions; in this case, that the car’s mass, 
the model, its driver, and all other factors present in this ex- 
periment except time and distance do not affect the velocity 
of the car. Next we may make the graph, Fig. 3-1, by plotting 
the two variables of time and distance. 

To find a suitable mathematical equation to describe the 
car's motion, we must find the mathematical relationship that 
exists between the two variables. Probably the simplest re- 
lationship in mathematics is “direct proportion.” Are the 
distance and the time directly proportional to each other? In 
other words, does the distance increase at a constant rate as 
the time increases? If so, we can say that 


sat 
where s represents distance, t represents time, and the symbol 
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Fig. 3-1. A graphical summary of the 
data in Table 3-1. 
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œ means “is proportional to.” On a graph this relationship, 
as we saw in Fig, 3-1, is plotted as a straight line sloping up- 
ward to the right. 

In order to use the actual numbers observed in our experi- 
ment, we must express the relationship as an equation. To 
change sæt to an equation, we insert a fixed number, or a 
constant, that will equalize the two sides of the equation. If 
we let c be this “constant of proportionality,” then 


S C N 
Substituting the data from our experiment in this equation, 
we have: 
lmi = c X 0.05 hr 
2mi =c X 0.10 hr 
and so on down the table. Solving one of these equations for 
the value of c, we get: 
_ 2mi 20 mi = 99m! 
ö ee Lhe 
If we solve the other equations, we find that c has the same 
value in all of them. Substituting this value for c in the gen- 
eral equation gives: 
mi 
hr xt 
Since e is a distance divided by a unit of time, it is defined 
as a quantity of speed or velocity. Our equation can now be 
better written as: 


s= 20 


(3.1) 


=> 


s=vt or v= 


where v represents velocity or speed. The equation shows 
that, when the velocity is a constant, the distance traveled 
equals the velocity times the elapsed time. Note that this 
equation is limited; the velocity must be a constant. 

Now that we know the equation which relates distance, 
velocity, and time, we can calculate any one of these factors 
if we know the other two. For example, suppose the car had 
continued at the same uniform rate for 15 minutes (0.25 hr), 
how far would it go in that time? 


mi 
EALEN 2 
s= vt = 20 hr X 0.25 hr 


s = 5 miles 


Would the graph show the same result? 

It might be interesting to see how far a car goes in feet 
each second while it is traveling at 60 mi/hr. We will per- 
form a series of multiplications by the pure number 1. This 
will not affect the truth of our equation so that we will always 
have a true equality. Note that we can write 

5280 ft lhr 


ma 1 and 60 min ~ Tete: 


5,280 ft = 1 mi in the form 
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s0: 
60 miles 60 mi I hi. Imin 5280 fl 88 ft 
hour Ihr 60 min 60sec lmi ~ lsec 


In other words, at 60 mi/hr, you are traveling 88 feet each 
second, Whenever you must convert from one set of units to 
another, it can be done in this same way. 


3-2 Scalars and Vectors 


In addition to graphs and equations, scientists also use 
vectors and scalars to record their data. A vector is a quantity 
having both magnitude and direction and may be represented 
by an arrow, As an example, vector A is twice as great as 
vector B, although they have the same direction: 


A 
— Een 


It is convenient to use vectors when we deal with quantities 
that cannot be adequately expressed by numbers alone. In 
contrast to a vector, a scalar is a quantity that can be com- 
pletely described by just a number. 

Speed, for instance, is a scalar quantity. Velocity, on the 
other hand, must be a vector since it has both direction and 
magnitude. Thus, we use vectors in working with velocities. 
To add scalars is a simple matter: 3 gallons plus 4 gallons 
equals 7 gallons, But adding vectors requires a special treat- 
ment, In order to find the resulting velocity of an object mov- 
ing at the rate of 40 mi/hr east and 30 mi/hr north, we add 
vectors C and D, with C representing the first velocity and D 
the second, 


East 
2 40 mi per hr 


North 
30 mi per hr 


Q 


Vectors are added by placing them head to tail successively 
and then drawing a new vector from the tail of the first one 
to the head of the last one. 


` 
yw 
Le 


E 


Thus, the resultant velocity, E, is 50 mi/hr in a northeasterly 
direction. The magnitude of E is determined by measuring 
its length in the same units as were used to construct vectors 
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C and D. Or, if the angles between the given vectors are 
known, the value of E can be calculated geometrically, Here, 
of course, E is the hypotenuse of the right triangle formed by 
C and D. Vectors, as we shall soon see, are also used in work» 
ing with acceleration and force. 


3-3 Acceleration 


Acceleration is a scientific concept that has crept into our 
everyday language. An automobile has an accelerator, a pedal 
that causes more fuel to flow into the engine and thereby 
produces an increase in the speed of the car. (In the same 
sense, the brakes might be called decelerators.) In our mod- 
ern age, we experience acceleration often in our daily travel, 
When an automobile starts out, especially if it is being driven 
by a young man with an urgent mission, there is a noticeable 
thrust and we feel the back of the seat push us forward: our 
rate of change of velocity is acceleration. Again, as we sit in 
the seat of a plane about to take off we may feel a tremendous 
force from the seat on our backs as the plane is accelerated 
from a standing position to a speed of hundreds of miles per 
hour in only a fraction of a minute, 

Acceleration may be observed in other places, The water 
that tumbles over the brink of a high waterfall seems to start 
out slowly, then gain more and more speed and finally de- 
scend so rapidly that it perhaps bursts into mist, A stone 
dropped from a cliff or high building starts out slowly and 
gradually gains more 
from the top of the Washington Monument 
so great a speed that only the most daring baseball 
will hazard to catch it, In these examples, it is the 
gravity that causes the acceleration of the 

Acceleration is the rate of change of the 
as it travels during a unit of time, When a car 
it has positive acceleration; when it slows down 
tive acceleration, or deceleration. And even when 
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An cs 10 sec 


Yo = 20 mi per hr v =50 mi per hr 


Se 


Fig. 3.2. The acceleration of a car. a 


To illustrate this concept, suppose a car speeds up between 
points a and h in Fig. 3-2, At a the velocity, vo, is 20 mi/hr. 
After a uniform acceleration for 10 seconds, the car is travel- 
ing 50 mi/hr. Note the vectors for vo and v. The car under- 
went a change in velocity of 30 mi/hr during 10 seconds. 
Using Equation 3.2, we find that its acceleration was: 


50 mi/hr — 20 mi/hr 

„ D 

As we saw in the discussion of speed, when any two of 

three variables are known, the third can be calculated. The 

same holds true here. If we know the original velocity and 

the rate of acceleration, we can, by rearranging Equation 

3.2, find the final velocity, Multiply both sides of the equation 
by t and cancel the two fs on the right side: 


= 3 mi/hr/sec 


(v — vo)t 


at = z 


at =v vo 
Transposing vo to the other side of the equation, we get: 
v= vo + at (3.3) 
Thus, if an object with an initial velocity of 100 ft/sec is ac- 
celerated 10 ft/sec? (10 ft/sec/sec) for 5 seconds, its final 
velocity is: 


He ft 


= — ft EG 
= 888 i sec? 


= 150 


see = 100 K. . 50 2 
sec sec sec 


The product a X t can be added to vo because they are in 
terms of the same units—feet divided by seconds. 

Both Equations 3.2 and 3.3 give us exact relationships be- 
tween acceleration, velocity, and time. Equation 3.2 tells us 
that the acceleration is directly proportional to the change in 
velocity and inversely proportional to the time during which 
the change in velocity occurs. Let us consider the accelera- 
tion of a racing car that is traveling 100 mi/hr. Suppose that 
during a minute's time the racer increases his velocity to 180 
mi/hr. The change in velocity is 180 — 100 or 80 mi/hr and, 
since the change is accomplished in one minute, he has accel- 
erated 80 mi/hr/min. In contrast to the racer, a passenger 
train requires a much greater time to change its velocity, so 
its acceleration is not nearly as great. Certain animals and 
birds are capable of changing their velocity quickly and thus 
have a great capacity to accelerate rapidly. When a golf ball 
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is struck at the tee, the change in velocity is great and occurs 
in a minute portion of time. This is indeed rapid acceleration. 

Equation 3.3 may be applied to several common experi- 
ences. This equation tells us that the final velocity of an ob- 
ject is determined by two factors—its original velocity and 
the change caused by an acceleration. Unless an object is 
accelerated, it continues to move at a constant velocity, and 
if it is continually accelerated, its velocity continues to 
change. A rocket shot into the air continues to gain velocity 
as long as there is an accelerating force, but once its fuel is 
used up, the rocket’s velocity change is due to gravitational 
forces and air friction. Actually, because of these opposing 
forces, the rocket will be gradually slowed down, or decel- 
erated. It may eventually go to such a great distance from 
the earth that the gravitational attraction from the sun (or 
Venus) is greater than that from the earth and its velocity 
will again be increased. If we knew the values of the acceler- 
ation and the time for the rocket's flight, we could calculate 
its velocity at any time during its flight. 

Going back to Equation 3.1, note that it is valid even when 
the moving object has been accelerated. To apply this equa- 
tion to an accelerated object, however, we must find the 
average velocity during the time of acceleration. In Fig. 3-2, 
the average velocity, B, assuming that the acceleration was 
uniform, is: 


I=? i 2 50 mi/hr 5 20 mi/hr = 35 mi/hr 
Substituting F for v in Equation 3.1, we get: 
s=0Xt 
ptt, (34) 


Although Equations 3.2 and 3.4 are sufficient to solve 
problems of uniformly accelerated motion, it will be conven- 
ient to derive another equation by algebraic manipulation. 
Solving Equation 3.4 for v gives us: 


2s 


U = vo (3.5) 
t 
Equations 3.3 and 3.5 can now be set equal to each other: 
2s 
v= % Kat = — 0 


or: 
2 
20 + at = = 
Multiplying both sides of the last equation by /, we have: 
s = vot + Yat? (3.6) 


Although Equation 3.6 may look far removed from reality, 
it has been derived mathematically from simpler equations 
that were obtained from direct experiment. Furthermore, 
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this equation may be verified by new experiments, proving 
that the mathematics that were used did not lead us to any 
false conclusions. Even though mathematical equations may 
at first appear meaningless, they are useful notations or sym- 
bols that say precisely what we mean. For instance, this 
equation says that the distance traveled by an object is the 
sum of two factors—its velocity times the time, and half its 
acceleration times the square of the time it was accelerated. 
Or we could say that the distance traveled by anything be- 
ing accelerated uniformly is the sum of two distances: (1) 
the distance that it would go at the initial velocity if it con- 
tinued at this uniform velocity for the full time interval, and 
(2) the distance that it went solely because it was being ac- 
celerated during all of this time. We could avoid using equa- 
tions if we were willing to describe all these relationships in 
words, but this would require much more space, and it 
would certainly lead to misunderstandings. 

Once the meaning of the symbols and notations is under- 
stood, there can be no doubt about what we wish to say, If 
agreements between individuals and between nations could 
be written in the form of mathematical equations, there 
would undoubtedly be fewer disagreements and misunder- 
standings, but, unfortunately, many of the factors in these 
matters cannot be expressed in such simple, well-defined 
terms as those that we have encountered above. 

Our interest in deriving Equation 3.6 is merely to arrange 
old information in a way that will help us understand our 
next experiment. 


3-4 The Inclined Plane 


Let us test Equation 3.6 by a simple experiment in which 
we roll a ball down an inclined plane (Fig. 3-3). As the ball 
accelerates, we measure the distance it travels during each 
second, In the first two columns of Table 3-2 we list the time 
and the distance the ball rolls. Since the ball starts from a 
dead stop, vo = 0. Using this value in Equation 3.6, we get: 


s= Yat? (3.7) 


OO © 


0 1 sec 2 sec 
0 


Fig. 3-3. The behavior of a ball rolling 
down an inclined plane. 
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TABLE 3-2 


With this equation we can calculate the acceleration in the 
third column of Table 3-2. Note that the acceleration of the 
ball is uniform throughout the time it rolls down the slope. 
In the fourth column, using Equation 3.3, we can record the 
velocity of the ball, 

In Fig. 3-4 let us plot the distance traveled by the ball as 
a function of the time taken to go this distance. When we 
join the points for which we have collected data, we have 
the choice of using a series of straight lines or a single smooth 
curve. We choose the smooth curve since the ball seemed to 
move with a uniform acceleration. (You will find that science 
is full of assumptions, but scientists try to be certain of what 
each assumption is and to take them carefully into account 
when they draw conclusions.) We know from the graph that 
the relationship between distance and time in this experi- 
ment is not a direct proportion because its graph is not a 
straight line. If we draw a line tangent to the curve at the 
2-second point, we can find the velocity the ball has at this 
particular time. In our figure, the tangent shows that the 
ball at that velocity would have gone a distance of 80 cm 
(120 cm minus 40 em) in one second or that it has a velocity 
of 80 cm/sec. 

Since Fig. 3-4 showed that the distance was not directly 
proportional to the time, suppose we plot the distance versus 
the square of the time, i.e., 2 seconds will be plotted as 4 (2*), 
3 seconds as 9 (32), etc. The result in Fig. 3-5 is a straight 
line and again we have an indication of a direct proportion: 
the distance is shown to be directly proportional to the square 
of the time. s 

Can we verify the balls velocity experimentally? If we 
attach a horizontal plane to the slope at each checkpoint, the 
ball will roll out along the horizontal plane with the velocity 
it had at the moment it left the inclined plane. If we meas- 
ured this velocity, we would find that the results confirm our 
figures in the fourth column. Actually, in order to make our 
experiment more accurate we would need to account for the 
friction between the ball and the plane as well as the wind 
resistance. 
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Time (sec) 


Fig. 3-4. A graph of the data obtained 


Fig, 3-5. 


Distance (cm) 


from the experiment of Fig. 3-8, 


A plot of the square of the time 
vs, the distance of the data from 
the experiment of Fig. 3-3. 
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3-5 Gravity and Falling Bodies 


We all know that regardless of where we stand on the 
earth’s surface, our heads will always point away from the 
earth's center. If the earth were transparent, a man standing 
at the South Pole would appear upside down to a man at 
the North Pole; yet both men would be standing in a per- 
fectly normal position, For centuries men have marveled at 
the mysterious, unexplained force of gravity that holds us all 
to the earth, We have succeeded in defining many, but by no 
means all, of the characteristics of this force. 

For more than two thousand years men believed that heavy 
objects fall proportionately faster than light objects. Aristotle, 
in the fourth century B.c., stated that “the downward move- 
ment of a mass of gold or lead, or of any other body endowed 
with weight, is quicker in proportion to its size.” He had ap- 
parently observed the effect of air resistance but had not put 
his full conclusion to any experiment. In the sixteenth century, 
however, a few men were no longer willing to accept mere 
reasoning as the truth, and they believed that theories had 
to be proved by experiment. 

In 1590, Galileo, imbued with the inquiring spirit of the 
Renaissance, challenged the old belief that had been handed 
down for two millenniums from one unquestioning genera- 
tion to the next, Although there is no proof that it actually 
happened, legend has it that he dropped a cannon ball and 
a small iron pellet from the Leaning Tower of Pisa and found 
that they reached the ground almost simultaneously. Even 
though the cannon ball was a hundred times heavier than 
the pellet, it fell just slightly faster than the pellet. The fact 
that they fell at so nearly the same rate led Galileo to think 
something must be radically wrong with Aristotle's theory. 
After further experimentation, he discarded the theory en- 
tirely, His willingness to overlook the slight difference in 
rates of fall reveals that he had one of the qualities of a 
great scientific mind—the ability to distinguish between the 
significant and the insignificant data in experiments. 

Shortly after Galileo's experiments, the vacuum pump was 
invented, enabling scientists to remove air from a container. 
When a feather and a coin were dropped together in a 
vacuum, the two objects fell in exactly the same time (Fig. 
3-6). From this experiment came the idea that all bodies, in 
the absence of air, fall at the same rate. Galileo’s pellet fell 
slightly slower than the cannon ball because it had a harder 
time moving through the air; as Galileo suspected, the earth 
gives equal acceleration to all objects regardless of weight. 
An object falls because the force of gravity acts on it, and 
since at the surface of the earth this force is practically uni- 
form, gravity will always have the same effect upon a 1-pound 
object. A 2-pound object will have twice the force acting 
upon it that acts upon a 1-pound object, but these two ob- 
jects will fall at exactly the same rate because it requires 
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Fig. 3-6, 


In a vacuum a feather and a 
coin fall at the same rate and 
strike the bottom of the con- 
tainer at the same instant, 
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exactly twice as much force to accelerate a 2-pound object Oste Oft Q Time +0 sec Velocity * 


as it does to accelerate a I- pound object the same amount. 

How does the acceleration of a ball dropped in space com- 
pare with that of a ball rolled down a slope? A free-falling 
steel ball will drop 16 ft in one second (Fig. 3-7), 64 ft in 
two seconds, 144 ft in three seconds, and so on, By examining 
the results of this experiment, we find that there is a relation- 
ship between the distance and the time involved—they are 
proportional to each other in the following way: 

sat 
In order to equate these two quantities, we say: 
=ke 

This equation is similar to Equation 3,7 in which “2a appears 
in place of k, and the meaning of k is the same as Yaa (both 
are constant values), In Galileo's experiment with the in- 
clined plane, the accelerating force of gravity was diluted 
by making the ball acquire a horizontal velocity as it moved 
downward. The same kind of force operates in free fall and 
in the inclined plane experiment; the only difference is that 
in the latter the intensity of the gravitational force is, in 
effect, reduced by making the ball roll down an inclined 
plane, 


3-6 The Acceleration Due to Gravity 


Perhaps the most common cause of uniformly accelerated 
motion is that provided by gravitational force, A rock dropped 
from a cliff, the trajectory of a bullet shot from a gun, a base- 
ball eventually returning to earth even though knocked out 
of the ball park, and even our bodies as we walk, all provide 
examples of a uniformly accelerated motion resulting from 
the “pull of gravity.” This steady pull of gravity depends 
upon the mass of the object and the gravitational force field 
of the earth which we will discuss later. Now, before you 
read on, see if you can determine the acceleration that grav- 
ity gave the object in Fig. 3-7, 

Neglecting air resistance, which would greatly complicate 
the problem but which would make little real difference on 
a compact body such as a rock, we find the acceleration due 
to gravity to be 32 ft/sec? or 9.8 m/sec*. Substituting some of 
the data of Fig, 3-7 in Equation 3.7, we get: 


s= Hat 
144 ft = “a (3 sec)? 
_ 144 ft x2 _ 
a= fee = 32 ft/sec? 


Would other values from Fig. 3-7 give the same results for 
acceleration? They should, if the acceleration is uniform. 
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Fig. 3-7, The relationship between dis- 
tance, time, and velocity for a 
freely falling object. 
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The acceleration of gravity on the earth's surface varies 
between 32.09 ft/sec? and 32.26 ft/sec? because of the irregu- 
larities in the composition and shape of the earth. At the 
North Pole, the slight flattening of the earth causes the ac- 
celeration of gravity to be greater than it is on the equator, 
Since the weight of an object varies with the gravitational at- 
traction (and consequently the value of the acceleration), it 
would be easier to lift a pound mass on a mountain top or 
at the equator than at the pole, assuming that all other factors 
are constant, 

To demonstrate the continual pull of gravity on a freely 
falling body, let us imagine that a bomb is dropped from an 
airplane (Fig. 3-8). In order to simplify the conditions of 
this experiment, we will assume that there is no friction be- 
tween the bomb and the air. After leaving the plane, the 
bomb will drop toward the earth exactly as fast as if it had 
been dropped from a balloon at the same elevation, and it 
will continue to move forward with the same speed and in 
the same direction as the airplane. That is, the bomb will 
move horizontally at a constant velocity, a = 0, while it ac- 
celerates vertically toward the earth. 

Suppose an airplane travels 600 mi/hr due west and drops 
a bomb at an altitude of 6400 ft. Assuming that there is no 
air resistance, how long would it take the bomb to strike the 
ground? How far would it travel horizontally? What would 
be its velocity as it struck the ground? 

By using Equation 3.7, we can find out how long it would 
take the bomb to hit: 


¢= Yat “or jf = 


SyaT 2x0 750 
t= g 32 ft/sec? eves 


Thus, it would take 20 seconds for the bomb to fall to the 
earth, 


Fig. 3-8. The path of a falling bomb re- 
leased by an airplane that is 
1 with a uniform veloc- 
ity. 
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You will notice that the fact that the bomb had a forward 
velocity made no difference in its time of fall. It is the gravi- 
tational force, directed toward the center of the earth, which 
alone caused the downward motion. Since this accelerating 
force was downward, it made no change in the forward mo- 
tion of the bomb. 

The bomb's maximum downward velocity, caused by the 
force of gravity, may be found from Equation 3.3: 

v=v+at but oy =0 
v=at 
aaga 640 £ 
v 32 50 X 20sec = 640 568 
The direction of the velocity vector is continually changing 
during its free fall and is the direction the bomb would be 
traveling at any point during its fall. 

During all the time of fall, 20 sec, the bomb was traveling 
forward at its original 600 mi/hr, The horizontal distance it 
covered is given by Equation 3.1; 


sao Xt 
s = 600 FË > 20 see 


But both hours and seconds are time units and we should 
use either hours or seconds so these units will cancel and we 
will be left with just the unit of distance, So, using the same 
process referred to in Section 3-1, we change 20 seconds to 
hours and, 


mi min . Ihr 
000 fr X 20 fee X f) 500% GO min 2 mi 


Both the airplane and the bomb, therefore, would travel 3.36 
miles westward. In other words, the airplane would always 
be directly above the falling bomb and it would be directly 
above the explosion when the bomb struck its target. Re- 
member that, in eliminating air resistance from the experi- 
ment, we are creating a somewhat unrealistic condition, In 
un actual situation, the plane would pull ahead of the bomb 
because friction with the air would slow down both the hori- 
zontal motion and the ideal downward velocity of the pro- 


le. 

Another example of the continuous effect of gravity upon 
falling objects is shown in Fig. 3-9. Here a gun, E, is fired 
at a target, A, which is dropped from its support at the same 
instant the bullet leaves the gun. The target falls along the 
line AB, and gravity causes the bullet to fall to the earth 
along the line CD. The bullet strikes the target where CD 
crosses AB because the accelerating effect of gravity operates 
on all objects regardless of their horizontal motion. Would 
the bullet strike the target if the gun were aimed from a lower 
position, say at F? 
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3-7 Mathematical Formulas 


In our analysis of various experiments, we have found it 
necessary to use simple mathematical equations to express 
our observations. We showed, for instance, that when two 
quantities, a and b, are directly proportional to each other, 
we can write: 


d h 
a=kxb 


When two quantites, c and d, are inversely proportional to 
each other—that is, ¢ increases as d decreases—we can de- 
scribe this relationship in this way: 


1 
d 


cad on c= k 


Fig. 3-9. The effect of gravity upon a 
projectile. 


The last equation may be rearranged to give: 
cxd=k 


A graphical plot of this inverse proportion produces a curve 
called a hyperbola, which is illustrated in Fig. 3-10. 

When a quantity is proportional to the square of another 
quantity and the relationship is plotted on a graph, the result- 
ing line is called a parabola (Fig. 3-11). The general equa- 
tion for a parabola is: 


eK 


We have already encountered several mathematical formu- 
las that are illustrations of these three relationships. Equa- 
tion 3.6, for instance, tells us that the distance that an object 
travels varies directly with the square of the time during 
which the object is accelerated. If we plot distance against 
time, we will have a parabola, the precise shape of which will 
be determined by the value of the acceleration constant. For 
many everyday experiences, we can plot relationships of a 
similar sort. If we drive a car at a constant speed, a plot of 
the distance against the time would be a straight line sloping 
upward. If the car is accelerated, its performance might be 
described by a parabola, such as in Fig. 3-11. Graphic repre- 
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Fig. 3-10. A graphical representation of an 
inverse proportion. 
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sentation is a convenient means of visualizing a mathematical 
relationship, for it gives us a picture of how two quantities 
are related to each other. We have often seen graphs used 
to show the ups and downs of the business cycle but in 
science they are commonly used to give a concise, visual an- 
alysis of an experiment, 

With an understanding of these three basic relationships— 
direct proportion, inverse proportion, and proportional to the 
square—we can now examine one of the greatest discoveries 
ever made in science—the discovery of the universal law of 
gravitation by Sir Isaac Newton in the seventeeth century, 


3-8 Newton's Law of Gravitation 


Isaac Newton, born on Christmas Day, 1642, was a quiet 
farm boy who, like the typical modern boy, enjoyed playing 
with mechanical toys. He grew up with a strong liking for 
mathematics and throughout his school and college days ex- 
celled as an eager, intelligent student, By the time he was in 
his early twenties he had made some of the most advanced 
discoveries of his time, discoveries which still stand as classic 
theories and principles in the areas of mechanics, heat, and 
light. He invented his own system of mathematics—the bi- 
nomial theorem and differential calculus—in order to more 
adequately describe his ideas, and these new mathematical 
operations have since become standard tools in the advanced 
studies of all physical sciences. 

The story of how Newton sat under an apple tree and was 
struck on the head by a falling apple is familiar to us all. 
Although this incident is probably more legendary than fact- 
ual, he did, in 1687, express the force of gravity in quantita- 
tive terms in his famous treatise, The Mathematical Principles 
of Natural Philosophy, more commonly known as the Princi- 
pia. Undoubtedly the concept of gravitation as a force had 
been recognized for some time prior to Newton, Galileo, you 
will recall, published his account of the effect of gravity on 
falling bodies some forty years before the Principia appeared, 
Newton, however, succeeded in giving a precise explanation 
of how the force of gravity varies, and his brilliant analysis 
established him almost immediately as one of the most able 
scientists in history. 

Newton based his study of gravitation upon several im- 
portant facts that were known at the time, but in addition to 
knowing these facts, he had an almost uncanny ability to 
see, the fundamental relationships behind them. In relating 
the moon to the apple, Newton's mind may have followed a 
series of thoughts such as this: the moon moves in a well- 
defined path around the earth, and the earth moves in a 
definite path around the sun. Why doesn’t the moon fall to 
the earth as the apple did? Maybe it does. Some force must 
hold such large objects in these positions month after month 
and year after year, and there must be some kind of force 
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Fig. 3-11, A graph of the equation e = kf? 
where k = 1. 
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only magnitude, it is a scalar. Weight, on the other hand, is 
the result of a force from a particular direction and therefore 
is a vector. Let us see if we can illustrate this difference. 

In Fig, 3-13, a mass m is permitted to fall freely and, of 
course, the force of gravity will accelerate its fall. Since, as 
we learned from Newton’s law of gravitation, the force of 
gravity, F, is proportional to the mass and since it is also pro- 
portional to the acceleration, we can say that: 


F ma 


The mathematical reasoning here is very much like saying 
that the area of a surface is proportional to two factors—the 
length and the width. We are all familiar with the mathemati- 
cal equation that says that the area of a surface equals the 
product of its length times its width. Thus, since force is 
proportional to both the mass and the acceleration, we can 
say: 

F ma (3.9) 


This equation is true provided we use the appropriate units. 
If we express mass in kilograms and acceleration in meters 
and seconds, then the force is in newtons. Notice that 1 new- 
ton is the force which will accelerate a 1-kg mass 1 meter per 
second per second (1 m/sec”). 

For a 1-kg mass, accelerated in a free fall by the force of 
gravity where: 


a = 9.8 m/sec? 


the force will be: 
£ mAT 
Folkex 9.85607 = 9.8 newtons. 


In other words, 9.8 newtons of upward force are required to 
lift a 1-kg mass at constant velocity or support it at rest; as 
long as we continue to apply 9.8 newtons of force upward, 
the I-kg mass will remain supported and at rest if it was 
originally at rest. The upward force that we must exert on 
any object in order to carry it may be calculated in a similar 
fashion. 

Whenever we lift an object, we usually think of its weight. 
Actually, the weight of an object is a downward force that 
is very closely related to the force required to lift the object. 
Equation 3.9 is usually modified slightly when dealing with 
weight in the following manner. Substituting W for F and 
substituting g, the acceleration of gravity, for d in Equation 
3.9, we get: 


W = mg (3.10) 


This equation is a specific application of the general Equation 
3.9 which we shall see more of later. Equation 3.10 describes 
precisely the meaning of the weight of an object. It tells us 
that weight is a downward force vector (downward because 
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Mass = m 
(scalar) 


Acceleration 
of gravity =a 
(vector) 


Force = m X a 
(vector) 


Fig. 3-13. A free-falling object, showing 
scalar (mass) and vector (ac- 
celeration, force, and weight) 
quantities. 
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the acceleration of gravity g is in a downward direction) and 
directly proportional to the mass of the object. Since g is al- 
most constant anywhere on the earth’s surface, the weight of 
an object varies primarily with its mass. 

The confusion between mass and weight arises from the 
use of certain units. If we use metric units, there is no con- 
fusion—a 1-kg mass has a weight of 9.8 newtons. However, 
in common usage, as well as in engineering, the value of g is 
eliminated in Equation 3.10, and we usually speak of a 1- 
pound mass as having a 1-pound weight (here we let g = 1). 
It would be more accurate, and probably less confusing, if we 
were to show the weight of a 1-pound mass in terms of Equa- 
tion 3.10: 


ft 
W=1)b~x 82 oa 32 poundals 


The poundal is the absolute unit of weight in the English 
system that compares to the newton in the metric system. A 
160-pound man, according to this viewpoint, would have a 
weight of 160 Ib X 32 ft / sec, or 5120 poundals. As you can 
see, there might be a psychological advantage in listing the 
weights of our football players in poundals. 

With this definition of weight, we can now appreciate the 
interest in some quarters in finding a device or method for 
reducing the acceleration of gravity. These so-called “anti- 
gravity machines,” popular in science fiction, would decrease 
the force of gravitational attraction, and hence the accelera- 
tion of gravity, to zero. In practice, this is achieved when we 
have equal but opposite forces which exactly balance the 
gravitational attraction. This occurs in an orbiting satellite 
or in a high-speed plane flying in a special curved path where 
the forces involved in circular motion (discussed in Chapter 
5) provide the proper conditions. The astronaut has mass, 
with its inertia, but he has no weight. This whole question of 
weightlessness and its physiological effects is interesting and 
important in our space program. 

Since a mass has no weight unless there is a force acting 
on it, we find when we examine a particular mass out in 
space, beyond the practical effects of any gravitational force, 
that it has no weight and, if it were not subjected to any ac- 
celerating force, its motion would not change. When we 
stand on the face of the moon, we will observe a dramatic 
example of the effects of gravity. The moon’s gravity is only 
one-sixth that of the earth. A man, therefore, who weighs 
150 Ib on the earth will weigh only 25 Ib on the moon, al- 
though his mass, of course, would remain the same. If this 
man could jump 6 ft high on the earth, he could jump 36 
ft high on the moon. You can imagine what would happen 
to Olympic records if the next games were held on the moon; 
pole vaulters would be flinging themselves over houses and 
broad jumpers would be leaping across the width of a foot- 
ball field. 
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3-10 Summary 


Speed is rate of movement, and velocity is rate of move- 
ment in a particular direction. A scalar is a quantity that has 
only magnitude, and a vector is a quantity that has both 
magnitude and direction. Consequently, speed is a scalar and 
velocity is a vector. 

Acceleration is the rate of change of the velocity of an 
object; it is the change in velocity per unit of time. The dis- 
tance that an object moves is governed by the velocity 
and the time during which it moves. If the object is ac- 
celerated, the distance is changed in proportion to the ac- 
celeration and the square of the time during which the 
acceleration occurs. 

Gravity is a universal force of attraction between two 
bodies. The force of gravity is proportional to the masses of 
the two bodies and inversely proportional to the square of 
the distance between their centers. The force of gravity ac- 
counts for the acceleration of falling bodies. 

If the force of gravity between two bodies, their distance 
apart, and the mass of one of them is known, the mass of the 
other can be found. This is one method of finding the mass 
of the earth. 

Weight is the effect of the force of gravity upon a mass. 


EXERCISES 


A. KEY TERMS TO REMEMBER 


acceleration scalar velocity 
gravity speed weight 
mass vector 


B. QUESTIONS ABOUT GRAVITY 
1. State the universal law of gravitation, 


2. Would an analytical balance detect a difference in the ac- 
celeration of gravity at two different points on the earth’s surface? 
Would a 1-g mass weigh more, less, or the same at the North Pole 
and at the equator? 


3. How would you expect the gravitational attraction to vary 
between points at: the top of a mountain and the base of the 
mountain; differing latitudes; at the earth’s surface over a lead 
mine and over a salt mine? 


4. If we drop a rock down a deep vertical mine shaft, it will 
strike a point very slightly to the east of its starting point. Why? 


5. When one of our deep space probes is said to have “passed 
beyond the earth’s gravity,” what is meant? 


6. If one of our astronauts experiences 8-g acceleration, what 
do you conceive this to mean? 


C. PROBLEMS ABOUT GRAVITY 


1. In the example illustrated by Fig. 3-1, what is the numerical 
value of the “constant of proportionality” for the equation at the 
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point where the time is 0.15 hr, 0.3 hr? What would be the nu- 
merical value of this constant if its units had been mi/min? 


2, Draw a graph showing the approximate relationship be- 
tween two quantities that are directly proportional to each other. 
Make another graph for two quantities that vary inversely with 
each other. 


3, Use one of the equations in this chapter to: (a) determine 
how far a car, moving at 50 mi/hr, would go in 3 hours; (b) how 
far in feet would this car go in 1 second? 


4. If a 20-Ib horizontal force and a 30-Ib vertical force upward 
act upon an object, which way will it move? Make a vector dia- 
gram for this problem and show the magnitude of the resultant 
force. 


5, From your understanding of graphs, what would you predict 
would be the form of the graph of the data from Table 3-2 if we 
plotted the velocity of the ball against the time? 


6, On Fig. 3-4 show that the velocity at the end of 4 sec is 
160 cm/sec. 


7. State whether the following are examples of direct or in- 
verse proportions; (a) 8 oz of beans cost 20 cents, 16 oz of beans 
cost 40 cents; (b) my bank balance and the amount I spend; (c) 
the pressure of my foot on the car's accelerator and the velocity 
the car will attain; (d) the sharpness of a curve and the speed 
a car can go in rounding the curve. 


8. Plot the area of a square surface against the length of one 
side of the square. What kind of a curve is the result? 


9. If, for all practical purposes, the earth’s radius is 4000 miles, 
what would you estimate the acceleration due to the earth’s gravi- 
tational field would be on a satellite at a point 4000 miles above 
the earth's surface. Ans, 8 ft/sec*. 


10. What would be the acceleration toward the earth, due to 
the earth's gravity, of an object as far away as our moon (say 
240,000 miles away from the earth’s center)? 


L1. An airplane heading east at 120 mi/hr, is blown off course 
by a 30-mile wind from the south, What is the actual velocity of 
the plane with respect to the ground? 


12. One man can pull with a force of 100 Ib, another can pull 
150 Ib. If they pull together what force can they exert on an 
object? If they pull in opposite directions what will their force 
be which might cause the object to move? If they pull on the 
object but there is 60° difference in the direction they pull, what 
will be the amount of their combined pull on the object? 


13. If a golf ball is in contact with the club of a driver only 
one-thousandth of a second and achieves a velocity of 100 ft/sec 
as it leaves the tee, what is its acceleration? 


14. If you dropped a stone from a high cliff and 6 seconds later 
it reached the bottom, how high is the cliff? Ans. 576 ft. 


15. If you were to land on a planet that had the same di- 
ameter as the earth but a mass ten times greater, what would be 
your weight? 
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16. If the diameter of the moon is 2160 miles and its density is 
3.3 g/cm, what is its mass in tons? Ans. 8.25 x 101° tons. 


17. Using the graph, Fig. 3-14, determine: 


a. 


b. 


What was the car’s velocity at the start (t = 0)? 
What was the acceleration of the car in the first second, 
in miles per hour per second? 


What was the car's acceleration during the third sec- 


ond? the fifth? the sixth? 


. How fast was the car going in miles per hour after the 


first two seconds? 


. How far did the car go during these first 7 seconds? 


Velocity (mi/hr) 


Fig. 


3-14. 


Time (sec) 


Four 
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hen we travel through the countryside, we usually con- 

sider the landscape—the hills and valleys, the mountains 
and plains—to be quite solid and permanent. During the 
course of a lifetime, we ordinarily see little change in the 
contours of the landscape: rain falls, streams flow, and winds 
blow, with little apparent effect upon the shape of the earth's 
solid face. Yet, if we examine carefully the geological evi- 
dence that exists on almost every hand, we find that over a 
long period of time vast changes have occurred in the earth's 
surface, Deep scars here and heaps of debris there tell us 
that mighty forces have acted upon the earth’s topography. 
River canyons, eroded gullies, and the long gash in a hillside 
left by a rockslide are but a few of the indications that the 
earth’s surface is being constantly transformed. What are the 
forces that cause these changes? 

In the last chapter, we examined some of the fundamentals 
of the force of gravity—its effect upon objects and the mathe- 
matical equations that describe its behavior. We saw that 
gravity affects an object at all times, regardless of its hori- 
zontal motion; a bomb dropped from an airplane and a bullet 
fired from a gun are constantly accelerated toward the earth. 
Gravity acts in the same way upon rain, snow, and hail, 
causing the latter to fall at times with destructive violence. 


„ 


4-1 Gravity as a Force in Erosion 


Raindrops usually fall with a velocity of about 30 feet per 
second, and they would fall faster if it were not for friction 
with the air. Even so, the pounding action of one-tenth of an 
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inch of rainfall with this velocity on an acre of ground—11 
tons of water in all—is equivalent to almost 100 horsepower. 
About 90 per cent of this energy is dissipated as the droplets 
strike the ground, but the remaining portion may cause con- 
siderable damage to the earth’s surface, The amount of soil 
that is detached from its normal position depends upon the 
size of the droplets, the character of the soil, and the amount 
of cover that protects the soil. On forests and grasslands, for 
instance, falling raindrops remove very little soil, but on a 
newly cultivated cornfield, up to 150 tons of soil have 
been removed from an acre by a 3.8-inch rainstorm. Fortu- 
nately, most of this soil was redeposited on lower areas and, 
though badly damaged, not completely lost. 

In addition to the vertical force of raindrops, the rain that 
collects in streams and rivers exerts a horizontal force that 
does immeasurably more damage than falling drops. De- 
pending upon the type of soil upon which the rain falls, up 
to 25 per cent of the rain may drain into streams, the rest 
being absorbed into the ground. It has been estimated that 
30,000 cubic miles of water fall on the land areas of the world 
each year, and that of this volume 8000 cubic miles run off 
through streams and rivers into the oceans. The energy of all 
this flowing water is equivalent to nearly 11,000,000,000,000 
horsepower-hours—approximately the energy released by 
2000 super hydrogen bombs—and some of it is used to de- 
tach soil and rock particles from the earth and to wash them 
down to the sea. Another way of visualizing this great amount 
of energy is to consider the work required to accomplish one 
horsepower, that is, to lift a pound mass 550 feet in one second. 
A horsepower-hour is one horsepower operating con- 
tinuously for one hour, or 3600 seconds. Since a horsepower- 
hour would lift 3600 pounds 550 feet in the air, then 11 X 
10% horsepower-hours would have energy to lift 5.5 & 10° 
tons of earth upward 550 feet. What is the source of all this 
energy? In Chapter 3 we discussed the experiment in which 
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Fig. 4-1. Two large alluvial fans de- 
posited at the base of the Inyo 


Mountains in Owens Valley, 
California. 
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a ball was rolled down an inclined plane, and we saw that 
the force that powered the rolling ball was the acceleration 
of gravity. Since a stream bed is nothing more than an in- 
clined plane, a stream of water flowing down a hillside or 
through a gently sloping valley is also powered by gravity. 

The average height from which the water in the world 
flows off the land is about half a mile above sea level. If the 
water dropped straight down to the sea, it would obviously 
reach a tremendous velocity, Even if the water in a stream 
were accelerated by as little as 2 per cent of the acceleration 
of gravity for a period of one hour, its velocity would become 
over a thousand miles per hour, No stream, of course, moves 
more than a few miles an hour, because much of its enorm- 
ous energy is used up in the form of friction with its bed and 
its banks. It is this friction that causes the erosion of the 
land into the sea. 

What happens to the particles of soil and bits of rock that 
are picked up by a stream? As long as the stream moves 
rapidly these particles remain suspended, but when the 
stream reaches a plain where the incline is less steep, the 
water slows down and drops the larger particles to the bot- 
tom, where sand and gravel bars are often formed. In steep 
mountain areas, streams often move rapidly until they reach 
the edge of a broad valley, where they dump part of their 
load of sediment in wedge-shaped deposits called alluvial 
fans (Fig, 4-1), As a stream empties into the ocean, the still 
slower flow of the water causes even the finer particles to 
settle out into a delta, There are numerous deltas throughout 
the world, varying in size from the tiny one formed by little 
streams to the mammoth one at the mouth of the Mississippi 
River, Even these large deltas are forming so rapidly that 
their increasing size can be observed from year to year. If 
the stream carries only a small amount of sediment and if it 
is moving rapidly as it enters the ocean, it is not likely to 
form a delta. 

A stream, in short, is forced downhill by gravity and in the 
process becomes a powerful agent of erosion, picking up de- 
posits when it runs swiftly and dropping them when it travels 
slowly, 


4-2 Erosion and the Landscape 


One need travel only a short distance in any country to 
observe land forms that are produced by erosion. Let us 
examine the fundamental stages of stream erosion and con- 
sider some examples that illustrate these stages. A stream 
usually evolves through three periods—youth, maturity, and 
old age. In youth (Fig. 4-2), it cuts a deep V-shaped valley 
and washes away only the solid material that is within its 
immediate reach. The scouring action of the stream upon its 
own bed and banks, plus the collapse of material from the 
banks into the stream, accounts for most of the erosion, The 
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Stream cross-sections Stream profiles 


Maturity 


Fig. 4-2. Stages in the development of a 
stream: youth, maturity, and old 
age. (After Gilluly et al., Prin- 
ciples of Geology, San Fran- 
cisco; W. H. Freeman and Co., 
1951) 


classic example of a stream of this type is the Colorado River 
as it moves through the Grand Canyon in Arizona (Fig, 4-3). 
Since it is in an arid climate where there is not enough water 
to create many tributaries, the shape of the valley is deter- 
mined almost entirely by the main stream. 

As a stream grows older, its steep banks are gradually 
rounded off and eroded into the stream; the V-shaped valley 
gives way to a mature valley (Figs. 4-2 and 4-3). With con- 
tinued erosion, the banks become less steep and the whole 
valley becomes broad and shallow. The stream has then 
reached old age (Fig. 4-2). One of the best examples of a 
stream in old age is the lower Mississippi River. A map of 
its course below Memphis will show how it winds around in . d 85 
a tortuous channel through a wide, almost perfectly flat Fi 4% Bey Ried 0 500 a 
valley, In this portion of the river, it descends on its inclined Railroad photo) 
plane only a few inches each mile, Although the airline dis- 
tance between Cairo, Illinois, and the mouth of the river is 
only 650 miles, the river between these points travels over 
1000 miles, Dikes, or levees, over 30 feet high have been built 
to keep the river from overflowing into the flat part of the 
valley near the stream, called the flood plain, Where there 
are no levees, the water needs to rise only a few inches to in- 
undate large areas. 

Along with the cross-sectional diagrams of a stream in its 
various stages, Fig, 4-2 also illustrates the changing profiles 
of a stream—that is, the changing elevations of the stream's 
bed from its source to its mouth. A stream always tends to 
move its source farther and farther into the highlands, thus 
increasing its length. As it moves downhill, it passes through 
rocks and soil of varying hardness and structure, and these 
variations produce many irregularities in its profile, such as 
waterfalls and lakes. The McKenzie River in Oregon, for ex- 
ample, starts in the upper parts of the Cascade Mountains, 
flows through two small lakes, drops down steep rapids, over 
two high falls, through more rapids, and finally emerges into 
a broad, flat valley, It is a stream in its youth, As the stream 
passes into its later stages of maturity and old age, the lakes 
will be drained and the falls will become eroded away until, 
eventually, the inclined plane over which it flows will be 
very smooth and gradual in its slope. 
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A mature valley, The Green 
Canyon, near the town of 
1 River, Wyoming. (Union 
Pacific Railroad photo) 


Fig. 4-4. 


Erosion is primarily the result of flowing water, and flow- 
ing water is the result of gravity, The force of gravity, there- 
fore, is indirectly responsible for the continuous change in 
the face of the earth, Whether it is in the tiny rivulet that 
carries sand or soil a few inches in our backyard or the 
mighty stream that literally moves mountains of rock and 
soil, it is gravity that supplies the power. 


4-3 Formation of Sedimentary Rocks 


A flowing stream carries material in two forms—as sus- 
pended solid particles and as dissolved material. We have 
already seen that if a stream slows down it may unload its 
suspended matter, Dissolved material may also eventually 
be unloaded if the water evaporates to the point where the 
solubility (a term that will be explained in a moment) of the 
material is exceeded, This process is called precipitation. 

Sedimentary rocks, as noted in Table 4-1, are rocks that 
have been formed from deposits of rock fragments, material 
precipitated from solution, or the remains of plants and ani- 
mals, Streams erode away rocks and carry the fragments into 
lakes or the sea, where they accumulate in thick layers and 
are eventually transformed back into rock (Fig. 4-5). The 
most common types of sedimentary rock are limestone, 
sandstone, and shale, Salt and coal are sedimentary rocks 
formed from precipitation of insoluble material and organic 
material respectively, Let us examine the part that gravity 
plays in the formation of sedimentary rocks. A typical stream 
carries with it bits of rock, sand, and clay, and when it 
reaches a quiet place where the stream slows down, these 
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Fig. 4-5. Deposition of coarse, medium 
Conglomerate 


and fine particles at a shoreline. 
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materials settle out because the stream no longer has enough 
energy to suspend them. Since the density of a typical grain 
of sand is 26 g/cm” and the density of water is only 1.0 
gem", the grain of sand will sink to the bottom when the 
speed of the stream diminishes. Eventually, most of the sand 
as well as the other particles reaches a lake or the sea and 
is deposited on the bottom, where the weight of the deposit 
often becomes sufficient to compact the sand particles into 
a hard, composite material called sandstone, A trace of an- 
other material, such as clay, may assist in cementing the 
sand grains together, but it is the downward force of gravity 
that is the significant factor in this process. 

Most of the limestone in the earth's crust originates from 
fragments of fossils. Various kinds of hard-shelled organisms, 
such as clams, mollusks, and other crustacea, leave behind 
their shells, which are composed of calcium carbonate and 


carbonate particles are compacted into limestone. 

Shale is formed from a mixture of many kinds of suspended 
particles—clay, silt, and fine fragments of various kinds of 
rocks such as granite and limestone, All the particles that 

shale are more dense than water because they set- 
tle out when the streams that carry them flow into a large 
body of water. Under sufficient overload, these particles are 
cemented together to form shale, Almost half of the sedimen- 
tary rocks in the exposed crust of the earth are shales, 

The formation of layers of mineral salt can be traced in 
part to the force of gravity. All streams, as they flow over 
rocks and through sand and gravel, collect soluble material, 
Even so-called freshwater streams contain traces of dissolved 
salts. If these streams flow into an inland sea that has no out- 
let, the evaporation of the water from the sea increases the 
concentration of the dissolved salts, In order to understand 
the process of salt mineral formation, we will need to examine 
some of the general properties of solutions, A simple solu- 
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tion de composed of two 

liquid, in which the solid is dissolved. The a 

to disolve substances depends upon their nature; some sub- 
stances, such as sugar, are highly soluble, and others, such 
as sand, are only very slightly soluble The maximum amount 
of material that water can hold in = is 
called the solubility of that substance, If the contains 
less than this amount, it can pick up more material, but if it 
contains more than this amount as the result of the evapora 
tion of water, it will eliminate the excess dissolved material 
in the process called precipitation or crystallization, If evap» 
oration removes so much of the water in an inland lake that 
the remaining solution of salts exceeds their 

salts will precipitate and form crystals of solid salt, 
salts are more dense than water, they will settle 
of the sea and form a layered deposit, The least 
such as calcium sulfate, precipitate first, but 
most soluble salts will become crystallized as 
water is removed by evaporation and their 
ceeded. In the famous Strassfurt 
sedimentary salt deposits were formed in an 
well above sea level, it is possible to recover 
kinds of salts, because each one is in an 
separated from the others, 
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million tons of salt, Since more water is 2 by 
evaporation than is being added by a into it, 
the lake 50,000 tons 
— cut of ela tan ete unr he Foros of ty 
to the bottom. This lake is an excellent laboratory for the 
geologist studying the process of sedimentary rock formation, 
because the process is going on in it today and can be ex 
amined in detail, 

In Chapter £ we mw that grologieal time can 8 
by observing sedimentary rocks. premise 
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melting. The surplus snow collects in thick beds and is com- 
pressed by its own weight into a compact mass of ice crystals 
known as a glacier. The largest glaciers in the world today 
cover much of Greenland and Antartica under an ice sheet 
that exceeds half a mile in thickness. Contrary to our usual 
notions about ice, a glacier is not a rigid, fixed solid. Under 
the force of gravity it flows much as a stream flows down an 
inclined plane, although at a much slower rate. Glaciers 
usually move only a fraction of an inch a day, but some of 
the larger ones on steep slopes may move as much as several 
feet a day. The movement of glaciers over a period of years 
is determined by the position of stakes driven into the top of 
the glacier, as well as by the movement of the rocks and peb- 
bles that are frozen into the ice. The ice moves as though it 
were a stiff fluid, flowing fastest near the top and center and 
slowest at the edges and the bottom of the glacier. It is in- 
teresting to note that this distribution of flow is the same as 
that of a stream of flowing water. Geologists do not fully 
understand the process that makes ice flow, but they do know 
that the movement is powered by gravity. 

There are two major types of glaciers—the valley glacier 
and the continental glacier. The valley glacier usually forms 
near the top of a mountain and flows downhill through a 
broad, sweeping channel, following either an old V-shaped 
valley cut by a stream of water or one that it has gouged out 
itself. Because of its rigidity it cannot turn sharp corners, 
and its path, therefore, is characterized by gentle curves. The 
scooping and scouring action of the glacier rounds out the 
bottom of the valley, making it U-shaped. Figure 4-6 shows a 
valley glacier in Alaska flowing slowly and picking up addi- 
tional ice from several tributaries; the streaks of rock debris 
on its surface are telltale evidence that it is moving. In more 
southern latitudes, many valleys have been carved out by 
prehistoric glaciers that have long since melted. A fine ex- 


Fig. 4-6. A long valley glacier in Alaska. 
Note the evidence of downslope 
movement shown by the debris 
marks where the tributaries join 
the main flow of the glacier. 
(Photo by Bradford Washburn) 
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ample of a glaciated U-shaped valley with gentle curves and 
high side walls is the Yosemite Valley in California (Fig. 
4-7). The glacier removed so much rock that the tributary 
valleys, or hanging valleys, are now high above the main 
valley. Bridalveil Falls, in the lower right of Fig. 4-7, is at 
the mouth of a hanging valley. 

At the head of a valley glacier, a complex action loosens 
and pulls away the mountainside. Snowfall is heaviest near 
the top of the mountain and the greatest loads of ice pile up 
at the head of the glacier, The downward force of gravity 
tends to press the glacier away from the face of the moun- 
tain, and, under the summer sun, a crevasse called a berg- 
schrund often appears between them. In the winter the glacier 
then freezes solidly back to the cliff. This freeze-thaw cycle 
produces a clawing action that removes large boulders from 
the mountainside, and along with the scouring action of the 
glacier, it may hollow out the side of the mountain, creating 
an abrupt cliff at the head of the valley. After the glacier 
melts away, an amphitheater-shaped bowl, called a cirque, 
is often left behind. Sometimes the lip of the cirque is high 
enough to collect water and form a lake, thus producing some 
of our most exquisite mountain scenery (Fig. 4-8). 

Since a moving glacier picks up rocks—sand, gravel, and 
boulders—in its downward movement, when it eventually 
melts and unloads this burden, it deposits the rocks in the 
form of moraines. Depending upon the size of the glacier, 
its load, and how it melted, a moraine may range up to miles 
in length and hundreds of feet in height, but usually they are 
much smaller, Because a glacier literally dumps its load, a 
moraine shows no layered structure but is a jumble of all 
sizes of rocks, At the lower end of a glacier, the rock and 
debris that have been collected by the glacier are deposited in 
a terminal moraine. A lateral moraine is the rock and debris 
that accumulate along the edges of a glacier as it moves 
downward. At the junction of two glaciers, two lateral mo- 
raines come together to form a medial moraine, which often 
extends down into the glacier and appears at the surface as 
a dirty streak, as seen in Fig, 4-6. If the climate warms up 
and causes the glacier to recede, recessional moraines are de- 
posited in the wake of the melting glacier. Recessional and 
terminal moraines are quite similar and they both vary in 
size from a few feet to several miles in length. Sometimes 
they form a natural barrier to the melting water and create 
meltwater lakes. 

The second type of glacier, the continental glacier, is a 
broad sheet of ice that extends over a very large area. In 
the polar regions today, continental glaciers cover large parts 
of Greenland, Iceland, Spitzbergen, and other Arctic islands, 
as well as most of Antartica.In fact, almost 10 per cent of the 
land area of the world is now covered with an ice sheet. 
During the Great Ice Ages, the last of which occurred only 
ten or eleven thousand years ago, an additional 20 per cent 
of the earth’s land was covered. 
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Fig. 4.7. Yosemite Valley, a glaciated U- 
shaped valley in California. 
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A continental glacier moves, but not necessarily down a 
slope the way a valley glacier does. Many of these big broad 
glaciers lie on relatively flat ground, yet they move at ob- 
servable rates and we naturally seek an explanation for their 
movement. As snow and ice pile up to great thicknesses, tre- 
mendous forces are created inside the ice sheet. At a depth 
of 3000 feet, for instance, there is a force of three-quarters 
of a ton per square inch, enough to cause the ice to be almost 
a fluid and to move outward in all directions from its high 
central point. In Greenland, the glacier moves toward the 
island’s shore, where huge chunks break off regularly to 
form icebergs that float out into the North Atlantic Ocean. 
The Ice Age glaciers that moved out of the polar regions into 
North America and Europe traveled southward into tem- 
perate climates until they reached a point where they melted 
faster than they were replenished. 

What caused these enormous glaciers to appear and dis- 
appear? Several theories have been suggested, at least five 
of which deserve mentioning: 


1. Changes in the ratio between land and ocean areas 
changed the climate. Land areas change temperature more 
rapidly than do the oceans because of an inherent character- 
istic of all materials called heat capacity. Since water has al- 
thost five times the heat capacity of the rocks in the earth’s 
crust, temperature variations are always more radical on 
land areas than on oceans, because the water greatly retards 
any temperature changes. If a smaller part of the earth’s sur- 
face were covered with water, there would be greater tem- 
perature changes from day to day and from season to season. 
These temperature changes in turn would greatly affect 
atmospheric and oceanic currents, which are largely respon- 
sible for the character of our climate. 


2. The amount of atmospheric gases and volcanic dust that 
shield the earth from the sun fluctuated and thus changed 


Fig. 4-8. Grinnell Glacier and Lake in 
Glacier National Park. The gla- 
cier has retreated, leaving a 
magnificent cirque and lake. 
(National Park Service) 
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the earth’s temperature. It is estimated that a change of only 
5 to 10°C in the average temperature would be sufficient to 
cause continental glaciation. If a series of volcanoes spouted 
forth enough gas, vapor, and dust to partially block out the 
sün's light, the earth’s temperature might drop appreciably. 
Man himself has hidden his cities under large quantities of 
smoke, vapor, dust, and fumes, and therefore it might be pos- 
sible to test this theory by examining the temperature changes 
that are produced by man-made smog. 


3. Periodic changes in the earth’s orbit around the sun pro- 
duced climatic variations on the earth’s surface. Although it 
is difficult to test this theory, it is a possibility because we 
know that there are slight variations in the orbit of the earth 
even today. If the distance to the sun were at one time greater 
than it is now, the earth might have been cooled enough to 
cause glaciation. 


4, Dust clouds moved in and out of the solar system and 
reduced the amount of the sun’s heat that reached the earth. 
In a later chapter we will find that there are large quantities 
of dust and cosmic particles that occupy certain regions of 
the sky and that actually do obscure some of the stars at 
night. As they wander through space, one of these clouds 
might conceivably have passed near enough to act as a cur- 
tain between us and the sun. 


5. The sun radiates a remarkably constant amount of heat. 
However, in our studies today of the energy emitted by the 
sun, we have found that it does give off energy at varying 
rates. Whether or not these variations are enough to cause 
great climatic changes on the earth is not known for certain, 
but at least this theory is one that can be partially tested by 
further studies of solar radiation. 

Each of these theories has merit, but the best available evi- 
dence supports number two and number five. Until much 
more evidence is at hand, however, we cannot be sure what 
caused the great continental glaciers that once covered the 
northern part of our country. 


4-5 Landslides 


The principle of the inclined plane, which we have seen 
applied to flowing streams and moving glaciers, is similarly 
applicable to the downslope movement of large masses of solid 
materials. This movement may be slow and almost impercept- 
ible, or it may be so rapid that the solid materials, including 
rock, act almost as if they were fluids. Rapid downslope 
movements are frequently triggered by an earthquake, al- 
though there have been major landslides that have appeared 
to be self. starting. 

Almost every year there are serious landslides, particularly 
in mountainous regions, that result in heavy loss in property 
and lives. One of the greatest landslides in history occurred 
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Pig. 40. The Madison River slide, near 
Yellowstone National Park, in 
1050. (U. S. Forest Service) 


near the small valley town of Frank, Alberta in 1903, Ninety 
million tons of rock broke loose from a mountain 3100 feet 
above the valley floor, and this mass of rock flowed over two 
miles across the valley and part way up the other side. Part 
of the town of Frank was covered with 150 feet of rock and 
between sixty and one hundred people were killed. An esti- 
mated 250,000 horsepower-hours of energy, all supplied by 
gravity, was spent on this slide 

In more recent times, there was a similar landslide near 
Yellowstone Park in 1959, but this slide was started by a 
major earthquake, The south wall of the Madison River 
Canyon (Fig. 4-9) tumbled downward 1300 feet into the 
valley, flowed across the valley floor and dammed the river Fig. 4-10, Downslope movement along the 
with a 300. foot barrier thus forming a new lake that sub- Pacific Coast at Santa Monica 

California, (From Los Angeles 

merged the forest, a highway, and a campground where Times) 
several lives were lost 

Landslides ran rampant during the disastrous Chilean 
earthquake of 1960, This near all-time record earthquake 
literally crumbled dozens of mountains and dropped a 25- 
mile section of high country as much as a thousand feet. The 
coast suffered the effects of huge ocean waves set up by sub- 
terranean landslides, and these waves traveled out to sea 
and caused damage as far away as Tahiti and Hawaii Prop- 
erty damage reached half a billion dollars and nearly two 
thousand perished 

In a less spectacular, but equally destructive fashion, mass 
movements of the soil and subsoil cause millions of dollars’ 
worth of damage annually to roads, railroads, power and oil 
lines, and buildings, often in regions of only moderately rug- 
ged topography. Cities constructed on slopes are particularly 
susceptible to carth slides (Fig. 4-10), Rock and soil, when 
softened and lubricated by heavy rains, tend to move down- 
slope, and a movement of only a few feet is enough to wreck 
buildings and erase property boundaries. Many cities, ap- 
parently, are planned with little or no regard for the conse- 
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quences of building on slopes, but in careful city 
‘such factors should be considered in order to roe 
to property and to lives, 


4-6 Variations in Gravity 


In Chapter 3 we studied Newton's law of gravitation which, 
as summarized in Equation 3.5, says: 


r 

This equation tells us that the force of gravity between two 
bodies is proportional to the masses of the two bodies and 
inversely proportional to the square of the distance between 
them. When we weigh an object, say an iron ball, we meas- 
ure the force of gravity on the ball, If we moved the ball 
over various parts of the earth’s surface, however, we would 
find that the weight of the ball changes slightly, Since the 
mass of the ball remains the same, we must assume that 
either the effective mass of the earth or the distance 
between the ball and the center of the earth changes. Actually, 
both these alternatives cause the balls weight to change, 

Let us consider first the change in distance, The greatest 
variation in the distance between the earth's surface and its 
center is produced by the bulge at the earth's equator, which 
results from the rotation of the earth upon its axis. Since the 
poles are about 13 miles nearer the center of the earth than 
the equator is, our iron ball weighs about 0.4 per cent more 
at the north pole than it does at the equator, A 200-Ib man 
in New York City would weigh 199.5 Ib at the equator, 200.8 
Ib at the north pole, and only 199.86 Ib in Denver, Colorado, 
which, although it is on the same latitude as New York, is a 


mile above sea level, Uf our man wore to board 0 opace stip 


Variations in the effective mass of the earth are not vo 


in 
xp in Chapter 3 aay the earth's 5 1 
except for the loss of hydrogen meteor: 
ites its total mass remains practically unchanged. The force of 
gravity, however, varies at points that are only short 


H 


tance from the center of the earth. We must, then, see If the 
cause of this discrepancy lies in the composition carth. 
The earth is composed of many different materials, and each 
one has a different density. The density of water, for instance, 
is 1.0 g/cm; the density of limestone, 27 g/cm”; and of sand- 
an object weighs less on the ocean 
geologists have concluded that, since 

does not change, the mass of that 

the object must affect the object's 
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Fig. 4-11. The direction of the gravity vec- 
tor displaced by a nearby moun- 
tain. 


weight. The fact that the force of gravity is stronger over a 
dense material is exploited in the search for new deposits of 
ores, Fortunately, the ores of many metals are denser than 
most of the earth’s crust. Galena, an ore of lead, has the very 
high density of 7.5 g/cm’, and barite, an ore of barium, has a 
density of 4.6 g/cm’. An object weighed near a large deposit 
of these minerals, therefore, would weigh more than it does 
normally, Gravity surveys, which measure the magnitude of 
the force of gravity, are one of the important tools of the 
modern geologist and prospector and have been responsible 
for locating several productive ore fields. 

Ordinarily, the force of gravity seems to act straight 
downward at the surface of the earth, So dependable is this 
aspect of gravity that the engineer relies on his plumb line 
to find the vertical when he builds a skyscraper. But the as- 
sumption that the force of gravity is always toward the center 
of the earth has been found to be inaccurate. Not only would 
we expect the rotation of the earth to affect the direction of 
the force of gravity, but on account of some of the variations 
in the earth's composition cited above, the direction of a 
plumb line may lead to difficulties. For example, when tri- 
angulation surveys were made with a regular plum bob near 
the Himalayas, a serious error was made by assuming the 
plumb line to be exactly vertical, The presence of the high 
mountains nearby (Fig. 4-11) exerted enough gravitational 
force upon the plumb bob to pull it slightly away from the 
vertical, and this deviation caused surveying errors that later 
had to be corrected by other means, one of which involves 
using stars as points of reference, 

These variations in the earth’s gravity help us understand 
the forces that produce the 12-mile maximum relief—that is, 
the distance from the deepest part of the ocean to the top of 
Mt. Everest—on the earth’s surface. We will now investigate 
the gravitational principle behind these differences in the 
earth’s relief. 


4-7 lsostasy and Archimedes’ Principle 


If we place two corks—one flat and thin, and the other 
tall and narrow—in a dish of water, we find that the tall 
cork rises much higher above the surface of the water than 
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does the thin cork (Fig. 4-12), Furthermore, if we float two 
corks of exactly the same size and shape, but of different 
grades of cork—one more dense than the other—the denser 
cork will sink into the water farther than the lighter one. 
These corks illustrate the law known as Archimedes’ princi- 
ple—named after the Greek scientist who discovered it in the 
third century R. Which says that when a body is immersed 
in a liquid, it is buoyed up by a force equal to the weight of 
the displaced liquid. If the body is less dense than the liquid, 
it floats, as do the two corks in Fig, 4-12. 

If we cut off part of the tall cork in Fig. 4-12 and place it 
on the thin cork, the tall cork will rise slightly and the thin 
one will sink accordingly. Or, with our two corks of different 
density, if we cut a slice off the top of the lighter cork and 
place it on top of the heavier cork, the lighter cork will rise 
and the heavier cork will sink, These two pairs of corks il- 
lustrate the concept of isostasy, one of the fundamental prin- 
ciples of geology. Isostasy is a state of balance between the 
various components of the earth’s crust. If this balance is dis- 
turbed by erosion, glaciation, landslides, or sedimentation, 
the parts of the earth’s crust that are affected rise or sink in 
an attempt to re-establish a new state of equilibrium. 

The tall cork in Fig. 4-12 is analogous to high mountains 
and the flat cork to lowlands, As streams remove material from 
the mountains and deposit it on the lowlands, the weight of 
the mountains is reduced, and they rise slightly. Conse- 
quently, the lowlands, as more and more sediments pour into 
them, are forced downward under their increasing burden. 
Some geologists, however, think isostasy is more like the two 
corks of different density; they hold that the mountains are 
composed of less dense material than the lowlands and that 
the rock that is removed from the mountains by erosion is 
converted into a more dense rock in the valley. According to 
this latter concept, the bottoms of the mountains are nearly 
the same level as the bottoms of the lowlands, whereas in the 
former theory the mountains’ roots extend lower than the 
bottoms of the lowlands. 

Actual studies of the earth's surface have revealed that 
these theories are plausible. The Central Valley of California, 
for instance, seems to have always been at approximately the 
same elevation, yet new sediments have been constantly 
added to it during the millions of years of geological history. 
Each new layer of sediment has increased the load on the 
earth’s crust and has depressed the many horizontal layers 
of sedimentary rock that now underlie the valley. Figure 4-5 
shows how layers of sediment might accumulate in the shal- 
low part of the ocean. The constant depth of the water indi- 
cates that the new loads of sediment force the lower layers still 
lower. At the same time, the land areas around this shallow 
part of the sea rise as they lose weight through erosion. In the 
same way, the mountains on either side of the Central Valley 
of California are also rising. 
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Two corks of different shape 
floating on water, 
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The principle of isostasy is based upon the existence of a 
subterranean fluid under the continents that has a greater 
density than the continental mass and that yields to the 
weight of its overlying burden. This fluid is not a liquid in 
the ordinary sense; it is a very dense substance that becomes 
viscous only under the tremendous pressures of the rock 
layers above. It is probably ordinary rock, which in large 
masses, as we saw in the Frank, Alberta slide, is capable of 
acting like a fluid. Although the principle of isostasy is not 
fully substantiated, it does explain why there can be moun- 
tains even though the process of erosion would appear to 
wear them down. The altitude of some of our present peaks, 
such as those in the Himalayas, is even becoming higher, in- 
dicating that during recent geological periods the principle 
of isostasy has been producing higher mountains. The earth’s 
crust has probably been rough during much of the past, and 
there is probably more relief now than ever. 


4-8 The Tides 


The ebb and flow of the tides have been observed since 
ancient times. Twice a day the ocean level rises and falls, 
and, ever since the discovery of the universal law of gravity, 
this pulsating motion has been attributed to the gravitational 
forces between the earth and the moon. The method by which 
this force of gravity causes the tides is illustrated in Fig. 4-13. 


Fig. 4-13. Gravitational force of the moon 
pulling on the oceans. (From 
Sverdrup, Fleming, and John- 
son, The Oceans (Englewood 
Cliffs, N. J.: Prentice-Hall, Inc., 
1942, and others) 


As we know, the force of gravity between two bodies can be 
calculated from the equation: 


If we let M be the mass of the moon (7.3 X 10! kg), ma 
metric ton of mass (10° kg)—either of water in the ocean or 
material at the center of the earth—and r the distance from 
the center of the moon to the center of the earth (3.91 X 10° 
m), we can calculate the three different forces of gravity, F 4, 
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Fp, and Fe, in Fig. 4-13. The forces on a metric ton of mass 
at a, b, and c respectively are: 


Fa = 6.67 x 19-11 (23 X10 keg) (10 kg) 


(3.85 X 10° m)? 
= 3.3 X 10 newtons 


2 1 (7.3 X 10” kg) (10 k 
Fu = 6.67 X 10 mx e T 


= 3.2 X 10-* newtons 


E _ a (1.3 X 10 kg) (10 kg) 
Fo = 6.61 eee 


= 3.1 X 106 newtons 


From these calculations, we can readily see that the moon ex- 
erts noticeably more gravitational pull on a body on the side 
of the earth facing it than it does on the side away from it. 

If the mass at a is water, it will tend to bulge outward to- 
ward the moon. The rock crust of the earth may also bulge 
outward, but it will not bulge very far because it is much 
more rigid. At c, the mass of water will be attracted less than 
the same mass at b, so the earth will be pulled away from the 
water at c, thus producing a bulge on the opposite side of 
the earth from a. The water in the oceans is held to the earth 
by the earth’s gravity, and at the same time it is drawn away 
from the earth by the moon’s gravity on the other side. The 
resultant force of these gravitational forces acting on a and c 
are shown by the vectors in Fig. 4-13. 

In addition to the moon’s gravitational force, the sun’s 
gravity also attracts our ocean waters. Although the sun is 
much farther away from us than the moon, its great mass 
produces a gravitational pull on the tides that is 46 per cent 
as powerful as that of the moon. When the moon and the sun 
are on a line, as in positions A, B, and E in Fig. 4-14, the grav- 


69 


Fig. 4-14. 


The combined effect of the sun 
and the moon on the earth's 
tides. (From Sverdrup, Flem- 
ing, and Johnson, The Oceans, 
Englewood Cliffs, N. J.: Pren- 
tice-Hall, Inc., 1942, and 
others) 


Fig. 4-15. The rotation of the earth into 
the tidal bulges makes the tides. 
(From Sverdrup, Fleming, and 
Johnson, The Oceans, Engle- 
wood Cliffs, N. J.: Prentice- 
Hall Inc., 1942, and others) 


itational forces of the moon and the sun reinforce each other 
and produce the high tides called spring tides. When the 
moon and the sun are at right angles to each other as in po- 
sitions C, D, and E, they partially neutralize each other's ef- 
fect upon the tides; the resulting small tides are called neap 
tides. 

As the earth rotates on its axis, the bulge in the ocean 
waters tends to remain fixed with respect to the moon. This 
means that a person standing on an ocean shore line at B in 
Fig. 4-15 would see the tide rise, because that part of the 
earth is moving into the bulge. A person at A will experience 
a falling tide because the earth there is turning away from 
the bulge, The same process occurs on the back side of the 
earth; thus there are always two regions of high tides and two 
of low tides on the earth at any one time. 

In Chapter 2 we found that the earth’s rate of rotation is 
gradually slowing down because the tides act as a brake on 
the earth's spinning. Most of the braking friction is between 
the oceans and their shallow beds near the shore lines. The 
tidal bulges, in short, act as two huge brake-bands attached 
to the opposite sides of the earth. This tidal friction amounts 
to 1.3 X 10" pounds of force, enough to slow down the 
earth’s rate of rotation one second in 100,000 years. 


4-9 Gravity and the Atmosphere 


The earth is surrounded by a gaseous envelope, called the 
atmosphere, which is kept from moving out into space by 
the earth’s gravity. Since the gases that compose the atmos- 
phere are compressible, the density of the atmosphere de- 
creases rapidly as the distance from the earth increases. In 
fact, one-half of the atmosphere lies within about 3.5 miles of 
the surface, and 99 per cent lies below an altitude of 20 miles, 
In their observations of meteorites and the aurora borealis 
(Northern Lights), scientists have found traces of the atmos- 
phere 500 to 750 miles above the earth. If the atmosphere 
were not compressible and if all of it had the density it has 
at sea level, the 11.4 X 1018 Ib weight of the atmosphere 
would form a layer only 4.9 miles high. We will leave the de- 


tailed study of the structure of the atmosphere for a later 
chapter, 


70 


Moon 


Gravity in Natural Processes 


Our smaller neighbor, the moon, has no atmosphere sur- 
rounding it. The reason for this lack can be found in the dif- 
ference between the gravitational pull on the surfaces of the 
moon and the earth, We can calculate this difference by ap- 
plying the gravitational law in which M, is the mass of the 
earth, Mm the mass of the moon, m a unit mass on the surface 
of the earth and on the surface of the moon, and re and fm 
the radii of the earth and the moon respectively, Thus, the 
force of gravity acting on the mass m at the surface of the 
earth may be expressed: 


The same mass m is attracted to the surface of the moon with 
a force: 


Easa Mam 


Tm 
Dividing the first expression by the second, we get: 


F, GM.m Tm? Mom? 


Fm t? G Mum ~ rèMn 


The mass of the earth is 6 X 10% kg, and its radius is 6.4 X 
10° m. The mass of the moon is 7.3 X 10* kg, and its radius 
is 1.8 X 10° m. Thus, the relationship between the force of 
gravity on the earth and that on the moon can be calculated 
by substituting these quantities in the equation above: 


E. 6X 10% kg X (18 X 10° m)* =65 

F = (64 X 10°m)? X73 X 10kg ` 
The force of gravity on the earth, therefore, is 6.5 times as 
great as that on the moon, A liter of air on the earth weighs 
1.3 g/l, but on the moon it would weigh about one-sixth that 
much. The moon’s gravity, however, is not great enough to 
hold any atmosphere, so any gas that would happen to collect 
on it would be diffused into space. 

Many of the other planets in the solar system have atmos- 
pheres about them. The masses of Jupiter, Venus, and Mars 
are large enough to create a force of gravity capable of hold- 
ing the gases that comprise their atmospheres. The atmos- 
pheres of these planets, however, are unlike the earth’s in 
that they are composed of gases other than nitrogen and oxy- 
gen: The sun’s atmosphere contains large amounts of hydro- 
gen and helium; the atmosphere of Jupiter contains methane, 
ammonia, hydrogen, and helium; the atmospheres around 
Venus and Mars contain a considerable quantity of carbon 
dioxide. 

The earth’s gravity is not only sufficient to hold an atmos- 
phere but is also powerful enough to give the atmosphere a 
downward force of 14.7 pounds per square inch at sea level. 
In other words, above each square inch of surface at sea level 
there is 14.7 pounds of air. Since this weight is a force per 
unit area, it is called pressure. Some gases are denser than 
air and therefore exert more pressure than this. For instance, 
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a dense gas, such as carbon dioxide—whose density is 19 
g/l compared to the 1.3 g/l density of air—tends to lie near 
the ground and to flow like water into low-lying areas. Even 
though gases ordinarily mix with each other, if a large quan- 
tity of gas is released into the air, a period of time elapses 
before it becomes dispersed. If the released gas is more dense 
than air, then gravity will hold it near the ground where it 
displaces the air. For example, in the Valley of Death on the 
island of Java, enough carbon dioxide has accumulated from 
gas wells in the vicinity to make the valley a death trap for 
both animals and human beings. Occasionally, tunnels, mines, 
and even buildings may accumulate enough carbon dioxide 
to make them unsafe for workers. 

In our ordinary experience, we know that warm air rises 
and that cool air descends. The reason for this is that cool air 
is more dense than warm air, a fact that will become clearer 
when we examine the structure of gases in a later chapter, 
where we will find that as a gas warms it expands and de- 
creases its weight per unit volume. For instance, air at 32°F. 
is 1.14 times as dense as air at 100 F. When cool air accumu- 
lates in upper mountainous regions, since it is heavier than 
warm air, it flows downhill, displacing the warmer, lighter 
air. If fairly steady and powerful, these movements of cool 
air are called katabatic winds and may reach velocities of 
100 to 200 miles per hour. They occur in the Santa Ana Can- 
yon of southern California and are quite common in the snow- 
covered mountains of Greenland. In the Antartic, a mysterious 
phenomenon that puzzled scientists from the time of the first 
explorations has been found to be a katabatic wind. The 
weather is usually calm on the Ross Sea, but a short distance 
away, off the Adélie coast, winds up to 200 miles per hour 
blow all winter long. Recent surveys have revealed a wide, 
sloping trough running from the South Pole to the Adélie 
coast. During the winter, the bitterly cold air at the pole spills 
down this trough, accelerates through the 1500 miles of the 
natural inclined plane, and lashes out over the sea in a howl- 
ing gale. 


4-10 Summary 


Gravity is the driving force behind many of nature’s pro- 
cesses, Although raindrops descend in a free fall and cause 
some displacement of the soil, water does much more damage 
when flowing in streams down an inclined plane. Streams 
wash away rock and soil in the process called erosion and 
then deposit them in a delta or farther out into a lake or the 
sea, As these deposits accumulate on the bottom of a lake or 
the ocean, their tremendous weight often compresses them 
into sedimentary rocks. 

Both kinds of glaciers—valley and continental—move un- 
der the force of gravity and are powerful agents of erosion. 
Although several theories have been advanced to explain the 
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great continental glaciers of the four Ice Ages, none of them 
is accepted without reservations because our information is 
inadequate and because they cannot be tested experimentally. 
Gravity also forces earth downhill, sometimes in swift cas- 
cading landslides and sometimes in slow movements of the 
soil. 

The force of gravity varies over the earth’s surface; it is 
greatest at low elevations, at the earth’s poles, and in regions 
where the earth’s crust is very dense. The direction of the 
gravity vector may not always point straight downward, be- 
cause it is influenced by the mass of nearby mountains. 

The continents “float” on a very dense “fluid,” and their 
mountains and lowlands tend to maintain an equilibrium 
called isostasy. 

The water in the oceans is pulled outward by gravitational 
force toward the moon, and to some extent toward the sun, 
and at the point where the earth moves into one of these 
bulges, there is a high tide. The friction of the tides with the 
earth’s surface is slowing down the earth’s rate of rotation 
one second in 100,000 years. 

The earth’s atmospere is kept on the planet by the force of 
gravity. The moon’s gravity, however, is not strong enough 
to hold an atmosphere. Dense gases and cool air sink to the 
ground, sometimes causing gaseous death traps and fear- 
some katabatic winds. 


EXERCISES 


A. KEY TERMS TO REMEMBER 


alluvial fan hanging valley sandstone 
Archimedes’ principle isostasy sedimentary rocks 
atmosphere katabatic wind shale 
bergschrund lateral moraine spring tide 

cirque limestone terminal moraine 
continental glacier mature valley U-shaped valley 
delta moraine V-shaped valley 
erosion neap tide valley glacier 
flood plain old-age valley youthful valley 


B. QUESTIONS ABOUT GRAVITY IN NATURAL PROCESSES 


1, Since stream erosion is caused by water flowing down an 
inclined plane, suggest several ways by which erosion of the soil 
might be controlled or reduced. 


2. Suggest several problems that should be considerd in build- 
ing a city, a highway, or a railroad in a region of potential land- 
slides. 


3. Explain why sedimentary rocks, when first formed, are al- 
ways in horizontal layers. 


4. How can you tell from an airplane whether or not a conti- 
nental glacier has covered a particular section of land? 
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7 Does the iantasy principle affect the estimates of how much 
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- B. Suggest a method of hamessing the tides to do useful work, 
c 
of this energy. 


D. In a region of low hills, where would you expect to find the 
warmest air at night, on the hilltops or in the valleys? 


10, The density of a war gas, phosgene, is almost 3.5 times as 
dense as air, If you didn’t have a gas mask, how else might you 
protect yourself from this gas? 

11, Which of the following are the effects of erosion by a valley 

glacier: (a) Ushaped valleys, (b) cirques, (c) hanging tribu- 
taries, (d) moraines. 


JÈ In what other ways would the energy of a flowing stream 
be dissipated besides friction with its bed and banks? 


Grovity in Naturo! Processes 


5. By diagram, show what the cross section of a 
would be if it cut its way through to bedrock in a flat 
composed of the sedimentary rocks shown in Pig. 45, Asume 
that shale is relatively soft, sandstone intermediate, and limestone 
hardest and most resistant to erosion, 


6. At what points on the earth's surface, and under what con- 
ditions would a plumb line point exactly toward the center of the 
earth? 
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n conversation we commonly use the word “force” when 
speaking of the force of the wind, the force of ocean waves, 
the force of gravity, and the force of a bat as it strikes a ball. 
All these things do, indeed, exert a force, but when we try 
to formulate a scientific definition of force, we encounter a 
difficulty. Ordinarily, we do not see a force itself; we see the 


Force, then, is defined as any influence that causes, or tends 
to cause a change in the motion of an object. In other words, 
when a force is applied to a body, it accelerates that body by 
changing, through a push or a pull, either its direction or its 


rate of movement, 
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pla. After a series of brilliant experiments and a keen analysis 
of the results of these experiments, as well as a study of the 
motion of the moon and the planets, Newton proposed a set 
of laws or principles that govern forces and motion, Although 
much of his thinking was done with the older forms of 
mathematics, he invented a new kind—the caloulus—in order 
to fully describe these laws. 

In this chapter we are going to examine Newton's three 
laws of motion and some of the applications of these laws 
to common, everyday situations, Galileo came very close to 
formulating one of these laws, but it was not until half a 
century after his death that Newton expressed these concepts 
in terms that could be applied to many practical situations, 
So basic are these three laws that if Newton had contributed 
nothing else to science, he would still be honored as a giant 
among the scientists of all time, 


pushed the object, The moon, for example, was supposed to 
move in its orbit around the earth because something was al- 
ways pushing it. If this strange force were to cease, 
moon would stop, in much the same way as a ball 

on a smooth surface eventually stops unless we give it a 
push occasionally, But Newton, after much study, deep think- 
ing, and experimenting, realized that the ball slows down be- 
cause of friction, and that if the moon experiences no friction 
it will continue moving without being pushed. This conch- 


Suppose that you are a passeńger on a bus who unfortw- 
nately must stand and that the bus is traveling along a high- 
way at 50 mi/hr, If the bus suddenly slows down, you, along 
with all the other standing patrons, experience a 
ward thrust—it feels as though you might all be 
the front end of the bus. What is the cause of this forward 
thrust, or is it a forward thrust? Actually, when the bus slows 
down you and all the passengers continue to move forward 
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which is an object's resistance to being set in motion or to a 
change in its motion, The word “inertia” is derived from the 


and 
inherent tendency of an object to resist any change of motion. 
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glacier sliding slowly down a mountainside are destructive 
—the former being a small mass with a large velocity and 
the latter a large mass with a very small velocity. But what 
if the bullet traveled slowly and the glacier rapidly? This 
would obviously make a vast difference in their effects. The 
combination of the mass and the velocity of an object that 
concerns us here is the property of matter known as momen- 
tum. 

Momentum (its symbol is p) is the product of the mass of 
an object and its velocity, or: 

p=m Xv (5.2) 

All moving objects have momentum, If the mass of a moving 
object is doubled and if the object maintains the same ve- 
locity, its momentum is also doubled. Thus, a 200-ton loco- 
motive moving at 60 mi/hr has twice the momentum of a 
100-ton locomotive moving at the same velocity. The little 
car in Fig. 5-2 has an initial momentum of mvp; after the 
force has acted upon it for a time its momentum is mv. The 
change in momentum, mv — mvp, is proportional to the force 
acting on the car and to the time it acted. 

As a very simple illustration of the way some scientists 
might examine momentum, let us look at the units involved. 


m 
c= ti =kg— 
F= ma or newtons 8 00 


m 
p=mv or kerc 


Now comparing these two, the only difference seems to be in 
the denominator, with newtons having sec? while momentum 
has only sec, If we multiply newtons by time, we get the 
same units as momentum and in a very simple way we will 
have derived, theoretically, a new formula: F = ma; multi- 
plying by t, Ft = mat, but from Equation 3.3, v = at; there- 


fore Ft = mv or newton sec = kg This involves the 


application of a force to an object during a time interval and 
is called impulse. Unless the object is at either an initial or 
final velocity of zero, the more useful form of the impulse 
equation is 


F (t: — ti) = mv — mv, (5.3) 


Thus, impulse is the change in momentum. 

Impulse and momentum are very important quantities. A 
car traveling down the road and the people in the car each 
have a certain momentum. If this car and the people in it 
are to be slowed or stopped, an impulse has to be provided 
just equal to the change in momentum. We can have a large 
force for a very short time or a smaller force for a much 
longer time. Since large forces can be very destructive, 
crumple fenders, and fracture skulls, we had best lengthen 
the stopping time and thereby decrease the force needed to 
make the change of momentum. In case of an accident, seat 


80 


Force and Motion 


belts tend to increase the stopping time for the passengers 
and consequently, less potentially destructive forces are ap- 
plied to their bodies. 

A hammer hitting a nail, a bat hitting a ball, a club striking 
a golf ball, a car hitting a power pole, or a person's head 
hitting the windshield—all these contacts are examples of 
impulse and change in momentum. The longer the time this 
change in momentum takes place, the smaller is the force in- 
volved. From Equation 5.2 we see that the momentum of an 
object is proportional to both the mass and the velocity of 
an object. For this reason it would be one thing to swing a 
bat at a baseball traveling 60 mi/hr and quite another thing 
to swing a bat at a locomotive traveling 60 mi/hr. The im- 
pulse transferred to the locomotive from the bat might be 
just the same as that transferred to the ball but because of 
the great mass of the locomotive, it would change the velocity 
of the locomotive an insignificant amount, while it might be 
enough to drive the ball over the fence. 


5-4 Work 


Another aspect of the second law is the physical concept 
of work, In spite of the usual meaning of work—bookwork, 
housework, and so on—work, as briefly mentioned in Chapter 
2, is the measure of a force having moved through some dis- 
tance, Work is most simply defined as force times distance; 
it is the result of a force acting through a certain distance. 
Let us consider an example so that we are sure we under- 
stand this concept, 

If a book with a mass of 1 kg is lifted 1 m, what work is 
performed? According to Newton’s second law, the force re- 
quired to lift an object (its weight) is its mass times the ac- 
celeration of gravity (Equation 3.10), or: 


weight = mass X acceleration = mg = 
1 kg X 9.8 m/sec? = 9.8 newtons 
If we lift the book 1 m, then the work is found from the re- 
lationship: 


work = force X distance = 9.8 newtons X 1 meter = 
9.8 newton meters (5.4) 


The unit newton meter is used frequently enough to have 
its own name—a joule. A joule is a unit of work; its units are 
newton meters. In the English system of units, work would be 
the product of force in pounds and distance in feet or foot- 
pounds. If we had to exert 50 Ib of force to move an object 
20 feet, we would do 1000 ft-lb of work. While we seldom 
change from one system of units to another, you might find 
it interesting to show that 1 ft-lb of work equals 1.356 joules. 
In later chapters we will see that energy may have many 
forms; in electrical units, 1 joule = 1 watt second; in heat 
units, 1 joule = 0.23889 calories. Scientists generally do not 
memorize conversion units such as those just given, but they 
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are aware that work may have several forms and correspond- 
ing units. For the exact numerical equivalents between these 
forms they will most likely use a table of conversion factors. 

Sometimes it is not enough just to do a certain amount of 
work, but the work must be done at a certain rate. To de- 
scribe how fast work is done, we use the term power. One 
joule of work per second is called a watt, while 550 ft-lb per 
second is a horsepower, We can write this in the form of a 
formula: 


—— wak joules/sec or ft-lb/sec or watts or horsepower) (5.5) 


Perhaps an example will help. 

Suppose a jet airplane weighing 150 tons (300,000 Ib) can 
climb 1000 ft/minute. What minimum horsepower would this 
represent? Work done in one minute of time: 


force X distance = 300,000 Ib X 1000 ft = 300,000,000 ft-Ib 


Power, Work — 900,000,000 £b _ 5 090,000 fe-Ib/sec 
time sec min 
60 —— 
min 
Horsepower: 
sloes E T 9000.000 L 9,090 horsepower 


550 ft-lb/sec/hp — 550 


Thus, we see that the common term horsepower is a unit of 
work performed at a certain rate, and that in designing an 
engine of a given horsepower we are interested in a device 
that can do work for us at a given rate. 


5-5 Newton's Third Law 


Of Newton’s three laws of motion, the third one is per- 
haps the least understood. This third law says: For every 
force there is an equal and opposite force. There is no such 
thing as a single force existing all by itself. Newton illustrated 
this concept by pointing out that when you press a stone 
with your finger, your finger is also pressed by the stone. 
Similarly, when you stand on the floor, you exert a downward 
force on the floor and at the same time it pushes upward on 
your feet with exactly the same force. The third law tells 
us that a force always involves two bodies acting upon each 
other, The wind exerts a force upon us as we walk along a 
windy street, but we also exert a force upon the wind. A bat 
exerts a force as it strikes a ball, but the ball in turn exerts 
a force upon the bat. When we pull a block of wood along 
a smooth surface with a string, the block of wood pulls on 
the string in the opposite direction. If the block of wood ex- 
erted no force in the opposite direction, it would take no 
force to pull the block along in the first place. 

The crucial point to remember here is that no force can 
operate independently of another. The earth’s gravity attracts 
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Fig. 5-3. The forces of action and reac- 
tion —an illustration of New- 
ton's third law. 


a ball to its surface, but at the same time, according to the 
law, the ball pulls the earth upward. The upward movement 
of the earth is immeasurably small because the earth’s mass 
is so very much greater than the balls mass. A baseball 
struck by a swinging bat exerts an equal force on the bat, but 
in the opposite direction. The force of the bat accelerates the 
ball in one direction, while at the same time the ball acceler- 
ates the bat in the opposite direction. In effect, this interaction 
slows down the velocity of the bat and changes the velocity 
of the ball, even though the ball’s speed might remain un- 
changed. 

To use another common example, suppose a tractor is 
pulling on a rock (Fig. 5-3). In this illustration, there are 
several forces of action and reaction. The tractor pulls the 
rope forward with a force Fi, while the rope pulls the tractor 
with an equal force F% in the opposite direction. The rock ex- 
erts a force F, on the rope, and the rope exerts an equal and 
opposite force F on the rock. The rock drags along the 
ground with a friction force Fs, and the earth resists the rock 
with a force Fa. Force F is that of the earth pushing up on 
the tractor, and Fs is the weight of the tractor pushing down 
on the earth, If all the forces are equal, the system is in equi- 
librium. But if F, (the force of the tractor pulling forward) 
exceeds F (the force of friction), the whole system will move 
forward with an acceleration that can be derived from the 
equation, Fi — F; = ma. Now you can see that the forces 
V and Fs should be inclined to the vertical, for the tractor 
must push backward on the earth by an amount equal to the 
force with which it is pulling ahead on the rope. In the same 
way, the earth must push ahead on the tractor or it will slip 
and be unable to exert force F; on the rope. As the whole 
system moves forward, the earth itself is moved backward 
(though of course only slightly) because there is always a 
reaction to every action. $ 

If an observer out in space were to watch a railroad train 
that stretched a third of the way around the globe start from 
rest, he would see another instance of the third law in opera- 
tion (Fig, 5-4), He would see the train move forward with a 
certain acceleration, and at the same time he would see the 
earth accelerate in the opposite direction. Since the mass of 
the earth is so much larger than that of an ordinary train, 
the actual acceleration of the earth when a train starts up 1s 
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Fig. 5-4. As a train accelerates forward 
the earth is accelerated in the 
opposite direction according to 
Newton's third law. 
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extremely small. The inertia of the earth is vastly greater than 
the inertia of the train, and because of the great difference in 
masses, we usually disregard the effect of an accelerating 
train on the earth, but nevertheless it is there. A very modern 
application of the action-reaction principle is in the jet air- 
plane. In the jet engine, fuel and air are drawn into the front 
of the engine where the fuel is burned very rapidly and then 
the burned fuel gases are blown out the rear of the engine at 
a tremendous velocity. That is, the engine forces the exhaust 
gases out the rear of the engine at a much greater rate than 
the air is taken in at the front. The reaction to this force is 
a forward force that actually drives the plane forward, This 
reaction force in the engines of our modern jet planes, as we 
have seen, may be as great as 10,000 horsepower. Note that 
the exhaust gases need not push against the air around the 
plane for this reaction force to exist, hence a jet plane can 
operate at altitudes where the air is much less dense than at 
sea level, 

Since the interaction between two forces is sometimes very 
difficult to measure, as we saw in Fig. 5-4, we occasionally 
forget that there are at least two forces involved in every 
change in movement. The action force on a particular body 
is always balanced by a reaction force acting on another 
body. Since Newton himself experienced difficulty in apply- 
ing this law to certain problems it is no wonder that this law 
may be confusing to some. However, in many simple situa- 
tions the law can be applied easily. 

With this study of Newton’s third law we have now com- 
pleted our investigation of a set of fundamental concepts of 
force. It is upon these three laws that a considerable portion 
of physical science is based. The first law tells us that all ob- 
jects have inertia, or a resistance to being moved or changed 
in their movements. The second law shows how a force can 
be measured by observing its effect in accelerating a mass and 
how the force of gravity causes an acceleration of an object 
and thus gives it its weight. And, finally, the third law sum- 
marizes an important aspect of forces—that forces are inter- 
dependent and that no force can act alone. 


5-6 Combinations of Force 


As we have seen, force, since it has both magnitude and 
direction, is a vector quantity. Several forces acting upon an 
object, therefore, can be added according to the rules of 
vector addition. In Fig. 5-5 the two forces A and B are pull- 


Fig. 5-5. The resultant of two forces act- 
ing upon an object is found 
through a simple vector dia- 
gram, 
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ing on the block. To find the resultant force, we put the tail 
of vector A, now (A), at the head of vector B, keeping vector 
(A) parallel to its line of force, and then draw a line C from 
the tail of vector B to the head of vector (A). The combined 
effect of forces A and B, then, is the same as if a single force 
C were pulling the block. 

Example problem: In Fig. 5-6 a boat is being propelled 
directly forward with a 260-Ib force by its motor. At the same 
time a strong wind is blowing diagonally across the boat. If 
the wind pushes the side of the boat with a 130-lb force, in 
what direction will the boat travel and what is the resultant 
force that moves it? In this experiment we will ignore the 
friction between the boat and the water. 

Solution: Draw vectors F, and F, for the force of the 
motor and the force of the wind respectively, with their 
lengths proportional to the magnitude of their forces. By 
vector addition rules, find the resultant force F,, In this vec- 
tor diagram, 1 in. equals 160 Ib; Fm, therefore, is 11%, in. 
long and F, is 194 in. long, F, should be 2346 in. long, which 
means that the boat will move in the direction indicated 
with a resultant 340-Ib force. 


5-7 Forces in Equilibrium 


When an object at rest is acted upon by several forces, it 
may either be set in motion or remain stationary. If the forces 
cancel each other out—if the resultant force is zero—the 
forces and object are said to be in equilibrium. The object 
will remain at rest if it is already stationary, or if it is moving, 
it will continue to move in the same straight line at constant 
speed according to Newton's first law. If, on the other hand, 
the forces from one direction are stronger than those from 
another direction—if, that is, the forces are unbalanced—the 
object will move in the direction of the resultant force. 

In this case Newton’s second law (F = ma) comes into 
play, an acceleration will take place, and the object is not 
in equilibrium, So the first condition of equilibrium is that 
the sum of all the forces acting on a body must equal zero. 


= (5.6) 


A tug-of-war is a good example of a balance of forces pro- 
ducing equilibrium. As long as the forces from one team equal 
those from the other, the rope stays still. But as soon as one 
team exerts more force than their opponents, there is some 
extra force which will produce an acceleration and equilib- 
rium no longer exists. 

To show how this principle helps us to solve problems, let 
us consider the case of a 160-Ib man lying in a hammock as 
in Fig. 5-7, If the forces acting on the man do not equal zero, 
he will be accelerated—as in the case when one of the ropes 
break, When he is in equilibrium, however, we know that 
there is no resultant when we add all the forces together 
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Fig. 5-6. The resultant force on a boat is 
a combination of the force of 
the motor and the force of the 
wind, 


Fig. 5.7. Forces in equilibrium. a 


(SF = 0). To find out what the forces are on each of the 
ropes we first sketch the direction of the forces as they act 
on a single point—in this case the point where all of the 
forces act is on the man (see vector diagram in Fig. 5-7). 
His weight, 160 Ib, acts downward. Rope A pulls upward to 
the left and rope B pulls upward to the right. If we draw 
these three forces to scale as vectors there will be nothing left 
over to provide a resultant and our vectors will form a closed 
figure (a triangle in this case since there are just three forces). 
Since we know only the direction but not the amount of 
forces A and B, we will start with the weight of the man and 
draw a vector to scale, 160 Ib straight down. To this vector 
we now add a vector representing force B. All we know, 
however, is the direction, not the length (or magnitude), so 
we leave the vector indefinite in length. Since we do know 
that these three forces form a closed figure (SF = 0), we 
know that force A must join vector B and the other end of the 
160-Ib weight vector. We therefore draw vector A, starting 
from the top of the 160-Ib vector and proceeding backward 
in the proper direction until we intersect the line of force B. 
We now have a closed vector diagram, and we can measure 
these vectors to determine, with the scale we used, just how 
much force rope A and rope B must exert. If you measure 
the vectors using the scale in the figure, you will find that the 
rope A exerts a force of about 138.5 Ib, while B pulls with 
about 80 Ib. 

Although we will not do much with it here, we ought to 
mention a second condition of equilibrium that is necessary 
to prevent a rotational acceleration. If a force is to produce 
rotation, it must act off center and the effect it has will depend 
upon the product of the force and its perpendicular distance 
to the point about which rotation might take place. We call 
this product a torque or moment (M). 


M=FX1 (57) 


where l is the perpendicular distance from the line of ac- 
tion of the force to the axis of rotation. We can now write 
the second condition of equilibrium as 


YM=0 (5.8) 


The examples in Fig. 5-8 may clarify this second condition 
of equilibrium. In Fig. 5-8a, the upward force A and the 
downward force B act at the same point, and being equal 
and opposite, produce equilibrium from the first condition 
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Fig. 5-8. Linear and rotational equilib- 
rium. 
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alone; i.e., SF = 0. In Fig. 5-8b, we have force A equal to 
force B, but they are not acting at the same point and will 
produce a rotation, that is, they both produce a clockwise 
moment or torque about the axis and would provide a rota- 
tional acceleration; therefore, there is no equilibrium here. 
In Fig. 5-8c, the moments of A and B are equal and opposite 
in their effect upon rotational acceleration so the sum of the 
moments equals zero and the second condition of equilibrium 
is satisfied. To prevent linear acceleration, however, we can 
add a force C, acting at the center, equal to the sum of A and 
B so that the £F = 0. Fig. 5-8c will neither rotate or be ac- 
celerated linearly but is truly in equilibrium. 

Notice that an object that is moving may be in equilibrium. 
For instance, an airplane traveling uniformly at 300 mi/hr 
has several forces acting upon it—the pull of the motor, the 
drag or friction with the air, the upward lift of the wings, and 
the downward force of gravity (weight) on the whole plane. 
If all these forces are in equilibrium, the plane continues to 
move forward at a constant velocity. A book lying on a table, 
a lamp hanging on a cord, and a car traveling at a constant 
velocity on a level highway are examples of bodies that are 
acted upon by forces in equilibrium. 


5-8 Unbalanced Forces 


When the forces that act upon an object are not in equi- 
librium, the object will be accelerated. For instance, a rain- 
drop that is falling through the air is accelerated to higher 
and higher velocities by the force of gravity. A stone rolling 
down a hill, the water flowing over the brink of a waterfall, 
a car being accelerated to higher velocities, and a car being 
slowed down by the application of its brakes are all examples 
of objects that are being affected by unbalanced forces. 

It often happens that an object is subjected first to unbal- 
anced forces and then to forces in equilibrium. For example, 
as a raindrop falls downward faster and faster it encounters 
more and more resistance from the air, which acts as an up- 
ward force so that when the raindrop reaches a velocity of 
about 20 mi/hr the upward force of air resistance is equal to 
the downward accelerating force of gravity. The falling rain- 
drop is then in equilibrium and it continues to fall at a con- 
stant velocity. 


5-9 Circular Motion and Centripetal Force 


We now have the tools to examine the complex motion of 
an object moving in a circle. A wheel rotating on its axle, a 
car rounding a curve in a road, and the earth rotating on its 
axis are all examples of rotational motion. If we whirl a rock 
on the end of a string, as shown in Fig. 5-9, we find that the 
rocks velocity vector v is at a right angle to the radius r of 
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Fig. 5-9. Circular motion. 
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the circle. A moment later, however, the velocity vector will 
have changed its direction, although its magnitude will have 
remained the same. We can conclude, therefore, that as an 
object travels uniformly in a circular path, its velocity will 
continually change, but its speed will remain constant. Even 
though the magnitude of a vector remains constant, if the 
direction changes, a force is required to cause this change of 
direction and an acceleration has occurred. 

As the rock whirls around at the end of the string, what 
force causes it continuously to change its direction? If we 
let go of the string, the rock will continue in a straight line in 
the direction it was moving at the instant the string was cut. 
This is an example of Newton’s first law. Therefore, to cause 
the rock to continually change direction we must exert a force 
on it toward the center at all times, This pull which we exert 
on the rock is called the centripetal force. But for every force 
there is an equal and opposite force and in this case the rock 
pulls on the string with this force which we call a centrifu- 
gal force. This force is given by the relationship: 


mv? 
r 


E= 


(59) 


where r is the radius of the circle and v is the instantaneous 
velocity of the rock. 

If you are a passenger in a car which is going around a 
curve, you seem to be thrown to the outside of the car and 
some people would say that centrifugal force pulled you out. 
This you now know is incorrect—it was Newton’s first law in 
operation, You simply tried to continue on in a straight line. 
To cause you to go around the curve, the car exerted a force 
on you (centripetal force) and pulled you from your straight 
line path, At the same time you were pulling on the strap or 
pushing against the outside of the car with an equal and op- 
posite force the centrifugal force. Returning to the rock 
whirling on a string, Fig. 5-10 shows this action-reaction 
character of the two forces. The centrifugal force arises from 
the fact that the rock is constantly being accelerated toward 
the center of the circle by the inward force that we 
exert on the string; it is the reaction force to the centripetal 
force, and it arises from the tendency of the rock to move in 
a straight line. 

The bulge of the earth at the equator is caused by the 
centrifugal force that results from the rotation of the earth 
on its axis. The force of gravity provides the balancing cen- 
tripetal force; if it did not, the earth would probably spread 
out almost into the shape of a disk. Newton was so certain 
of the validity of his laws of motion that he calculated the 
bulge of the earth’s equator by taking into account the gravi- 
tational forces, the rate of rotation, the size of the earth, and 
the average density of the earth, which he guessed to be 
between 5 and 6 (it is almost exactly 5.5). His estimate of 
the earth’s bulge is almost identical with the values measured 
by modern surveying methods. In the photograph of the 
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planet Jupiter (Fig. 7-6) you can actually distinguish the 
slight flattening which has occurred due to its high speed of 
rotation. 

Since the force needed to keep a car going around a curve 
varies as the square of the velocity of the car, many drivers 
are fooled into thinking that a few miles an hour will make 
little difference. As you can see, it takes four times as much 
force to hold the car on the road around a curve at 60 mi/hr 


as it does at 30 mi/hr. Since F = = the force varies as the 


square of the velocity. 


5-10 Kinetic and Potential Energy 


Up to this point we have been considering forces that are 
associated with the mass, inertia, and the momentum of ob- 
jects. These forces arise from two kinds of mechanical energy 
that are characteristic of all objects: kinetic and potential 
energy. Even though these two types of energy are closely 
related to each other, they represent two distinct aspects of 
mechanical energy that we will now examine. 

Kinetic energy is the energy of motion. Any object that is 
moving possesses kinetic energy because it has the ability to 
do work, which, you will recall, is the capacity to exert a 
force through a distance. The man at a carnival who shows 
off his strength by striking an anvil with a mallet in order 
to send the bob up to ring the bell is trying to add enough 
kinetic energy to the mallet so that it will make the bob ring 
the bell. A baseball player swings his bat as fast as possible 
in order to impart as much kinetic energy to the ball as pos- 
sible. 

Common sense tells us that a locomotive traveling at 60 
mi/hr has more kinetic energy than a golf ball traveling at 
the same velocity, and that a bullet has vastly greater energy 
when it leaves the muzzle of a gun than it does sitting in our 
hand. Thus, we can readily understand that kinetic energy is 
directly related to both the mass and to the velocity of an ob- 


ject. The mathematical equation that describes kinetic energy 
is: 


K. E. = ¥2mv? (5.10) 


Note that momentum (described in Equation 5.2) and ki- 
netic energy are similar in that both are directly related to 
mass and to velocity. Momentum, however, describes merely 
the motion of a particular mass, whereas kinetic energy, as 
shown in Equation 5.10 describes the capacity that a moving 
object has to do work. These are two different concepts. Let 
us trace the derivation of the equation for kinetic energy so 
that we can see why it is that the velocity must be squared, 
When an object starts from rest and is uniformly acceler- 
ated through some distance s, we saw that the formula for 
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this distance was 


s= Yat? (3.7) 
or solving for t°: 
a 
a 


Also in the case where the initial velocity is zero and the 
acceleration is uniform, 
Sat or o a (3.3) 
Again, solving for t°: 
2 
1 


2 


If we equate these two relationships 


and solve for v?, 
v? = 2as (5.11) 


Remember the special conditions: the object started from 
rest, was accelerated uniformly, and traveled a distance s 
during this acceleration. 

Now let us consider the case of the work done in causing 
this objects motion. A force is needed to cause the acceler- 
ation (F = ma) and this force moves through a distance s. 
The work done then is: 


work = Fs = mas 


Since from Equation 5.11, as = b, we can make the sub- 
stitution and obtain: 


Fs = Ya mv? (5.12) 


This relationship shows that work (Fs) done on an object 
may result in motion and that the object in motion has an 
energy due to its motion (% mv?). This we call kinetic 
energy. While in our example we did work (Fs) on an object, 
it is just as correct to think of the object doing work for us. 
For instance, a hammer strikes a nail changing its kinetic 
energy into a force which drives the nail. In stopping a car 
we must exert a force (by braking) through a distance and 
if the velocity of the car is doubled, the distance required 
for a particular force to stop it will be increased by four 
times, 

Let us calculate the kinetic energy of a car with a mass of 
1000 kg (weight about 2200 Ib) going 30 m/sec (approxi- 
mately 60 mi/hr), 


m 
sec 


K.E. = Yamv? = % X 1000kg x (30—)? 
me 
= 450,000 kg cet 
= 450,000 joules 
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In contrast to kinetic energy, potential energy is the energy 
of position. A car at the top of a mountain possesses potential 
energy because it has the ability to do work by rolling down 
the mountain side. A clock spring that is wound up, the 
hammer of a pile driver lifted to the top of its frame, and 
water behind a dam all have potential energy. A hiker who 
has climbed to the top of a mountain has stored up consid- 
erable potential energy in his body by virtue of having lifted 
himself to the top of the mountain. Potential energy, like 
kinetic energy, is the capacity to do work and therefore is 
also measured in joules. The potential energy an object 
possesses is equal to the energy required to lift the object to 
its position. In Fig, 5-11 the mass m has been lifted from the 
floor to its position on the shelf. The work involved in lift- 
ing the mass is: 

W=Fs 


Since the force needed to lift a mass m is given by the equa- 
tion; 


F=mg 
then: 
W = mgs 
The mass m, therefore, has mgs more energy on the shelf 


than it did on the floor, which means that its potential energy 
is: 


P.E. = mgs (5.13) 


where s is the height through which the mass has been lifted. 

Using the illustration in Fig. 5-11, let us calculate the 
potential energy of the 10-kg mass which is 2 m above the 
floor, 


P. E. = mgs = 10kg X 985 Soom 196 joules 


In other words, if the 10-kg mass fell from the shelf to the 
floor, it could perform 196 joules of work upon striking the 
floor, As the mass falls, its potential energy is converted into 
kinetic energy. On the shelf it possessed 196 joules of po- 
tential energy; at the instant it strikes the floor, it will have 
196 joules of kinetic energy. From this energy relationship 
we can determine how fast it will be going when it strikes the 
floor, as follows: 


FEE KE 
Fs = h mo? 
5 2 E 2 M8 — 99s 
m m 


(Does this remind you of Equation 5.11? Notice too that 
Galileo was correct in saying that the mass of the object 
Would have no effect on its rate of fall.) Solving the last equa- 
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tion for the velocity and substituting the values from the 
example gives: 


v= Vgs = X98 m X 2m = 6.26 m 


sec? sec 


Examples of this conversion of potential energy to kinetic 
energy, and vice versa, are all about us—an elevator rising 
and falling and our feet being lifted and dropped while we 
are walking, to mention just two. A pendulum possesses po- 
tential energy at either end of its arc. Thus, at point A in 
Fig. 5-12, the potential energy of the swing is at a maximum 
and the kinetic energy is zero. At B, all the potential energy 
is transformed into kinetic energy, and, at C, back again 
into potential energy. The potential energy of the water be- 
hind a dam is converted into kinetic energy when the water 
rushes down through the powerhouse, where it is usually 
converted into electrical or other forms of energy. When we 
wind the spring of our clock or watch, we store up potential 
energy in the spring, which, as the spring unwinds, is con- 
verted into the kinetic energy of the moving parts of the 
timekeeper. 


5-11 Conservation of Energy 


When one form of energy is changed into another form of 
energy, no energy is destroyed. This important principle— 
called the conservation of energy—has had far-reaching ef- 
fects in the development of modern science, For instance, 
some of the energy of the swinging pendulum may be used 
up in friction with the air, but it is not destroyed. Instead 
it is converted into heat, which is another form of energy. 
As another example, the energy of a cue ball is imparted to 
other billiard balls when it strikes them. Although the move- 
ment of several balls may appear to involve more energy 
than the cue ball possessed originally, an analysis of the 
momenta of the balls before and after the collision would 
prove that no energy had been gained, or lost, in the process. 
In all the countless situations that have been studied by 
scientists involving the transfer of energy from one object to 
another and the conversion of one form of energy into an- 
other, no instance has ever been found where energy was 
gained or lost. From the activity on the minute scale of the 
nucleus of atoms to the grand behavior of the stars, scientists 
have found the law of conservation of energy to be valid. It 
is perhaps the most exact and the most firmly established law 
in all science, 

Later on, when we discuss other forms of energy, we will 
have occasion to refer back to the principle of conservation, 
The breadth of this law is apparent when we follow the con- 
version of energy through its various forms from the potential 
energy of water behind a dam to the heat energy in a cup 
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Fig. 5-12. The conversion of kinetic energy 
into potential energy (and vice 
versa) in a swinging pendulum. 
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of coffee. First, the water is permitted to fall from the dam 
through a turbine where its potential energy is converted into 
the kinetic energy of the whirling movement of the turbine. 
The turbine turns the generator and thus converts mechani- 
cal energy into electrical energy. The electrical energy is 
carried to our home through a powerline and, when passed 
into our stove, is converted into heat energy, which brings our 
pot of coffee to the boil. We can also convert the electrical 
energy into light, or even into chemical energy. The com- 
mercial production of aluminum is based on the conversion 
of electrical energy into chemical energy. The details of many 
of these energy conversions will be reserved for later chapters, 
but in all these conversions no energy is lost, although some 
of it is used in friction and appears as heat. 


5-12 Summary 


We have examined in this chapter the fundamental con- 
cepts of force as embodied in Newton’s three laws of motion: 
(1) An object at rest tends to remain at rest, and a moving 
object tends to move in a straight line with constant velocity 
unless acted upon by an outside force, (2) forces are meas- 
ured by observing their ability to accelerate a mass, (3) no 
force acts alone, and for any force there is always an equal 
and opposite force. This principle of action and reaction is 
basic to all processes wherever force is involved. 

Inertia is the tendency of an object to continue doing what 
it already is doing. Momentum is the quantity of motion an 
object possesses; it is measured by the product of the mass 
and the velocity of the object. 

When several forces act upon an object, their net effect 
may be found by adding the force vectors. A simple method 
of doing this is to construct a diagram in which the magni- 
tude and direction of the forces are shown by suitable arrows. 
If the total effect of all the forces upon an object add up to 
zero, then we say that the forces are in equilibrium. If the 
forces are unbalanced, the object is acted upon by a result- 
ant force that will probably cause the object to move. 

If an object moves in a circular or orbital path, there is an 
inertial force that holds the object in such a path (centripetal 
force) and an opposite force produced by the tendency of 
the object to continue in a straight line (centrifugal force). 

All ordinary energies of a mechanical nature are of one of 
two kinds; kinetic or potential energy. Kinetic energy is the 
energy of motion, and potential energy is the energy of posi- 
tion, Each of these may be converted into the other, or into 
any other form of energy such as electrical, heat, light, or 
chemical energy. In all conversions of energy from one form 
to another, no energy is ever created or destroyed. This law 
of conservation of energy governs all the processes that occur 
in nature. 
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EXERCISES 


A. KEY TERMS TO REMEMBER 


centrifugal force joule Newton's laws of 
centripetal force inertia motion 
equilibrium kinetic energy potential energy 
foot-pound law of conservation resultant force 
force of energy unbalanced force 
horsepower momentum weight 


B. QUESTIONS ABOUT FORCE AND MOTION 


1. Is the inertia of a train moving at 60 mi/hr different from its 
inertia when it is standing in a station? 


2. Explain how the moon, in moving in an orbit around the 
earth, is constantly being accelerated toward the earth, 


3. In hiring a laborer, would you rather pay him on the basis 
of his power or on his total work? 


4. Describe in general how you could determine the mass of an 
object by using Newton’s second law if you were located out in 
space beyond the effects of gravity. How may this law be used 
to determine the mass of an object on the surface of the earth? 


5. If the speed of the earth's rotation were somehow increased, 
what would happen to the weight of an object (a) at the equator? 
(b) at the pole? 


6. A man, caught at the center of a smooth, perfectly friction- 
less ice pond and without any outside help, extricated himself by 
throwing his shoes southward, whereupon he started moving 
slowly northward. Is this method of escape plausible, and which 
of Newton's laws apply? 


7. Indicate which form of mechanical energy, kinetic or po- 
tential, is primarily involved in each of the following: 


a. a rolling log on a horizontal surface 
b. a log rolling down a hill 

c. a tightly-wound watch spring 

d. a stretched rubber band 

e. a spinning fly wheel on an engine 
f. a cocked mousetrap 


8. By a diagram show the conversion of one form of energy 
into another when a stone rolls down a hill and plunges into a 
lake at the bottom, Try to account for all energy changes, keeping 
in mind the law of conservation of energy, 


9. A rocket puts a satellite into orbit from Cape Kennedy so 
that it passes over the Atlantic and Africa, Would this affect the 
rate of the earth’s rotation? Would it make any difference if the 
Satellite had been shot from a gun? 


10. If every action has a reaction, a wagon must pull back on 
a horse just as hard as the horse pulls ahead on the wagon. Un- 
der this circumstance, how can the wagon ever move? 


11. By means of a diagram, show the acting and reacting 
forces involved when a person sits in a chair. 
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12. A car traveling due north is increasing its rate of travel 
continuously. The resistance of the car to this increasing rate of 
travel is described best by using the term (a) acceleration, (b) 
speed, (c) velocity, (d) inertia. 


13. Acceleration is (a) inversely proportional to force, (b) di- 
rectly proportional to force, (e) directly proportional to mass, 
(d) equal to force times mass. 


14. “Every force that acts upon a body always has an unequal 
and opposite force opposing it.” Which word or phrase is incorrect 
in this statement of Newton’s third law? (a) every force, (b) al- 
ways, (c) unequal, (d) opposite. 


C. PROBLEMS ABOUT FORCE AND MOTION 


1. Calculate the horsepower needed to lift a 10-Ib ball to the 
top of the Washington Monument, 555 ft high, in 5 sec. Ans. 
2.02 horsepower. 


2. Make a diagram of a bowling ball at the instant it strikes a 
bowling pin. Show by simple vectors the resulting forces. 


3. Show by vectors all the forces involved when two boys, 
holding opposite ends of a rope, pull on it with equal force. 


4, By using vectors, find the direction and amount of force act- 
ing upon a stone that is being pushed by two boys, one pushing 
northward with a force of 50 Ib and the other pushing eastward 
with a force of 25 Ib. Ans. 55.6 Ib of force north of northeast. 


5. A 5-kg mass at rest is to be accelerated at 2 m/sec? until it 
gains a velocity of 20 m/sec. 


a. What force is necessary to give this mass its acceleration? 

b. How long a time will it take for this force to accelerate this 
mass to 20 m/sec? 

c. How far will the mass move during this acceleration? 

d. How much work does the force do? 

e. What kinetic energy does mass have after acceleration? 


6. How much more work is necessary to stop a car going 60 
mi/hr than to stop it from 20 mi/hr? from 30 mi/hr? 


7. A car rolls over a cliff 121 ft high and crashes on the rocks 
below. At its instant of impact, it has the same kinetic energy 
as if it were going on a level road at what speed? 


8. A bullet weighing 0.20 kg leaves the barrel of a gun 0.80 m 
long with a velocity of 400 m/sec. If its acceleration was uniform, 
what average force was exerted on the bullet? Ans. 20,000 new- 
tons, 


9. A man weighing 80 kg stands in an elevator. What force 
does he exert against the floor of the elevator when it: 


. is stationary? 

is accelerating upward at 2 m/sec? 

. is moving at a constant velocity of 20 m/sec upward? 
. is falling freely (if the cable breaks)? 


10. Draw the force diagram showing the tension in each cord 
in Fig. 5-13 if the weight in each case is 100 Ib. 
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we come to the lowest level of this old rock layer, now about 
13,000 feet underground. If we could examine a similar slice 
made in the north-south direction through Midland, we would 
see almost the same general downwarp. That is, underneath 
the present level country there is a layer of rock that forms a 
shallow bowl, called the Michigan basin. This basin was 
formed in the Devonian period, sometime around 500 million 
years ago, and at that time similar basins were also formed 
in the Indiana-Illinois-Kentucky area, in the West Virginia- 
Pennsylvania area, and in the Nevada-Idaho area. 

After the Michigan basin started to form, it provided a 
natural drainage area into which flowed streams laden with 
erosional products, In certain parts of this basin, particularly 
the deeper part near Midland, huge deposits of salts were 
formed. Some of these salt beds are over 2000 feet thick and 
now provide the raw materials for many industries located 
in this area, 

In contrast to basins produced by downwarping are con- 
cave uplifts called domes. In the central part of Tennessee 
is the Nashville dome, in which the subterranean rock layers 
of the Devonian period are near the surface, sloping gently 
downward as one travels in any direction away from Nash- 
ville. The gentleness of the warps in this area are indicated 
by the gradual slope of these rock layers—8 to 16 feet a mile. 

Advancing and receding coast lines indicate that parts of 
the earth’s surface are rising and falling even today. Warp- 
ing, then, is a process that goes on all the time. The eastern 
coast line of the United States is advancing landward and is 
thus marked by bays and irregular estuaries. The bottoms of 
these bays actually contain sediments derived from dry-land 
plants and animals—proof that the bays were once above sea 
level. In other parts of the world, on the other hand, coastal 
areas are rising, causing the coast line to advance seaward. 
We know the coasts of Alaska and Scandinavia have risen be- 
cause the exposed rock along these coasts contains marine 
fossils, 

The explanation for the upwarping and downwarping of 
various parts of the earth’s surface is not fully understood. In 
some instances, the movement appears to be merely a matter 
of re-establishing isostatic balance. The Scandinavian coast 
line is emerging supposedly because it was weighted down 
with a huge glacier during the age of continental glaciers. It 
has been estimated that since the last glacier melted away 
eleven thousand years ago the coast lines of Sweden and 
Finland have risen 900 feet. If the glacier that is today on 
Greenland were to melt, we would expect the removal of 
the 8000 feet of ice to reduce the downward force on the 
land and to permit it to rise. With the melting of all this ice 
the level of the oceans would be raised some 20 feet, which 
in turn would add to the weight of the oceans and set up 
new forces in the earth’s crust that would require new warps 
in order to return to equilibrium. 

Upward and downward movements of noticeable extent 
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have occurred within the time of recorded history. The temple 
of Jupiter Serapis at Naples, Italy, was originally built on land 
near the coast. All that remains of this ancient building are 
three columns that now stand partially submerged in the 
sea, but the lower 18 feet of these columns, above the present 
waterline, are covered with marine deposits. Apparently the 
coast line there sunk and then rose, all within about two 
thousand years. 

A revealing test of the isostasy principle was made when 
Hoover Dam was built. The water behind the dam forming 
Lake Mead is a downward force on the earth’s crust that has 
been added in a relatively short time and it has been found to 
have caused the rock on either side of the lake to be elevated 
11 feet, thus producing a man-made warp in the earth’s sur- 
face. 


6-2 Folds 


Ordinarily we think of rock layers as being quite rigid, 
whether stressed in a vertical or in a horizontal direction. 
Rock such as limestone and sandstone is specially quarried 
and used in buildings because it is capable of bearing heavy 
loads, But within the earth’s crust, rock exhibits a plastic or 
fluid character if subjected to great forces. This is evident 
from observations of rock layers that have been compressed 
horizontally into what are called folds. These folds, or 
wrinkles, may be less than a fraction of an inch wide or they 
may be several miles in size. If we push the edges of a table- 
cloth together the cloth becomes compressed into many small 
folds. Similarly, the earth’s crust in many places appears to 
have been compressed latterly into upward and downward 
folds; one of these that has been exposed is shown in Fig. 
6-2, 

The upward arch of a fold is called an anticline, and the 
downward part, or the trough, is called a syncline. Obviously, 
the anticline is the more accessible part of the fold for ob- 


Fig. 6-2. A single upward fold in the 
earth's crust. (U. S. Geological 
Survey) 
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servation because the syncline is buried beneath the surface. 
The anticline, being forced upward, is subject to erosion, and 
often the rock in the anticline is so disrupted, cracked, and 
distorted in the folding process that it may be readily eroded 
away, When this happens, the upper parts of the adjacent 
synclines may be exposed, and the structure of a region can 
be more carefully studied, Oil well drilling records, highway 
cuts, and stream erosion provide other sources of infor- 
mation through which a fairly satisfactory idea of the ar- 
rangement of the rock layers in synclines can be obtained. 

Folding in the earth’s crust accounts partly for the forma- 
tion of the Appalachian Mountains, the Swiss Alps, and the 
Himalayas. In the Appalachians, the folds were originally 
formed during the Appalachian Revolution, roughly 200 
million years ago. These folds, running in a northeasterly- 
southwesterly direction cover a good-sized portion of the 
eastern part of the United States between Alabama and 
Georgia on the south and New England and Nova Scotia on 
the north. In traveling east to west through these mountains, 
we can readily see the remnants of fold after fold that have 
been formed in the earth's crust. For instance, if we drive 
through Pennsylvania on the Turnpike, we pass through 
five tunnels, each almost a mile long, that burrow through 
the series of folds that make up these mountains. If all the 
folds in the Appalachians were smoothed out, the distance 
we would need to travel going east to west would be increased 
about 40 miles, West Virginia hill folk jokingly claim that if 
their state were ironed out flat it would be as big as Texas. 

The present surface of many parts of the Appalachians no 
longer corresponds to the original folds. In recent geological 
periods the folds have become stabilized, that is, they have 
not been distorted, pushed together, or pulled apart signifi- 
cantly, Erosion has removed most of the ridges and filled in 
the troughs to the extent that many of the present ridges are 
formed by erosion-resistant rock that at one time lay in the 
lower part of a fold. An examination of Fig. 6-3, which shows 
the present surface and subsurface structure of Limestone 
Ridge in Perry County, Pennsylvania, shows how erosion has 
greatly changed the landscape. The top of the original fold 
is now eroded away and the actual surface contours are now 
determined, not so much by the shape of the original fold, 
but by the different rates of erosion of the various parts of 
the fold. 

The Alps of Switzerland are partly formed of folds, but 
the folds are more complex than those of the Appalachians. 
In the Alps, some areas have been compressed laterally so 


Fig. 6-3. Cross-section of an Appalachian 
fold in Pennsylvania. (From a 
geologic map of Pennsylvania, 
Pennsylvania Topographic and 
Geologic Suryey, 1931) 
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much that the folds have overturned, causing certain parts of 
the fold to contain rock layers that are upside down compared 
to their original position. Before the concept of folding was 
understood, these upside-down rock layers presented a diffi- 
cult puzzle for the early geologist. The folded structure of 
the Alps has since been studied extensively, and quite satis- 
factory structures have been worked out, even for the most 
complex folds, The rocks that are folded in the Alps and the 
Himalayas are of Cenozoic Age, showing that these folded 
mountains are much younger (60 million years old) than the 
Appalachians. It is possible that the Appalachians were at 
one time as high or higher than the Alps, but because of their 
age they are now worn down by erosion to a fraction of their 
original height. 


6-3 Geosynclines 


A broad syncline several miles wide is often overlain by a 
broad flat valley that has accumulated a large amount of 
sediments. The whole structure—the downward warped 
rock layers and the accumulated sediments—is called a geo- 
syncline. A good example of a geosyncline is the Central 
Valley of California, which is almost 100 miles wide and con- 
tains 25,000 feet of sediments. Although this valley has sunk 
as it has collected sediments, the rate of subsidence has been 
nearly equal to the rate of accumulation of sediments, so the 
valley has remained about the same distance above sea level 
—an excellent example of the isostatic principle. Geosynclines 
are evident in Nevada, western Utah, Idaho, and eastern Ore- 
gon, as well as in various other parts of the world. 

In the geological past, there have been large geosynclines 
in many of the areas that are now mountainous. For instance, 
the Appalachian Mountains were formed out of the sedi- 
mentary rock layers that were originally desposited in a huge 
geosyncline during the early Paleozoic era, four or five hun- 
dred million years ago. At about the same time, an even larger 
geosyncline was building up sedimentary rocks in the region 
now occupied by mountains in the western part of the United 
States. Almost all major mountain ranges have been con- 
structed of geosynclinal rock layers, and it is generally 
believed that this is more than coincidence, although no satis- 
factory explanation has been found for the fact that many 
mountains rise up from geosynclines. Several theories have 
been suggested for the process by which mountains arise from 
lower and relatively flat country, and we shall consider these 
in a later section of the chapter. 


6-4 Faults and Joints 


Cross sections of the earth’s crust usually reveal a much 
more complex structure than that caused just by warps and 
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folds. When the forces in the earth's crust are too great or 
the rocks are too rigid to cause folding, then abrupt distor- 
tions occur. Such a rupture across the layers of rock is called 
a fault. Faulting is more complicated than folding in that it 
may be the result of either compressional or extensional 
forces, and when conditions are such as to produce folds and 
faults, very complex structures are formed, 

There are primarily three types of faults, as shown in Fig. 
6-4. A normal fault is the result of a rupture in a rock forma- 
tion where the earth’s crust is under tension, Forces tend to 
pull the rock layers apart, and in order to move, the rocks 
form a line of departure that is tilted. On one side of the 
fault line the rock moves downward, and on the other side 
the rocks move upward. 

A thrust fault is the result of compressional forces in the 
earth’s crust. These forces are probably similar to those caus- 
ing folds, but when the rock is too brittle to fold, it makes an 
abrupt break. One side of the fault moves upward and over 
the other side, which is forced downward and under the first 
side, 

In a strike-slip fault, the rocks on both sides of the fault Fig @4 ‘Types of faults: (a) normal, 
line remain nearly at the same level but one moves, say, east (b) thrust, and (c) strike-slip. 
while the other moves west. The forces that cause a strike- 
slip fault are probably the result of distortional stresses that 
build up in the earth’s crust in the form of potential energy, 
which finally reaches a point where the rocks are no longer 
strong enough to preserve the stress. A grinding, grating slip- 
page then occurs that may cause the earth in the vicinity to 
tremble mightily, What happens is that the potential energy 
is suddenly converted into kinetic energy. 

The tension in the earth’s crust is often relieved by the 
rock separating, but without the segments moving sideways 
with respect to each other. When rock structures are pulled 
directly apart in this manner the opening between the two 
sides is called a joint. A joint may range in width from only 
a fraction of an inch to several feet. It usually fills up with 
sediments, or, in deep underground processes, it may be- 
come filled with minerals of various types that are called 
veins. Almost all exposed rock exhibits jointing and faulting 
to some extent, Figure 6-5 shows the intersection of two 
fault lines in a series of limestone strata on the banks of a 
small stream, 

Much of our most scenic mountain landscape is the result 
of faulting and jointing, Although the mountains in the west 
are very complex, part of their formation can be traced to 
thrust faulting of the Cordilleran geosyncline about sixty 
million years ago, In contrast to the old Appalachians, which 
are folded mountains, the beautiful mountains of Glacier 
National Park are probably the remains of a massive thrust 
fault known as the Lewis overthrust, Many of the Sierra Ne- 
vadas and the mountains of the Nevada-Utah area have not 
been seriously eroded, so that we can still identify the struc- 
ture of the faults that produced them, 
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6-5 Earthquakes 


To observe faults and joints that have been formed in the 
dim past in order to understand the structure of the earth’s 
rocky crust is a relatively quiet activity, but it is quite an- 
other thing actually to be near a fault when the rocks snap 
apart and produce an earthquake, Although we hear about 
only a few of them, each year there are over a million earth- 
quakes on our planet, of which probably a dozen are strong 
ones. The earth, however, is shaken violently only about 200 
times each century. The most severe earthquake in recorded 
history occurred in 1755 just off the coast of Lisbon, Portugal. 
The shock demolished most of the city and damaged build- 
ings in cities within a radius of several hundred miles. A 50- 
foot wave, roiled up in the ocean by the initial shock, rushed 
into Lisbon, and, along with the original mechanical shock, 
was responsible for the loss of one-fourth of the city’s popu- 
lation. The earthquake was attributed to the sudden slippage 
of a submarine fault somewhere out in the Atlantic Ocean. 

In April, 1906, the famous San Francisco earthquake caused 
severe damage to that city and to others in the vicinity, but 
at the same time it considerably advanced our understanding 
of earthquakes. Prior to this earthquake an old strike-slip 
fault, called the San Andreas rift, had been studied carefully, 
This fault zone, several hundred miles long, had been a 
region of periodic activity, and it was surveyed with the ob- 
ject of finding out about the changes in the earth’s surface 
caused by earthquakes. The 1906 rupture was again a strike- 
slip fault that occurred along part of the San Andreas rift, 
and in some places there was up to 21 feet of lateral displace- 
ment. Property worth nearly 500 million dollars was destroyed 
or damaged, and over seven hundred lives were lost. 


Fig. 6-5. A geologist measures the incli- 
nation of two fault lines ex- 
posed in the rocky bank of a 
small stream, (Humble Oil & 
Refining Co.) 
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The fault that is the source of an earthquake usually ex- 
tends down into the earth’s crust some distance, for the center, 
or focus, of an earthquake is seldom near the surface, and it 
has been detected as deep as 400 miles under the surface. The 
point on the surface directly above the focus is called the 
epicenter, and it is this point that suffers the greatest shock. 
The energy associated with faulting is enormous. In the San 
Francisco earthquake, an estimated 10' joules or 7.38 X 
10'* ft-lb of work (force times distance) was performed by 
the potential energy stored up as tension and stress in the 
rocks on either side of the fault, and this work is equivalent 
to one thousand super H-bombs. This energy is not concen- 
trated at one place but is released over many miles of the 
fault and deep within the earth’s crust. Earthquakes probably 
produce as much energy in as short a time as any of the 
natural processes on our planet. It has been estimated that 
during the last hundred million years, the San Andreas fault 
has accumulated a lateral displacement of 300 km. 


6-6 The Earth’s Structure from Earthquake Studies 


Although earthquakes cause great damage, they have, iron- 
ically enough, given us invaluable information about the 
structure of the earth. The science of earthquakes is called 
seismology, and the instrument that is designed to measure 
the intensity, direction, speed, and shock effects of an earth- 
quake is called a seismograph. This device is essentially a 
pendulum suspended from a rigid support. Any tremor in 
the earth moves the support but the pendulum, because of 
its inertia, remains stationary. A stylus on the pendulum re- 
cords the tremors in the earth’s crust so that a permanent 
record of them is continually being made. 

Earthquake shocks travel through the various parts of the 
earth by wave motion. In Chapter 10 the subject of wave 
motion is described, but for our present purpose it is enough 
to know that two kinds of mechanical waves travel through 
solid material—primary (longitudinal) waves (P) and sec- 
ondary (transverse) waves (S). P-waves travel about 5 
mi/sec, and S-waves travel about 60 per cent of the speed of 
P-waves. When these two types of waves are detected at a 
seismographic station, the lag of the S-waves behind the P- 


March 16, 1963 


08.54 216 Greenwich time 


| 


09.02. 045 
Fig. 6-6. A seismogram made at Corval- 
lis, Oregon on March 16, 1963 
produced by an earthquake of 
magnitude 7, the center of 


which was in the Kurile Is- 
land region, some 4,500 miles 
away. (Courtesy of Joseph 
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waves is a clue to how far it is from the station to the point 
of origin (epicenter). Fig. 6-6 shows a difference of about 8 
minutes between the arrival time of the P- and S-waves, and 
the distance to the epicenter can be estimated. Along with 
similar data from other stations, the position of the earth- 
quake can be located. 

In addition to the P- and S-waves in the earth, there are 
two kinds of surface waves that travel at slower rates and 
consequently arrive at a seismograph after the P- and S-waves. 
The surface waves continue to travel around the earth, and 
the Chilean earthquake in May, 1960, was so severe that 
surface waves were detected several days after the quake. 
The earth even vibrated at 20-minute intervals for more than 
a month, 

From earthquake studies, the structure of the interior of 
the earth has been found to consist of three zones (Fig. 6-7 
and Table 6-1). The outermost, and thinnest, zone is the 
crust, which is about 25 miles thick, Most of the dry land 
areas of the world are covered with a mile or two of sedi- 
mentary rock, and the rest of the crust under these areas is 
granite and basalt, two rocks that are formed as the result of 
high temperatures. There is probably little or no granite 
under the oceans—only basalt. Of course there are places 
where granite and basalt are exposed on the earth’s surface, 
but in general they are covered with sedimentary rock. 


TABLE 6-1 


Under the crust is the mantle, which is about 1750 miles 
thick, Not too much is known about the composition of this 
zone except that it is probably uniform in composition and 
has a temperature of about 3000°C. Its upper part may be 
glassy or almost a fluid, although not in the ordinary sense of 
a liquid that flows easily. In addition to high temperature, 
the material in this zone is subjected to extremely high pres- 
sures (possibly 10,000 pounds per square inch at the bottom 
of the mantle). Since we do not know much about the be- 
havior of materials at these extreme conditions, it is difficult 
to describe them in terms of everyday experience. 

The innermost zone of the earth, the core, is about 2200 
miles in radius, It is made up of much more dense material 
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Fig. 6.7. Model structure of the earth 
based on earthquake studies. 
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than the rest of the earth—scientists now generally agree that 
it is mostly iron—and its average temperature is estimated to 
be 5000°C, Since S-waves do not pass through the earth’s 
core, at least the outer part of it must have liquid character- 
istics (S-waves are not capable of passing through a liquid), 
but the inner part is probably solid. The old idea of a liquid 
core has been repudiated by observations of the earth’s mo- 
mentum of rotation, That is, if the core, which is the densest 
part of the earth, were a liquid its lack of rigidity would 
permit the tidal friction caused by the moon to slow down 
the earth’s rotation at a faster rate than it actually does. 
Fortunately, in addition to earthquake waves, there are 
other means of studying the structure of the earth’s interior 
—its momentum of rotation, its temperature, its composition 
and density, and its place as a planet in the solar system and 
the universe, As we encounter further information and 
methods for studying the universe in later chapters, we will 
again consider the problem of the earth’s structure. Of one 


thing we are certain, there is much we do not know about 
the earth, 


6-7 Metamorphism 


At one time or another, many of us have placed a penny 
on a railroad track, stood back, and watched a train pass 
over the coin, Although the composition of the penny is not 
changed, its shape, size, and surface markings become greatly 
altered, Instead of a circular disk, the coin is pressed into a 
thin, elliptical object that has only a trace of its original mark- 
ings. The penny, in short, has undergone a process of meta- 
morphism, which means its characteristics have been changed 
by the application of great pressure, Fig. 6-8 (middle). In ad- 
dition to pressure, metamorphism may also involve the effects 
of heat and solution, but they will be discussed in later 
chapters. Since metamorphic processes occur well down in 
the earth’s crust, we can never examine metamorphism in ac- 
tion, but as in the case of the penny above, we can examine 
rocks both before and after they have been subjected to it. 
Sedimentary rocks on the surface are often forced downward 
by folding or faulting, and the great pressure at the lower 
depths causes distortions and changes in the structure of the 
rocks, as shown in Fig, 6-8. The crystals embedded in the 
rock may become elongated and thin, or they may become 
twisted and fractured, depending upon the severity of the 
metamorphic process. 

In Chapter 4 we considered some of the common sediment- 
ary rocks—shale, sandstone, limestone, and coal. When these 
parent rocks are subjected to high pressures and tempera- 
tures, they become metamorphosed into daughter rocks that 
have the same or similar composition but a considerably dif- 
ferent physical appearance. Table 6-2 gives the relationship 
between parent and daughter rocks, 
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Fig. 6-8. Forces in the metamorphic proc- 
esses within the earth’s crust. 


Equal forces 
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TABLE 6-2 


A foliated rock, such as slate, when shattered with a sharp 
blow breaks into layers which indicates that it was formed 
primarily by a direct, downward pressure, as in Fig. 6-8 
(middle). The original laminar appearance of shale is still 
apparent in slate, but the layers are much more compacted. 
Further metamorphosis of slate produces a schist, a rock in 
which there is no trace of the original structure of the shale, 
except that it is made up of extremely fine layers. In contrast 
to foliated rocks, unfoliated rocks show no layered structure. 
When shattered they break haphazardly across crystals and 
follow no particular pattern of rupture. Marble is limestone 
that has been metamorphosed by heat and pressure, and it 
often shows variegated or veined coloring that hints of the 
process in Fig. 6-8 (bottom). Quartzite, formed by both 
heat and pressure from either sandstone or chert, is a homo- 
geneous rock much more compact and harder than its par- 
ent rock, In anthracite, the original sedimentary lines are still 
evident, but the structure has been greatly compacted, 


6-8 The Origin of Mountains 


Mountains, like people, are often reluctant to reveal their 
origins. Usually they have been formed by complex processes 
involving all kinds of displacements—warps, folds, and faults 
—in enormous crustal movements that would make the 1906 
earthquake seem puny indeed. Following these crustal move- 
ments, erosion by water and ice further obscure the structure 
of the original mountain. The geologist, consequently, is 
usually very cautious in describing the process by which a 
particular mountain was formed. Let us now consider the ma- 
jor processes of mountain formation and examine a few 
examples of each. 

Erosional mountains, At first, it would appear impossible 
to produce a mountain by erosion, but if we recall what a 
Mountain is—a region that is noticeably elevated above its 
surroundings—we soon see how erosion can make a mountain. 
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If a large area, such as the Colorado Plateau, the Ozark 
Plateau in Arkansas, or the Catskill region in New York, is 
upwarped, subsequent erosion may remove part of these flat, 
upland regions and leave uncroded areas of mountainous size 

The Catskill Mountains were formed by erosion. The orig 
inal plateau was 5000 feet above sea level, and the bottoms 


of the valleys are about 2000 feet above sea level. These 
3000-foot mountains are composed of nearly flat layers of 


sedimentary rocks, and since the end of the Paleoz 


ic time, 
erosion has been the primary change in this region, All the 
mountains have sedimen 


y layers that correspond to each 
other, showing that they were all part of the same land mass 
at one time. The Ozark Plateau, particularly in its western 
parts, is composed of erosional mountains, and here again the 
sedimentary rocks have not been disturbed except through 
the gradual process of erosion, Figure 6-9 shows a group of 
horizontal layers of sediments that has been eroded into a 
mountain 

Accumulation mountains. The most common mountain pro 
duced by accumulation is a volcano. A volcano is produced 
by the heat within the earth's crust, and since we can more 
fully appreciate its formation after a study of heat, we will 
reserve a more detailed consideration of volcanoes until a 
later chapter, For our present purpose, we can say briefly 
that a volcanic mountain is a deposit of rock, lava, and dust 
that has been spewed out of the volcano 

Diastrophism mountains, Diastrophism is the word we ap 
ply to any or all of the mechanical changes in the earth's 
crust—folding warping, jointing, and faulting, Naturally 
mountains formed by diastrophic processes can be very com 
plex, because upwarping can be followed by folding, followed 
by faulting and more folding and jointing, and so on. The 
Appalachians are good e xamples of folded mountains, as we 


have already seen. Yet. in this range of mountains, which is 
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„ mountain produced 
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ly a group of folds, there is much faulting, particularly 
in the southern parts. For example, in the sharp folds of cast- 
orn Tennessee, nine major thrust faults have been detected 
and measured, all within a distance of only 20 miles, Most 
of these faults have the overlapping wall facing the west, in- 
dicating that the force which caused these faults came from 
the east and pushed the upper part of the earth's crust to the 
west, There was probably a succession of three main events 
in this region—folding, followed by faulting, and then finally 
more folding. The fault lines themselves are twisted, show- 
ing that folding followed the faulting, and the rock layers 
show two groups of folds, one formed after the fault and the 
other before, 

In the basin ranges in Nevada, Arizona, and Utah there are 
many fine examples of mountains produced primarily by 
faulting. The Sierra Nevadas, which are among the highest 
mountains in the world (those bordering Death Valley are 
over 11,000 feet above the floor of the valley 10 miles away) 
are mostly the result of a fault tilted downward toward the 
west, That is, the region to the west of the fault line (or 
possibly several fault lines) has moved upward producing 
mountains that are over 14,000 feet above the region east of 
the fault line, A few mountains in this region were formed 
by thrust faults, the overlapping face of the upper side still 
being exposed as evidence of the type of faulting that pro- 
duced the mountain. Most of the faulting, however, is the 


primarily the result of thrust faulting and folding, produced 
by compressional forces in the earth's crust. Many of these 
faults are quite shallow, the upper portion of the fault (see 
Fig, 6-4b) being almost a sheet that has been moved hori- 
zontally for some distance over the lower part of the fault. 
These thrust sheets are so thin that they contain no metamor- 
phic rocks. The faults in Nevada have thrown up metamor- 
phic rocks, which are evidence that the faulting action 
involved rocks much farther down in the earth's crust than 
did the faults in the Rocky Mountains, In addition to the 
e faulting, much of the Rocky Mountain area is also 
lolded. 


6-9 Theories of Mountain Formation 


Even though we might know how a particular mountain 
was formed, the big question still remains—what is the source 
of energy that produces folds and faults? In other words, 
what are the primal forces that are large enough to make 
mountains? Scientists are confronted here with a difficult 
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problem. Although not nearly enough information is avail- 
able to solve the riddle, several possible explanations have 
been proposed, One theory is based on the belief that the 
earth is slowly cooling down and that consequently its crust 
is being compressed, causing folding and thrust faulting. This 
sounded reasonable until recent studies have revealed that 
the earth’s temperature has been constant—kept warm prob- 
ably by radioactivity—for up to two billion years, covering 
the time during which much diastrophism has occurred, This, 
this theory is no longer viewed as an adequate explanation 
for the changes that have occurred in the earth’s crust. 

Another theory of mountain formation, called the convec- 
tion cell theory, is based on the heat inside the earth, In any 
fluid system, unless there is perfect insulation, convection 
currents, or movements of the fluid, transmit heat from one 
part of the system to another. In Fig. 6-10 a tank of water is 
being heated at two points. The liquid at these points is 
warmer and therefore has a lower density than the cooler 
liquid elsewhere in the tank. This difference in density causes 
an upward movement of the warm liquid and a downward 
movement of the cooler liquid in what are called convection 
cells, or regions of circulation. On the surface at the middle 
of the tank, compressional forces will concentrate because 
the liquid from the two convection cells meets there, With 
a liquid such as water these compressional forces will not be 
large because the viscosity, or resistance to flow, is not great. 
But if we liken the tank of liquid to a portion of the earth in 
which the convection cells are thousands of miles in size, 
then we have another story. On the surface of a very rigid 
fluid, the compressional forces would be quite large, and it 
has been estimated that these forces may be sufficient to pro- 
duce the diastrophism that has made our mountains, Pro- 
ponents of this theory believe that those parts of the earth 
involved in such a convection cell move only a few centi- 
meters each century. Over an extended period of time, how- 
ever, the earth's crust would become crumpled (faulted) or 
wrinkled (folded) depending upon the nature of the mate- 
rials, the speed with which the compressional forces act, and 
the temperature. 

Figure 6-11 shows a working model of the convection cell 
theory, Two cylinders covered with a smooth layer of plastic 


Fig. 6-11. Model of the plastic flow of the 
earth's crust in the convection 
cell theory of mountain forma- 
tion. Note the upheavals pro- 
duced in the originally smooth 
plastic surface by the rotating 
cylinders, 


no 


Fig. 6-10. Cross-section of a tank of liquid 


showing the formation of con- 
vection cells, 
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material, which is comparable to a layer of sedimentary rock 
in a geosyncline, are rotated toward each other, thus setting 
up a situation like that produced by the convection cells in 
the preceding figure. As the cylinders are rotated, the plastic 
material is compressed by lateral forces and piled up into 
ridges or folds whose surface is not unlike the ridges or folds 
that occur in nature. The convection cell theory is based on 
the existence of warmer and cooler areas inside the earth's 
mantle, a characteristic of the mantle that has never been 
detected by seismographic observations. In other words, the 
convection cell theory does not fully agree with the informa- 
tion we have concerning the composition and behavior of the 
interior of the earth. 

Since almost all mountain ranges have been forced upward 
from geosynclines, we might re-examine a geosyncline in our 
search for a possible answer to the mountain-building puz- 
zle. The convection cell theory includes a geosyncline in the 
center of Fig, 6-10, but there is some question regarding the 
source of energy that powers the whole process. In a geo- 
syncline, there may be enough power derived directly from 
the force of gravity to elevate mountains to great heights. 
In the formation of a geosyncline, the weight of new sedi- 
ments forces the old sediments downward, and the general 
structure after a long time shows a series of downwarped 
sedimentary layers that in some instances extend to a depth 
of 40,000 feet or more. These layers do not take on a flat 
shape, but are gradually downwarped, fitting into the bottom 
of the trough as more layers pile on top. The layers are thick- 
est near the center and thinnest near the edge of the trough 
(Fig. 6-12), In effect, as a layer of rock is pushed downward 
a force of tension is built up in it at the same time that a 
force of compression builds up in the upper layers. These 
are action and reaction forces, initially set up by the force of 
gravity pulling downward upon the accumulated sediments 
in the geosyncline. 

Reference to Fig. 6-12 will show how these forces operate. 
If a sheaf of papers is held firmly at the edges and then 
slowly bent downward in the middle, the lower papers are 
stretched while the upper ones are compressed or forced into 
wrinkles or folds. This is a model of the tension-compression 
theory of mountain formation, but several questions must be 
answered before such a theory is fully satisfactory. Are the 
rock layers on the bottom of the geosyncline strong enou 
to withstand the tension forces that would be needed to 
cause the upper layers to undergo folding? If not and a lower 
layer snaps apart under the tension force, a normal fault oc- 
curs, causing an earthquake deep down in the earth's crust. 
Are these tension-compression forces great enough to force 
parts of the upper earth’s crust into folds and faults? At the 
present we do not know, but since almost all mountain ranges 
rise up from geosynclines, it is not unlikely that mountains 
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Fig. 6-12. The compression-tension theory 
of geosynclinal mountain for- 
mation. 
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are produced by forces that are inherent within the geosyn- 
cline itself. 


6-10 Summary 


In this chapter we have seen how the fundamental laws of 
force and motion operate on a grand scale in the natural 
world. 

A warp is either a gentle downward or upward displace- 
ment of the earth’s crust that extends over several miles. 
Downward warps are called basins, upward warps are called 
domes. 

Folds are wrinkles produced in the earth’s crust by com- 
pressional forces. The upper part of a fold is an anticline 
and the lower part is a syncline. In newer mountains, the 
anticlines are often visible, but in older mountains regions 
they are usually worn down by erosion until sometimes even 
the syncline is exposed. 

Related to the syncline in shape, though on a much larger 
scale, is the geosyncline, which is an accumulation of sedi- 
ments that forces the earth’s crust downward into a huge 
trough. Most mountain ranges evidently are formed from 
geosynclines, 

Faults and joints are abrupt ruptures of the earth’s crust. 
They are produced by compressional or tensional forces that 
operate vertically, horizontally, or at other angles. Depend- 
ing upon the forces involved, faults may be normal, thrust, 
or strike-slip; in each case they are evidences of great forces 
in operation. A joint is caused by tension forces that literally 
pull the rocks apart. 

Earthquakes are the result of faults that occur either at the 
surface or deep within the earth’s crust, Studies of the shock 
waves produced by earthquakes have given us a picture of 
the interior structure of the earth. Under a relatively thin 
crust is the mantle, and at the center is a core. The composi- 
tion of the mantle and of the core, though far from certain, has 
been deduced from these studies. 

Forces in the earth are sufficient to modify rocks through 
metamorphism. In this chapter we examined briefly one group 
of metamorphic rocks—those formed from sedimentary rocks, 

Mountains are formed by erosion, accumulation, and di- 
astrophism. Diastrophism, such as folding and faulting, has 
produced most of our mountains from geosyncline regions, 
In Chapter 24 we will see another type of mountain—those 
formed by volcanoes, 

Finally, several theories of mountain formation were con- 
sidered, and some typical mountain ranges were described as 
examples of them. Since it is difficult experimentally to verify 
these theories, there is no common agreement on their valid- 


ity. 
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EXERCISES 


A. KEY TERMS TO REMEMBER 


anthracite fold quartzite 

anticline joint slate 

basin law of original seismograph 

convection cell horizontality strike-slip fault 
theory mantle syncline 

core marble tension-compression 

crust metamorphism theory 

diastrophism normal fault thrust fault 

earthquake warp 

geosyncline 


B. QUESTIONS ABOUT FORCES AND MOTION IN 
NATURAL PROCESSES 


1. If you discover a layer of sedimentary rock that is horizontal, 
can you be absolutely sure that it has never been disturbed since 
it was originally formed? 


2. Why is it more difficult to detect and study a syncline than 
an anticline? 


8. Do warps occur in mountain regions? If so, is it easier or 
more difficult to find them there than on the plains? 


4. Describe the difference between warping and folding. 


5. Suppose a flat region near the sea underwent severe folding. 
Would you expect the coast line to advance landward or sea- 
ward? 


6. If a syncline becomes filled with a thick layer of sedimentary 
deposits, what happens to the elevation of the original syncline? 


7. What is the difference between a syncline and a geosyncline? 


8. Which of the two fault lines in Fig. 6-5 probably occurred 
first? Is enough information available in this illustration to classify 
the type of fault? 


9. Which kind of coastline would probably provide better sea- 
ports—a coastline that is advancing landward or one advancing 
seaward? 


10. Which kind of coastlines, advancing landward or seaward, 
would probably produce (a) a beach, ideal for auto racing, (b) 
the most scenic type of coast (e) a wide, sandy beach but edged 
with cliffs? 


11. From an inspection of the Pacific Coast of the United 
States, would you say that the land along the coast is ris gir 
falling? 

12. If the isostasy principle holds, would more or less rock than 
predicted by ordinary surveying methods need to be removed in 
making a highway cut through a ridge? 

_ 13. An earthquake may topple large, well-constructed build- 
ings and at the same time leave small, flimsy structures un- 
affected. Why? 
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14. Suppose you were sitting quietly and noted an earth tremor 
that was followed by another tremor about 4 seconds later, At 
what distance would you estimate an earthquake had occurred? 


15. Which type of folded mountain would probably be more 
accessible for geological study: a young and uneroded one, a 
partially eroded one, or a fully eroded one? 


16. Make a list of the theories of mountain formation and show 
the following: the basic concept involved, the source of energy 
that makes the mountains, and the agreement with observations, 
Which theory appears most reasonable to you? What additional 
information would be needed to test fully your favorite theory? 


17. At the end of Chapter 2 you wrote definitions of mass, 
Space, time, and energy. Review your definitions and re-define 
these terms in view of your study of the last few chapters. 
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The Solar System 


Gg us now turn our attention from the earth to a different 
‘portion of the universe—the space around the earth we can 
explore with the naked eye. At one time or another, most of 
us have gazed skyward at night and wondered about the 
host of stars that dot the heavens. We have noticed the moon 
grow brighter from night to night and then wane into dark- 
ness. Against the backdrop of the stars, we have seen other 
bright heavenly bodies, the planets, move somewhat irregu- 
larly across the sky. Occasionally, we have been startled by 
the bright streak of a meteor which flashes by as if a giant 
had suddenly scratched a luminous mark upon the heavens. 

For centuries, the natural curiosity of man has caused him 
to ask such questions as: Why does the sun rise and set? 
Why do all the planets revolve in the same direction? What 
causes the change of seasons? Attempts to answer these and 
similar questions have led man through a long and difficult 
search for suitable explanations. By examining the develop- 
ment of these explanations, we can find out not only how our 
present conception of the solar system was derived, but also 
how the scientific method operates. Keep in mind that our 
present notions are not necessarily correct, and that newer 
and more accurate theories are likely to be proposed in the 
future, A study of the solar system, especially after our ex- 
perience over the centuries, should demonstrate that in 
Science we may never have the final answer to a problem and 
should make us think twice about our modern tendency to 
think smugly that we have attained perfection in our theories 
and laws. 
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7-1 Early Greek Concepts of the Solar System 


It is strange that early man’s curiosity was attracted to the 
sun, moon, and stars, and that quite early in the history of 
science, natural philosophers applied their intellectual efforts 
toward explaining the behavior of these celestial bodies. The 
earliest concept that merits our attention here stems from the 
Greek philosophers in the fourth century B. G. At this time it 
was quite well established, through direct visual observation, 
that the “fixed” stars were located on the surface of a large 
sphere inside of which moved the planets, the sun, and the 
moon. The question of the relative motions of these bodies 
with respect to the earth constituted one of the most chal- 
lenging problems to the Greek philosophers. 

From our modern point of view we may be prone to under- 
rate the ability and intellectual integrity of these early natural 
scientists, but within the frame of reference in which they 
lived, their contribution was indeed a significant step. These 
early workers were not equipped with an understanding of 
the scientific method as we know it, but rather their approach 
was of philosophic, or metaphysical nature. For example, 
Plato noted the frequent circular motion of the sun and stars 
as they moved with respect to the earth. Consequently, he 
proposed that all bodies in the sky move in circular paths 
and that the planets (from the Greek for wanderer) moved 
in complex circular paths, When a piece of information did 
not fit the ideal picture of circular motion, the information 
rather than the theory, was questioned. 

One solution to Plato's problem devised by his student 
Eudoxos, required 26 complex circular motions to describe 
the movements of the planets. Aristotle added another 29 
circular motions to explain some of the details Eudoxos missed, 
yet even in his system there were glaring omissions, It 
was known, for example, that some of the planets periodically 
seemed to recede from and advance toward the earth, Aris- 
totle discounted this observation as insignificant, although 
later, of course, it was found to invalidate the whole scheme, 

Another group of Greek scholars suggested that the sun is 
the center of the solar system, This heliocentric or sun-cen- 
tered theory accounted for the receding and advancing posi- 
tions of the planets, but most of the contemporaries of these 
imaginative observers were unwilling to accept it because the 
earth, the home of man, was considered the natural center 
of the universe—it was inconceivable to most of the men of 
that time that anything but the world could be the center of 
everything. In addition, the followers of Aristotle cleverly 
argued that if the earth moved, as in Fig. 7-1, then the posi- 
tion of the stars would be slightly altered from season to sea- 
son. That is, when a near star, at point A in the figure, is 
observed in the summer it will appear against the backdrop of 
the stars at C. The same star observed in winter, however, 
will appear against a different group of stars. This shift is 
called the annual parallax, but the Greeks were unable to ob- 
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Fig. 7-1. The annual parallax of the stars 
in a heliocentric system. 


serve it and they refused to accept the heliocentric theory. 
It was not until 1838 that, with the aid of astronomical tele- 
scopes, the annual parallax was observed and measured, 
Scientists during the Renaissance were able, through more 
sophisticated reasoning and with more accurate observations 
than the Greeks, to prove the validity of the heliocentric 
theory. 

Let us further examine the geocentric or earth-centered 
theory before turning to the heliocentric theory because here 
was an idea that held the mind and interests of man for over 
a thousand years, Byzantine and Arabic astronomers knew of 
it, and it became an important element in European thought, 
particularly during the latter part of the Middle Ages. Fur- 
thermore, the gradual evolution of ideas about the solar sys- 
tem is indeed an interesting case study of how a scientific 
theory is developed. 


7-2 The Ptolemaic Universe 


Fig. 7-2. The geocentric theory of Ptol- 
emy. 


Claudius Ptolemy, a geographer and astronomer of Alex- 
andria in the second century A-D., is responsible for bringing 
the geocentric theory of the solar system into popular accept- 
ance. In his theory, he attributed the rising and setting of 
the sun and the moon to the circular orbits of these bodies 


around the earth (Fig. 7-2). The sun, he explained, travels Rotation ae 
around the earth once in 24 hours, the moon once in almost of whole „ hie 
25 hours. Since the movements of the planets are more com- universe N 
plex, they required a more elaborate model to describe their — Jem NG Fae 
paths around the earth, If we were to observe the planet . 
Mars over a period of time, as Ptolemy did, we would see ate 


8 S 
that from night to night it moves in an easterly direction in west N 


N 
relation to the stars in the background, but after a while, it e Mon A 
slows down in its easterly motion, turns to the west briefly, \ \ 
and then returns to its original easterly movement (Fig. 7-3). \ 
Ptolemy tried to account for this retrograde movement of I 
the planets to the west by saying that in addition to their Erh MN 
regular circular orbit about the earth, the planets simultan- (fixed) . oY 
eously revolve in a much smaller circular orbit, or epicycle, =< j 
of their own (Fig. 7-2). By selecting the proper rates of 
revolution in these two orbits, Ptolemy convincingly explained 
the retrograde motion of the planets. It is not difficult to see 
that if a planet were to move in this fashion it would appear 
to move forward, then periodically fall behind for a bit, and 
then advance forward again. 
The Ptolemaic theory also accounted for the fact that the 
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Fig. 7-3. The apparent retrograde mo- 
tion of Mars as explained first 
by Ptolemy and later by Co- 
pernicus, 


sun as well as the planets vary in their distances from the 
earth. For instance, the sun is noticeably—three million miles 
—nearer the earth in winter than it is in summer. Why then, 
you may wonder, is it not hotter in winter than it is in sum- 
mer? The reason is that the earth’s axis is at an angle which 
causes the Northern Hemisphere to be tilted toward the sun 
in summer and away from the sun in winter. The sun’s rays, 
consequently, strike the Northern Hemisphere at a greater 
slant in winter than in summer, and their angle to the earth 
affects the seasons more than the varying distance between us 
and the sun. Moreover, since the average distance from the 
earth to the sun is about 93 million miles, the 3-million-mile 
variance is not a large one relative to the whole distance, 

In summary, Ptolemy's theory held that the heavens are a 
huge sphere, and at the center of this sphere is an immovable 
earth, around which revolve the sun and the planets in a 
complex combination of at least 70 circular motions. 

The Ptolemaic theory explained the facts as they were 
known at that time, It predicted the movements of the plan- 
ets and other heavenly bodies accurately enough for navi- 
gation purposes. It showed that the stars should exhibit no 
annual parallax, and above all it was accepted and approved 
by the contemporary religious leaders, Furthermore, we must 
not lose sight of the fact that a geocentric model of the solar sys- 
tem appeals to “common sense.” Even today we commonly 
speak of the sunrise and the sunset, implying that it is the sun 
that moves with respect to the earth, Although common sense 
is at times a dangerous criterion to use in science, it has served 
effectively countless times as a guide in the search for a 
simple and adequate answer to a scientific problem. For al- 
most two thousand years the geocentric concept was the pre- 
vailing view—first of the Greeks, then of Ptolemy and his 
fellow Alexandrians, and then of both the eastern and western 
divisions of Christian Europe. By the time of the Renaissance 
in 1500, however, new data and more penetrating analyses 
Subjected the theory to a severe rational test. 


7-3 Copernicus and the Heliocentric Theory 


On his deathbed in 1543, Nikolaus Copernicus saw the first 
Copy of his famous book, Revolutions of the Heavenly Spheres, 
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in which he proposed that the sun, not the earth, is the center 
of the solar system. In a way he was fortunate that the book 
had not been published sooner, because the geocentric theory 
had become so thoroughly established that it was dangerous 
to publicly oppose it, For many years after the Copernican 
system was first proposed, advocates of it were persecuted, 
Bruno, an Italian philosopher and a contemporary advocate 
of Copernicus’ theory, was burned at the stake in 1600 partly 
for his outspoken support of the revolutionary theory. 

Copernicus was one of the men who created the Renais- 
sance, along with, to mention just a few, Columbus, Vasco 
da Gama, and Magellan in geographical exploration, Michel- 
angelo and da Vinci in art, Luther and Zwingli in religion. 
He lived in a time of artistic expression and of commercial 
and military expansion, and it was in this lively period that 
modern science was born, Although trained in medicine and 
economics, Copernicus became intensely interested in the 
structure of the solar system, He was a good mathe- 
matician, and before he died he had developed his 
theory to an extent that eventually caused it to be accepted 
as superior to the Ptolemaic theory in its explanation of the 
structure and behavior of the sun’s family. He failed to ex- 
plain many things, but the general framework of his theory 
was sound, especially after Kepler replaced circular orbits 
with elliptical orbits in experiments that we will consider in 
detail later. Copernicus, in short, forced the world to take 
probably its greatest single leap forward in its knowledge of 
the universe. 

The Copernican theory set the sun at the center of the 
solar system (Fig. 7-4) and said that the earth and the other 
planets (six were known at the time) travel around it in 
circular paths, a proposition that greatly simplified the Ptole- 
maic view of how these various bodies move. The sun re- 
mains fixed in position with respect to the circular orbits of 
the planets, although Copernicus had to assume that the sun 
is slightly removed from the center in order to account for 
the receding and advancing position of the earth from sum- 
mer to winter. In contrast to the Ptolemaic system, the Co- 
pernican theory held that the earth rotates on its axis and 
that this spinning action produces the effect of a rising and 
setting sun, The new theory, however, still considered the 
stars to be fixed in a huge sphere in much the same manner 
as that proposed by Ptolemy. 

In the Copernican theory, the retrograde motion of the planet 
Mars is explained by the fact that both Mars and the 
earth move in the same direction in their orbits around the 
sun (Fig. 7-3). Since the earth is closer to the sun than Mars, 
it will be accelerated around the sun at a more rapid rate 
than Mars—the earth revolves once in 12 months, while Mars 
requires 22,6 months to make the circuit. Consequently, the 
earth periodically will catch up with Mars and pass it. To 
an observer on the earth, as we have seen, Mars appears to 
stop in its usual easterly motion, and, while the earth passes 
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it, appears to move toward the west. We note the same effect 
of relative motions when we pass another car on a highway. 
Before and after we pass the car, it appears to be traveling 
in the same direction as we are. But during the few moments 
we are side by side with the other car, it appears to be moving 
in the opposite direction. This explanation of the retrograde 
movement of the planets was, because of its simplicity, much 
more appealing than Ptolemy's complicated system of epi- 
cycles, 

The opponents of the Copernican theory, which at first in- 
cluded nearly everyone, tried to discredit Copernicus by ask- 
ing him embarrassing questions. One of the first things they 
wanted to know was why the earth, if it revolves around the 
sun, does not fly away from the sun, much as mud flies off 
a rapidly turning wheel. To this, Copernicus replied that the 
bodies in his system were not likely to fly apart because they 
did not move as fast as the ones in the geocentric system, in 
which the sun circles the earth every day, Today, of course, 
we know that the planets are held in their orbits by the force 
of gravity, but, at that time, the work of Galileo and New- 
ton was yet to come, 

The disbelievers also naturally asked why there was no 
parallax among the stars (Fig. 7-1). This was a tough one 
for Copernicus, but he suggested that the stars are much 
farther away from the solar system than originally believed, 
so far away that the best instrument of the day could not 
detect the parallax. This argument convinced few of Coperni- 
cus’ contemporaries because they could not conceive of the 
universe as being so large. Furthermore, with Heaven in the 
starry sky and Hell beneath the earth, the faithful of the time 
did not care to be isolated even more from a Heaven that 
was becoming increasingly distant. The Copernican theory, 
however, was gradually accepted as valid, even by the 
Church, primarily because of its simplicity. In contrast to 
over 70 combinations of circular orbits in the geocentric 
theory, the heliocentric theory required only 34. Although 
both theories accurately predicted the behavior of the plan- 
ets, science, which tends to seek the simplest answer to a 
problem, chose the simpler view as soon as human prejudices 
were overcome, 


7-4 Theory in Physical Science 


Now is a good time to re-examine the role of theory in 
physical science, In Chapter 1 we surveyed the scientific 
method and found that one important feature of it is the 
formulation of a theory. The primary purpose of a good theory 
is to enable us to see a natural phenomenon as part of a 
simple, unified whole, Even though our observations may re- 
veal a certain number of facts, and these facts may be sum- 
marized into a law, there remains this unique feature of the 
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scientific method to help us gain an insight into why and 
how the phenomenon exists and operates. 

Let us list briefly the requirements of a good scientific 
theory and then see how the Ptolmaic and Copernican the- 
ories compare in the light of these criteria. An acceptable 
theory should: 


1. Correlate many facts in a single, unified concept. 
2, Suggest new ideas and stimulate research. 


3. Be useful in solving long-range problems and in making 
predictions that can be checked by experience. 


4, Be based on as few and as reasonable assumptions as 
possible. 

5. Be able to accommodate new ideas and concepts when 
necessary. 


Needless to say, it is difficult to formulate a theory that meets 
all these requirements, and many of our scientific theories 
fall short of these standards, Indeed, we are fortunate when 
we produce a theory that fulfills all these requirements. Ifa 
theory does not explain all the facts, it must be modified or 
we must seek a more adequate theory, and if a theory fails 
to accommodate or stimulate new ideas and research, it falls 
into disrepute. The Ptolemaic theory, as we have seen, served 
for many centuries, but as more information and observations 
became available, it was no longer adequate, even with modi- 
fications. Hence, it had to be discarded because it was not 
productive as a workable theory. 

Here are some of the facts that must be explained by any 
astronomical theory. The earth is an oblate sphere, 26.7 miles 
greater in diameter at the equator than at the poles, and its 
gravity vector is greater in magnitude at the poles than at 
the equator. Ocean and air currents travel in clockwise cir- 
cuits in the Northern Hemisphere and in counterclockwise 
circuits in the Southern Hemisphere. Another fact to be ac- 
counted for is the behavior of the so-called Foucault pendu- 
lum. In 1851 Jean Foucault suspended a metal ball on a wire 
200 feet long from the ceiling of the Pantheon in Paris. He 
set the ball into a to-and-fro swinging motion and observed 
that its path gradually changed with respect to the floor. With 
the passage of time the path of the pendulum deviated more 
and more from the path of its original swing, which Foucault 
had carefully marked. Since there was no force that could 
have caused the pendulum to change its path, he concluded 
that the change was due to the rotation of the earth beneath 
the pendulum. At the North Pole, the pendulum would turn 
through a complete circle in 24 hours—actually the pendu- 
lum would continue to swing in its original path while the 
earth beneath it rotated. Foucault thus provided the first 
direct evidence that the earth spins on its axis. 

Still another fact that a theory must explain is the peculiar 
way the light from the stars strikes us. This peculiarity, called 
aberration, is caused by the movement of the observer, in 
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much the same way that a man sees raindrops seemingly 
slanting toward him when he runs through a rain storm. Even 
though the rain falls nearly vertically, the drops will seem to 
come at the man at an angle, and the faster he moves the 
greater the angle will appear to be from the vertical. If we 
consider the falling raindrops to be the light coming to us 
from a star, we have an accurate illustration of the aberra- 
tion of starlight. James Bradley in 1728 observed that as the 
earth moves across the path of light coming from a star, the 
star appears to be slightly displaced from the position it has 
when the earth moves either directly toward or away from 
the star. This slight displacement is in the direction of the 
motion of the earth and confirms the theory that we move 
in an orbit around the sun, By measuring the amount of aber- 
ration, astronomers can tell us how fast we are moving. Their 
calculations show that we are traveling through space at the 
rate of 18.5 mi/sec, a speed that turns out to be exactly that 
required to get us around the sun in one year, 

All these facts—the oblate shape of the earth, the curva- 
ture of air and ocean currents, the variation in the gravity 
vector, the Foucault pendulum, the annual parallax, and the 
aberration of starlight—are most readily explained by the 
concept of a rotating earth revolving around the sun, Now 
we can go back to the criteria of a good theory at the begin- 
ning of this section and assess the Ptolemaic and Copernican 
theories. The Ptolemaic theory, as we see, falls down on points 
3, 4, and 5 outlined above. It did not accommodate much of 
the new information found in the years following the inven- 
tion of the telescope, it failed in making satisfactory predic- 
tions of the movements of the planets, and it was not nearly 
as simple as the other theory, The Copernican theory, on the 
other hand, has fulfilled all five requirements, It has been 
notably successful in accommodating new information, par- 
ticularly the discovery of several new planets that were un- 
known at the time of Copernicus. As we shall see in the next 
Section, it was through the application of this theory and the 
laws of gravity and motion that the existence of these un- 
known planets was predicted. In view of our best information 
today, the idea that we are in a solar system with a sun at its 
center and with planets revolving around the sun is more 
adequate than any other theory that has been proposed. How- 
ever, we must not think that this theory will never be changed 
or supplanted—it is just the best one we have with our pres- 
ent state of knowledge, 
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7-5 The Planets and Their Orbits 


There are nine planets in the solar system, and they all 
move around the sun in the same direction and in nearly the 
same plane as the earth revolves around the sun. To a space 
traveler approaching the sun, the solar system with its nine 
planets would appear very flat and pancake shaped (Fig. 

7.5), Pluto, which is really not a full-blown planet but in a 
class by itself, is the most erratic of the planets, and it re- 
yolves in an orbit that it tilted 17 degrees from the plane of 
the earth’s orbit. Furthermore, each of the planets spins on 
its own axis at rates varying from once in 10 hours for Jupiter 
to once in 88 days for Mercury, With the exception of Uranus, 
the axes of rotation of the planets are tipped slightly, several 
ol them being tipped at almost the same angle as the earth 
—23,5 degrees. Uranus is tipped 98 degrees, with the result 
that there is a 42-year “summer” and a 42-year “winter” at 
each of its poles during the 84-year period of its orbital cycle 
around the sun. Uranus’ five moons, incidentally, are in orbits 
that are also tipped about 98 degrees. 

The inner planets revolve around the sun at a faster rate 
than do the outer planets: Mercury travels almost 30 mi/sec 
while Pluto creeps along at less than 3 mi/sec. Remember 
J that the planets are constantly being accelerated toward the 
dun by the force of gravity, which is proportional to the prod- 
uct of the two masses involved and inversely proportional to 
the square of the distance between them. Although Pluto is 
several times heavier than Mercury, it is almost 100 times 
farther from the sun, and consequently there is a much 
smaller gravitational force acting on it than on Mercury. Since 
Mercury is accelerated toward the sun with a greater force, 
it must revolve at a higher rate so its centrifugal force will 
balance the gravitational attraction of the sun. While Pluto 
is revolving around the sun once, Mercury makes over a 
thousand revolutions. 

The factors of size, shape, density, movement, and distance 
from the sun seem to classify the planets in two major groups 
che inner four and, excepting Pluto, the outer four. The 
inner planets rotate on their axes much slower than do the 
outer planets. Mercury rotates only once during each revolu- 
tion, consequently the same side is presented to the sun at 
all times. Since Venus is cloaked by a thick cloud we cannot 
determine its rate of rotation, but Mars rotates at almost the 
dame rate as the earth. In contrast, the outer planets rotate 
at much greater speeds in spite of their much greater size. 

Three of the outer planets rotate once in approximately ten 
hours (see Table 7-1). For a large planet such as Jupiter, 
this means that the surface at its equator spins at the terrifi- 
cally high rate of 28,000 mi/hr, which is 28 times the rate at 
dur own equator. As a result, the equatorial bulge of Jupiter 
is much greater than that of the earth and is sufficient to 
cause the planet to appear noticeably flattened (Fig. 7-6). 


Fig. 7-6. Two photographs of Jupiter 
taken fifty minutes apart. Note 
the movement of the spot, from 
which the rate of rotation can 
be determined. (Mount Wilson 
and Palomar Observatories) 


Fig. 7-7. Saturn and its ring system. 
(Mount Wilson and Palomar 
Observatories) 


Saturn (Fig. 7-7), Uranus, and Neptune also have very high 
rotation rates and are similarly flattened. 

The shapes of the planets are determined by the relation- 
ship between the centripetal force of gravity and the centrifu- 
gal force supplied by their rotation, If the planets did not 
rotate, they would be perfect spheres, because there would 
be no centrifugal force and it is the natural tendency of a 
large mass to assume a spherical shape unless acted upon by 
outside forces. Since they do rotate, however, they bulge out 
at their equators where the rate of rotation and therefore the 
centrifugal force, is greatest. 

Table 7-1 gives the vital statistics of the solar system. These 
sizes and distances are so enormous compared to those we 
are familiar with that they put a great strain on our imagina- 
tions. Note, for instance, that the distance from the sun to 
Pluto—in other words, the radius of the solar system—is one 
million times greater than the width of the United States. 

With the exception of Mars, the other planets are greatly 
different from the earth in almost every respect. Mars is in- 
triguing because of the possibility that it supports life. It has 
a rather frigid, desert climate—although some observers have 
identified green areas separated by canals—and polar icecaps 
that advance and recede with the seasons. The clouds in its 
atmosphere move much as ours do, but its atmosphere creates 
a curtain through which we can see the surface of the planet 
only faintly, and for this reason much of the information we 
have about Mars is debatable and inconclusive. 

Venus, the nearest planet to the earth is, next to the sun 
and the moon, the most brilliant object that is regularly seen 
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in the sky. Because the orbits of Venus and Mercury are 
inside the orbit of the earth, these planets appear only as eve- 
ning or morning stars and then never very far above the hori- 
zon. Only when they are on the far side of the sun from the 
earth do we see their fully illuminated faces; the rest of the 
time only part of their illuminated surface is visible to us. 
Recent studies of the light and heat emitted by Venus indi- 
cate that the temperature of this planet may be above the 
boiling point of water, which is not surprising since it is so 
close to the sun. 

The outer planets—Jupiter, Saturn, Uranus, and Neptune 
—are characterized by low density and great size. Jupiter's 
face appears to be composed of belts 10,000 to 15,000 miles 
wide which rotate at different velocities and indicate that the 
surface, at least, of the planet is largely gaseous. Saturn is 
unique in possessing three flat concentric rings around its 
equator, which vary from 1000 to 16,000 miles in width and 
are distinctly separate from each other. These rings rotate 
along with the body of the planet, although the outer parts 
of each rotate slightly slower than the inner parts. Bright 
stars shine through the rings, which we think are composed 
of small solid particles. Uranus has a cloudlike surface that 
is evidently composed of gases, and it probably has a small, 
solid core. 

The discovery of Neptune is a dramatic example of scien- 
tific detective work, although the circumstances surrounding 
its discovery are clouded by the foibles of erring man. In 
1841, while still an undergraduate at St. Johns College in 
England, John C. Adams became interested in the fact that 
Uranus progressively wandered slightly from its regular 
orbit. It had been assumed that these perturbations were 
caused by another as yet unknown planet. However, the 
problem of reasoning out the position of the unknown planet 
required the most brilliant of mathematical ability. Upon 
graduation in 1843, Adams seriously undertook the solution 
of the problem and in about a year came up with a predic- 
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tion of the position of the unknown planet. However, because 
Adams had tackled this difficult problem without assistance 
or guidance of any kind, there was some question about its 
validity. The Royal Astronomer was so insufficiently impressed 
that he failed to turn his telescope to that point in the night 
sky indicated by Adams’ concise calculations—a simple ob- 
servation that would have resulted in success. 

Meanwhile, Leverrier, an established French astronomer, 
had also begun to study the perturbations of Uranus, and, 
independently of Adams, he arrived at a solution that was 
almost in exact agreement with that of Adams. Again, the 
Royal Astronomer had the opportunity of making the actual 
discovery of the new planet, but because of the rather care- 
less observations of his assistant, who actually saw the new 
planet but failed to recognize it, it still remained hidden in 
the recesses of space. Leverrier wrote to Galle, a German 
astronomer, pointing out the location of the unknown planet, 
and Galle, with the help of a sky chart so new that the Eng- 
lish had not yet obtained a copy, found the new planet in al- 
most exactly the position predicted by both Leverrier and 
Adams. Although the actual discovery of the new planet, 
Neptune, was based upon Leverrier’s calculations, Adams’ 
work was completed earlier and would have resulted in the 
discovery had his results been properly handled, Conse- 
quently, Adams and Leverrier share equally in the credit for 
calculating the position of Neptune on the basis of the per- 
turbations of Uranus. 

Pluto was discovered in very much the same way as Nep- 
tune. In 1916, Percival Lowell, who established the observa- 
tory at Flagstaff, Arizona, calculated Pluto’s position by noting 
the periodic deviation of Neptune from its regular orbit, 
and in 1930, Clyde Tombaugh discovered the new body by 
comparing a series of photographs (Fig. 7-8) taken of that 
point in the sky where Lowell said it should appear, How- 
ever, the status of Pluto as a regular planet has always been 
questioned. It has an unusually eccentric orbit, the plane of 
which is tilted away from the other planets, and in view of 
its remote position at the fringe of the solar system, its small 
size is puzzling. One possibility is that Pluto may have once 
been one of Neptune’s moons, since it acts more like a stray 
satellite than a planet. 


Fig. 7-8. Two photographs from which 
the discovery of Pluto was made 
in 1930 by Clyde W. Tom- 
baugh. The arrows show the 
movement of the planet during 
an interval of six days. (Lowell 
Observatory photo) 
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7-6 Kepler's Laws 


During the half-century following Copernicus, Tycho 
Brahe, a Dane who disappointed his noble family by study- 
ing what they considered to be the ungentlemanly science of 
astronomy, collected an astonishing amount of accurate data 
concerning the solar system. Although he rejected the Co- 
pernican system because he could not observe the annual 
parallax with his naked eye, his careful observations of the 
movements of the planets provided the information that en- 
abled his student, Johannes Kepler, to formulate three very 
important laws of motion that apply to the solar system. 

Kepler was a patient, tireless worker who spent almost a 
lifetime analyzing Tycho’s data. He found that these observa- 
tions of planetary motion fitted into neither the old Ptole- 


maic theory nor the simpler Copernican theory. Confident ga 


that the data were accurate, he conceived and applied them | 


to a new heliocentric theory that nicely explained Tycho’s 
data. The basis of Kepler's new concepts are embodied in 
three laws of planetary motion which have become the back- 
bone of modern astronomical science. The work of these two 
—Tycho and Kepler—represents the ideal combination of 
precise observation and thorough interpretation, two comple- 
mentary processes that have often brought outstanding 
achievements in science. Let us now examine these three laws 
of planetary motion. 


1. The orbit of each planet is an ellipse with the sun at one 
of the foci (Fig. 7-9). 
An ellipse is the locus of points the sum of whose dis- 
tances from two foci is a constant. The further the two 
foci are from each other the greater is the eccentricity 
of the ellipse, When the two foci are at the same point, 
the ellipse is a perfect circle. An elliptical path for the 
planets eliminates the need of superimposing other mo- 
tions on a circular orbit, and it neatly accounts for the 
fact that the earth is closer to the sun in winter (91,- 
300,000 mi) than in summer (94,500,000). Kepler re- 
pudiated the classic concept that all celestial motions 
are circular, yet he probably wondered why the planets 
have elliptical “orbits—what is there about an ellipse 
that is more fundamental than a circle in the motion of 
the planets? An answer to this question came eighty years 
later when Newton concluded from his laws of motion 
that the elliptical path is a natural consequence of the 
gravitational forces that hold the planets in their orbits 
Dit is more or less an accident if a planet follows a 
perfectly circular orbit and even today, the modern 
space technologist celebrates the occasion on which a 
man-made satellite is placed in exactly a circular orbit 
around the earth. We will now see how these gravita- 
tional forces are involved in Kepler's second law. 


2. A line joining the planet and the sun sweeps over equal 
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areas in equal time intervals, regardless of the length of 
the line (Fig. 7-10). Kepler noted in Tycho’s data that 
the planets appear to move more rapidly during some 
phases of their orbital journey than at others. But how 
could these data be fitted into a logical model? The 
planets could hardly be expected to speed up and slow 
down of their own volition. After voluminous calcula- 
tions, Kepler was overjoyed to find that the answer was 
the simple and direct relationship stated in the second 
law. He discovered that the earth travels most rapidly 
in midwinter and slowest in midsummer, and that this 
periodic speeding up and slowing down accounts for 
its elliptical orbit. But what accounts for these changes 
in speed? 

You will recall that Newton’s first law says that an ob- 
ject in motion will tend to remain in uniform motion Fig. 7-10. Kepler's second law. The three 
unless acted upon by an external force. Thus, in Fig. 7- nee E 205 
IIa, if the earth were moving and no force were acting other 
upon it, it would move uniformly in a straight line, In 
Fig. 7-11b the centripetal force of gravity between the 
sun and the earth causes the earth to follow a curved 
path. Note that the gravity vector is almost at.a right 
angle to the earth’s orbit at A, but that between A and 
C the gravity vector is at a backward angle, which tends 
to slow down the orbital velocity of the earth. Figure 
7-1lc shows the component vector forces operating on 
the earth at a point between A and C. After the earth 
passes C, the gravity vector is at a forward angle, thus 
causing the earth’s orbital velocity to be increased. 

Finally, at A the gravity vector is once again at a right 

angle to the orbit. The changing angle of the gravity 

vector thus accounts for the periodic speeding up and Fig: 7-11. Ths changing 0 ou 
slowing down of the earth, causing it to take 186 days QE eee en 
to travel in its orbit from the beginning of spring to the 
beginning of fall and only 179 days for the other half of 
the trip. Since, in an elliptical orbit, the gravity vector 
is greatest in magnitude when the planet comes nearest 
the sun, as at A in Fig. 7-11b, the earth experiences its 
greatest acceleration at this point and will swing around 
the sun more rapidly at A than it does at C. Newton 
therefore, took Kepler’s second law and demonstrated 
that the ellipse is the most natural orbit for a planet to 
follow. Now for Kepler's third law. 


3. The square of the time of a planet's revolution is pro- 
portional to the cube of its average distance from the 
sun. Mathematically, this law can be stated in a simple 
equation where T is the time required for a revolution 
and D is the distance between the planet and the sun: 


T? « DA 
or: 
kD (iD) 
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The value of the constant k is the same for all planets. 
This law makes it possible to calculate either the period of 
revolution or the distance of the planet from the sun 
when one or the other of these factors is known. For ex- 
ample, a planet that is 9 times as far from the sun as the 
earth must have a period of revolution 27 times as long. 
An accurate check on the validity of this law can be 
made by comparing the movements of the earth and 
Neptune. Fitting the data in Table 7-1 into a modified 
form of Equation 7.1 we have: 


(Earth’s period )? (Earth’s distance)? 
(Neptune’s period): (Neptune's distance )* 
(lyr)? (93,000,000 mi )* 
(165 yr)? 2790.000000 mi) 
1 1 


97,225 27000 


The small difference between these two numbers reflects 
the fact that the data in Table 7-1 have been rounded 
off. With more precise data these two numbers would be 
practically equal to each other. 

Kepler’s laws have been checked by our modern instru- 
ments and telescopes and found to be extremely accurate. 
In place of the complicated Ptolemaic system of epicycles, 
he gave us a remarkably simple view of the motions of the 
planets and a logical model of the solar system that can be 
described by relatively simple mathematical equations. 


7-7 The Sun 


By far the largest member of the solar system (Fig. 7-12), 
the sun is not only the central body but the only luminous one 
in the system. The planets merely reflect the light of the sun, 
which is a star of average brightness and size. It appears much 
larger and brighter than other stars, of course, because it is 
much closer to the earth, Galileo, with the use of his early 
telescope, was the first to discover that the sun has spots on 
it. Ever since, sunspots have been of major interest to the 
astronomer and have provided a direct method of determining 
the sun’s period of rotation. These spots are dark areas on 
the surface of the sun that may be as large as 100,000 miles 
in diameter (Fig. 7-13). Their size and shape vary from day 
to day, and for some unexplained reason, they appear most 
commonly near the sun’s equator. ‘ 

The sun is a body of luminous gases that rotates on its 
own axis once each 25 days. Its surface temperature is about 
6000°C, and its interior temperatures have been estimated 
at 25 million degrees. We shall find in later chapters that the 
sun is a star, and a rather ordinary one at that, which gives 
off prodigious amounts of energy in the form of heat and 
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Fig. 7-12. The relative sizes of the sun and 
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Fig. 7-13, Sunspots on the surface of the 
sun, February 1956. (From 
Royal Greenwich Observatory, 
copyright reserved ) 


light, The way this energy is produced, how it is transmitted 
to us, and how we use it on the earth will be brought out in 
a later discussion, 


7-8 The Earth 


We have already seen that the earth is one of the nine 
known planets in the solar system and that it rotates on its 
axis once each 24 hours. This rotation gives us the illusion 
that the sun rises in the morning and sets at night. The earth’s 
axis is tilted almost 66 degrees to the plane of its orbit (Fig. 
7-14), and this inclination causes our seasons. When the 
North Pole is tipped farthest away from the sun, about De- 
cember 21 (the winter solstice), the sun is directly overhead 
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at the latitude of the Tropic of Capricorn, nearly 2000 miles 
south of the equator. Six months later, when the earth is on 
the opposite side of its orbit, the North Pole is tipped toward 
the sun and it enjoys 24 hours of daylight each day. Near 
March 21 and September 23—the spring and autumnal equi- 
nox (equal night and day), respectively, the sun is directly 
overhead at the equator at noon, and the two poles are at the 
very edge of the sun’s illumination. 

As the earth revolves around the sun, the pattern of stars 
in the night sky gradually changes. From night to night the 
stars appear more and more to the west as new groups of 
stars come into view at the eastern horizon, This celestial 
parade passes by once each year, during which time we can 
look out into all corners of the sky, except that part above the 
South Pole. If we lived at the equator, however, we would 
be able to see all the stars in the sky during the course of a 
year, 


7-9 Moons and Satellites 


Around most of the planets in the solar system revolve small 
bodies called moons or satellites. The earth has a single moon 
whose orbit is less than half a million miles in diameter. The 
moon itself is 2160 miles in diameter, or about one-quarter 
that of the earth. Its density is 3.5 g/cm*, or about 0.6 the 
earth’s density. Since the moon rotates on its axis exactly 
once each time it revolves in its orbit, only one side of it is 
ever directly visible to us. We will have to rely on a space 
vehicle going around the backside of the moon and sending 
us television pictures much like the closeup views of the 
visible side of the moon we have already seen. 

The moon has no atmosphere, no water, and apparently 
no life as we know it. Its surface is composed of a variety 
of land forms—jagged craters, mountain ranges, and smooth 
areas called mares or seas that are apparently covered with 
dust or fine particles. Most of the larger craters and the flat, 
smooth areas have even been named. The mountain ranges 
vary in height from an average of 5000 feet to a maximum 
of nearly 27,000 feet. The craters are approximately 3 to 10 
miles in diameter, although some of the mountain-ringed 
areas, popularly called craters, are upward of 140 miles in 
diameter. There is considerable variation in color on the 
moon's surface, with yellows and grays predominating, but 
greens, browns, and full-reddish colors are also common. 

How the craters on the moon were formed has long in- 
trigued astronomers. One of the most plausible theories is 
based on the concept of mechanical energy with which we 
are already acquainted. A meteor, moving at a typical speed 
of 40 mi/sec, if suddenly stopped would release 400 times the 
energy of an equivalent weight of dynamite. That is, a l- 
pound meteor would release 400 times as much energy when 
it strikes a surface as does a I- pound charge of dynamite 
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Fig. 7-15, Phases of the moon. 


when set off. This abrupt conversion of kinetic energy into 
heat energy would be sufficient to heat a meteor and the 
surface of the moon to a temperature high enough literally 
to vaporize the meteor and part of the moon’s surface. A tre- 
mendous explosion would ensue that could produce a hole 
possibly 2 miles deep and thus form a crater. 

The moon encircles the earth once each month, traveling 
in the same direction as the earth rotates on its axis (Fig. 
7-15). Since the moon travels approximately % of the way 
around the earth in one 24-hour day, it will appear to rise 
almost an hour later each day. Let us follow the moon for a 
month in its journey around the earth. When the moon is lo- 
cated between the earth and the sun, we have what is called 
a new moon (Fig. 7-15). A day or so later, shortly after sun- 
down we will see the crescent moon very low in the western 
sky. The diagram shows why we see only a small part of the 
moon illuminated; most of its surface facing us is in shadow. 
From night to night the crescent grows larger and moves 
higher in the sky. As the moon rises farther to the east each 
night, it appears half, then fully illuminated, and when com- 
pletely full, rises in the east at the same time the sun sets in 
the west, After that, the moon wanes in brightness and, ris- 
ing later each evening, goes to its last quarter and finally 
back to its original new-moon phase. When the moon is be- 
tween its last quarter and first quarter phase, it is in its so- 
called crescent phase; when it is between its first quarter and 
last quarter phase, it is in its gibbous phase (from the Latin 
gibbus, meaning humped or swelled in size). 

The moon’s orbit is in a plane that is tilted about 5 degrees 
from the plane of the earth’s orbit, which means that twice a 
year the moon is on a line with the sun and the earth. At these 
times, it is possible that the relative positions of the sun, earth, 
and moon will produce an eclipse (Fig. 7-16). The moon is suf- 
ficiently smaller than the earth to cause a lunar eclipse (the 
earth is between the sun and the moon) to black the moon 
out completely. A solar eclipse (the moon is between the sun 
and the earth) may completely black out the sun for only a 
few observers on the earth because only a small portion of 
the earth’s surface will be in the moon’s shadow. 
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Fig. 7-16. Eclipses of the sun and the 
moon. 


Our moon is one of the largest satellites in the solar sys- 
tem but other planets outdo us in quantity. Mars has two 
moons and Jupiter twelve, four of which are readily visible 
through ordinary field glasses. Saturn has nine satellites, 
Uranus five, and Neptune two. Mercury and Venus, however, 
have no satellites, and none have been discovered around the 
planet Pluto. Four of Jupiter’s moons were first observed by 
Galileo with his primitive telescope. Since then, the moons 
of the planets have been one of the principal keys in deter- 
mining the characteristics of their parents. For instance, the 
masses of the planets have been calculated by means of a 
rather complex relationship between the mass of the planet 
and the distance of the satellite from the planet—a relation- 
ship discovered by Newton. A moon's period of revolution 
depends upon the size of its orbit and the mass of the planet 
around which it travels. Hence, if we can measure the period 
of revolution of a moon and the size of its orbit, the mass of 
the planet can be calculated from the relationship: 


mass of planet (satellite distance from planet)“ 


mass of sun satellite's period)? 


(earth’s period )* 
earth’s distance from sun 


The accuracy of this method is as great as the entirely differ- 
ent method by which the mass of the earth was determined 
in Chapter 3. The diameter of a planet can be found by direct 
observation, and its mass and density can then be calculated 
(see Table 7-1). 


7-10 Planetoids, Comets, and Meteors 


In addition to the sun and the planets and their satellites, 
there are several other types of unusual and at times spectacu- 
lar bodies that inhabit the solar system, many of which have 
been discovered only recently, indicating that more of them 
may be found as the methods of studying the sky are improved 
and refined. In 1772, Bode, the director of the Berlin observa- 
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tory, while examining the distances of the various planets 
from the sun (Table 7-1), noted that there was a huge gap 
between Mars and Jupiter. He thought that somewhere in 
this space there should logically be a planet, and his predic- 
tion touched off a search for it. Instead of one planet, astron- 
omers found over a thousand small ones, revolving in almost 
a common orbit, 260,000,000 miles from the sun, The largest 
of these so-called planetoids, sometimes also called asteroids, 

is only 480 miles in diameter, and the smallest ones found so 
far are less than a mile in diameter. New ones are being 
discovered each year. Why there should be a multitude of 
small bodies in the orbit of a predicted planet remains one 
of the unsolved mysteries of astronomy. 

Because we know more about comets now than the ancients 
did, we no longer believe that they are wayward objects 
bringing famine and pestilence in their wake. Soon after Kep- 
ler, many of them were found to be not only well-behaved but 
subject to the fundamental laws of planetary motions—that 
is, they followed elliptical orbits, the regularity of which 
makes it possible to predict their behavior. The most famous 
comet is named for Edmund Halley, an associate of Newton 
who first predicted that this comet can be seen every 75 years. 
Observed periodically since 87 B. c, it will next be visible in 
1985, Its orbit is very elliptical, so that when it comes toward 
the sun, which is at one focus of its ellipse, it is greatly ac- 
celerated (Fig. 7-17). After a rapid swing around the sun, 
crossing inside and then outside the earth’s orbit in only a few 
months, it passes on out beyond Pluto’s orbit, where it slows 
down to less than a twelfth the velocity it has when near the 
sun. Halley's comet, therefore, spends most of its time well 
hidden in the outer reaches of the solar system. 

All comets have a main body, which is bright and trans- 
parent, and some of them, such as Halley’s have a luminous 
tail of dust or gas. As the comet comes near the sun, the ra- 
diation pressure of the sunlight drives smaller particles and 
gases from the comets head and consequently, this tail 
swings away from the sun (Fig. 7-17). Comets are enormous, 
varying in sizes up to 100 times the size of the earth, and 
with tails as long as 50 million miles. Yet these objects have 
a density no greater than that of a typical laboratory vacuum. 
Some comets do not make regular appearances and may even 
leave our solar system. Some comets evidently disintegrate 
or scatter so that the pebbles, dust, and gas that compose 
them exert insufficient mutual attraction to hold themselves 
together. Thus, the broad expanse of space in the solar sys- 
teth is occupied by the numerous fragments of disintegrated 
comets, but, by comparison with our own atmosphere, these 
quantities are extremely small. The quantity of gas in the 
space between the planets, for instance, is considerably less 
than the amount of gas that remains in the ordinary vacuum 
that is produced in a laboratory. Only recently have vacuum 
pumps been designed that can approach the vacuum that 
exists in interplanetary space, 
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Fig. 7-17. The orbit and tail of Halley’s 
comet. 
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As the earth passes through the orbit of a disintegrated 
or “lost” comet, a shower of pebbles or chunks of stony ma- 
terial strike the earths atmosphere. These fall rapidly 
through the atmosphere and are heated by friction with the 
atmosphere, causing brilliant streaks of light in the night sky, 
commonly called meteors. The earth encounters millions of 
meteors each day, but usually these visitors from outer space 
are burned up before they reach the earth’s surface; when 
they do reach the ground they are called meteorites. The 
most famous meteorite of recent years is the one that flattened 
750 square miles of forest in Siberia in 1908. In Arizona, the 
huge crater, measuring a mile in diameter and 600 feet in 
depth was probably blasted out by a meteorite about 50,000 
years ago. Although the meteorite has never been found, 
thousands of small meteoritic pebbles are strewn around the 
crater, indicating that the main body of the meteor may have 
been vaporized. 

Meteorites are all composed of substances that occur in 
the earth’s crust. Some of them are stony, while others are 
metallic, containing mostly iron and nickle, They are direct 
proof that other parts of the solar system are made of the 
same kind of matter as the earth, and bring up the question 
of how the earth, the sun, and the planets were created. This 
perplexing question has baffled men for many centuries. To 
the many philosophic and religious explanations that have 
been proposed, physical science adds its explanation based 
upon observed data. 


7-11 Theories on the Evolution of the 
Solar System 


The theories on the origin and evolution of the earth and 
the solar system are only tentative and far from adequate. It 
is indeed a complex problem without sufficient evidence to 
solve it. That is, the information about the solar system, as 
derived by astronomers, geologists, chemists, space scientists, 
and others, points toward certain chains of events, but the 
gaps in the information are so big that it is most difficult to 
be certain about many of the steps in the development of the 
solar system. 

One of the earliest recognized theories was proposed in 
1755 by the German philosopher, Immanuel Kant. He pro- 
posed that it started from a huge primeval cloud that con- 
tracted and began rotating, resulting in the condensation of 
matter much the same way raindrops are produced in a cloud. 
The rotation caused a flattening of the mass, the sun at the 
center collected most of the matter, and the planets were 
formed in the outer parts of the region. This theory is still 
recognized today as one of the best, though, in view of the 
much greater amount of information now on hand, we are 
forced to view Kants proposal as somewhat of a lucky guess. 

The French astronomer and mathematician, Pierre-Simon 
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Laplace, in 1796 modified Kant’s view by suggesting that 
the mother cloud, or nebula, was a rotating mass of low 
density whose original size exceeded that of the present solar 
system. As this spinning nebula cooled off, it shrank, and 
(according to Newton’s third law) conserved its rotational 
momentum. That is, its speed of rotation increased as its 
size became smaller. This principle is illustrated by the 
twirling ice skater who rotates faster and faster as he draws 
his arms in toward his body and reduces the effective di- 
ameter of his rotating body. With our parent nebula, accord- 
ing to this theory, this increased rate of rotation caused rings 
to be thrown off that later condensed into planets. It is 
mathematically improbable that such rings would be thrown 
off, and since we now know of a ring of asteroids that failed 
to coalesce, it is doubtful if Laplace’s rings would have 
formed planets. 

In 1900, the geologist T. C. Chamberlain and the astrono- 
mer, F. R. Moulton, both of the University of Chicago, pro- 
posed that a collision of two stars resulted in a cluster of 
small particles that accumulated into planets as the hot 
masses shorn from the stars cooled down (Fig. 7-18). The 
collision theory was modified a few years later by Sir James 
Jeans and Harold Jeffreys of England by the suggestion that 
the two stars made a near approach in order to pull off small 
chunks of matter from each other. These theories have been 
largely discounted because of the incongruities of the effects 
of high temperature, light pressure, and the angular momen- 
tum of the various bodies in the solar system. For example, 
the idea that the earth was of high-temperature origin is not 
compatible with evidence found since these theories were 
in vogue, 

The evidence that must be weighed in considering an ade- 
quate theory of the origin of the solar system includes several 
significant facts. 


1. By far the largest part of the mass of the solar system is 
concentrated in the sun. 


2. The planets, planetoids, and satellites, with only a few 
exceptions, revolve and rotate in the same direction in 
which the sun rotates. 


3. The planets, planetoids, and satellites all revolve in or- 
bits that are almost in the same plane as the sun’s 
equator. 


4. The sun rotates relatively slowly compared to the rota- 
tion rates of some of the planets. 


5. The orbits of the planets and the planetoids are spaced 
at fairly regular intervals from the sun. 


6. The members of the solar system are composed of simi- 
lar materials, although the percentage composition 
varies. For instance, seven of the fifteen most common 
elements in the sun’s atmosphere are among the four- 
teen most common elements on the earth. 
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7. The inner planets, Venus, Mars, Mercury, and particu- 
larly the Earth, seem to have been formed at relatively 
low temperatures, though they may have been com- 
pletely molten at one stage in their development. 


To explain these facts, several plausible theories have been 
proposed, none of which, however, has been fully accepted 
because we just do not have enough information to decide 
with any finality how the solar system was formed. Further- 
more, it is exceedingly difficult to prove or disprove the validity 
of such a theory because of the very nature of the prob- 
lem. In point of time and space it is humanly impossible to 
set up a laboratory experiment that would provide all the 
details needed for a conclusive answer. 

One of the modern viewpoints, embodied in the ideas of 
C. F. von Weizäcker, the German astrophysicist, and others, 
including Harold C. Urey, the American astrochemist, re- 
verts to a beginning of dust and gas clouds similar to those of 
Kant. At an early stage, these clouds condensed to produce 
many stars, of which the sun was one. The residual dust that 
was not part of the sun was gravitationally attracted to the 
sun and the gases were forced by light pressure away from 
the solar region. In a series of steps, involving turbulence, 
tidal effects of the sun, and accumulation of the dust into 
small bodies of the satellite and asteroid types, the planets 
were formed. The more dense ones developed near the sun, 
and the less dense ones were further out in the solar system. 
The planet bodies continued to grow by attracting to them 
the smaller bodies, and our moon appears to be one of these 
smaller bodies that was not captured. The asteroids as well 
as the moons of the other planets also remain as uncaptured 
objects in the solar system. The earth, incidentally, contin- 
ues to capture many small objects of the meteor and meteor- 
ite class. 

Of one thing we can be fairly certain: The earth’s origin 
is closely related to the evolution of the solar system, and as 
we learn more and more of the processes by which the earth 
was formed, we will arrive at a better position to formulate 
a better theory of the evolution of the solar system. 


7-12 Summary 


The solar system, which has attracted man’s curiosity for 
thousands of years, is best explained by a heliocentric theory 
in which the planets revolve in elliptical orbits around the 
sun. This, the Copernican theory, has supplanted the older 
Ptolemaic theory, which held that the earth is the center of 
the system and that the sun and the planets revolve about 
the earth in a very complex fashion. 5 : 

A good scientific theory must fulfill certain criteria. A valid 
theory should explain a phenomenon in simple terms, permit 
and encourage the growth of new ideas, assist in making 
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valid predictions, and be capable of being modified and im- 
proved in order to fit new facts and ideas. 

There are nine planets in the solar system and the inner 
four are much smaller than the outer five, with the exception 
of Pluto. In going from the inner to the outer planets, the 
period of revolution increases and the period of rotation de- 
creases. 

Kepler’s three laws of planetary motion, which are proof 
that the solar system behaves predictably, describe the move- 
ment of the planets in elliptical orbits, the time interval dur- 
ing which a planet moves in its orbit, and the relationship 
between a planet’s rate of revolution and its distance from the 
sun, 

The sun, the center of the solar system, is a typical star 
and by far the largest member of the solar system. 

The earth, with its single satellite, is a middle-sized planet 
and probably the only one where the temperatures are suit- 
able for life as we know it. As the moon encircles the earth 
once a month, we see alternately more and less of its illumi- 
nated face, but only one face since the moon always presents 
the same side toward us. Solar and lunar eclipses occur when- 
ever the earth and moon are in such a position that the sun’s 
light to one or the other is cut off. 

Planetoids, or small planets, occupy the region between 
the orbits of Mars and Jupiter. Comets, composed of dust or 
gas, may move in highly elliptical orbits in and out of the 
solar system. Meteors are stony or metallic objects that fall 
into the earth’s atmosphere from outer space and are burned 
up by friction with the atmosphere. A meteor that reaches 
the earth’s surface is called a meteorite. 

The origin of the solar system is not well understood. Sev- 
eral theories have been proposed, but none of them is ade- 
quate because they do not explain all the facts now known. 


EXERCISES 


A. KEY TERMS TO REMEMBER 


aberration of starlight heliocentric theory planetoid 


annual parallax Kepler's laws retrograde motion 
comet lunar eclipse revolution 
crescent phase meteor rotation 

ellipse meteorite satellite 

epicycle nebular theory solar eclipse 
equinox new moon summer solstice 
geocentric theory planet 

gibbous phase planetesimal theory 


B. QUESTIONS ABOUT THE SOLAR SYSTEM 


1. Do you think that the discovery of an annual parallax of 
the fixed stars at the time of Copernicus would have clinched his 
argument in favor of the heliocentric theory? Could the annual 
parallax be explained by more epicycles? 
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2. Evaluate or grade the Ptolemaic and Copernican theories on 
each of the requirements of a good scientific theory. Try to be 
impartial in your judgment, and disregard the eventual success 
of one of these theories. 


3. On the basis of the information in Table 7-1, which of the 
planets should be most nearly a perfect sphere? 


4. Describe briefly the information you would need to calcu- 
late the mass of a planet by means of observing its satellites. 


5. When does Venus appear brighter—near the earth at 
crescent phase or farthest from the earth at full phase? 


6. Why is the Antarctic polar icecap considerably larger than 
the Arctic polar icecap? 


7. On the basis of the criteria of a good scientific theory and 
of the known facts, evaluate one of the theories of the origin of 
the solar system. Point out which facts are adequately explained 
and which ones are not. 


C. PROBLEMS ABOUT THE SOLAR SYSTEM 


1. Construct an ellipse with a small eccentricity and one with 
a noticeable eccentricity. What is an ellipse with maximum eccen- 
tricity? 

2. From Table 7-1, select the distance from the sun and the 
period of revolution for two planets; substitute these values into 
Kepler’s third law and see if the law is valid. 


3. Examine Jupiter with ordinary field glasses, or a telescope, 
and observe the positions of its moons over a period of three or 
four hours. 


4. Make a series of observations of the moon and record its 
changes of phase and time of rising. 


5. Why are the warmest days in summer about a month after 
the summer solstice rather than near June 21. And why is the 
warmest hour of the day near 2 p.m. rather than at noon? 


6. What spot on the earth’s surface receives more light and 
heat from the sun than any other spot during a 24-hour period? 
Hint: This spot is not in the tropical zone. 
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Fight 


Electrostatics 
and the Electron 


n the last few chapters we have examined the basic laws of 

gravity, force, and motion, and we have found that these 
laws apply to many natural phenomena, The laws concern- 
ing mechanical energy apply to gross matter, that is, to rela- 
tively large quantities of matter compared to the minute 
particles of which matter itself is made, In order to explore 
the inner constitution of matter, where the classical laws of 
motion do not necessarily apply, we must acquaint ourselves 
with the laws of other kinds of energy—electrical and mag- 
netic energy, Consequently, we now turn our attention from 
the gross properties of matter to its finer structure, and with 
this study of the characteristics of the smallest of particles 
we will be able to reach a more understandable picture of 
the physical world as a whole, 

Ever since the time of the ancient Greeks, methods have 
been known for producing an electrical charge on an object. 
We can repeat some of the simplest of these methods, using 
materials close at hand. For instance, if you run a hard rub- 
ber or plastic comb through your hair and then place the 
comb near small pieces of paper, you will notice that it at- 
tracts the paper to it. When you scuff your shoes on a wool 
rug and then hold your finger near a radiator or water pipe, 
a noticeable spark will jump between your finger and the 
metal. Or, you may slide across the plastic seatcovers of your 
car and experience the snap of a spark as you touch the metal 
door handle. Another example, though less often observed, 
occurs when you quickly unroll a few inches of adhesive or 
friction tape in a dark room—at the point where the tape 
leaves the roll a bluish glow appears. 
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8-1 Electrostatics 


All the phenomena mentioned above are manifestations of 
electrostatics, which means electricity at rest. A common 
method of producing an electrostatic charge is to stroke a 
hard rubber rod with a piece of cat fur or a wool cloth. The 
fact that the rod carries an electrical charge can be tested 
by bringing the rod near a suspended pith ball or a Ping- 
pong ball coated with aluminum paint (Fig. 8-la). At first 
the ball jumps toward the rod, and then, after it touches the 
rod, it is repelled. The ball moves away even if chased with 
the rod (Fig. 8-Ib). 


Fig. 8-1. The effect of a charged rod on 
a suspended metal-coated ball: 
(a) before contact and (b) 
after contact. 


If a glass rod is rubbed with a silk cloth, on the other 
hand, and then brought near the ball in Fig. 8-Ib, instead of 
being repelled, the ball is strongly attracted to the rod. How- 
ever, as soon as the ball touches the glass rod once or twice, 
it loses its attractive force and the ball is repelled by the rod. 
But if we again bring in the rubber rod that has been rubbed 
with fur, we find that it again strongly attracts the suspended 
ball. Each time we change from a rubber rod to a glass rod 
we impart something different to the ball when we touch it 
that makes it strongly attractive to the other rod. This ex- 
periment, first performed several centuries ago, leads us to 
conclude that (1) the rubber rod picks up one kind of elec- 
trical charge from the fur and deposits this charge on the 
suspended ball, (2) the glass rod becomes oppositely 
charged when rubbed with the silk cloth, (3) these two 
kinds of electrical charge attract each other, (4) a rod may 
neutralize or change the charge on the ball, and (5) the same 
kind of charge on the rod and the ball results in repulsion. 
Our experiment, then, shows that there are two kinds of 
electrical charge, and that like charges repel each other but 
unlike charges attract each other. 

In order to indicate the difference between these two elec- 
trical charges, we use the arbitrary designation made by 
Benjamin Franklin around the middle of the eighteenth cen- 
tury and say that the rubber rod is negatively charged after 
it is rubbed with fur and that the glass rod is positively 
charged after it is rubbed with silk. These electrical signs, in- 
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dicated in the accompanying figures, were adopted because 
of their convenience. They could as well have been called A 
and B or “he” and “she.” Keep in mind that a negative charge 
does not mean a deficiency, such as we have when we over- 
draw our bank account. As we shall soon see, a negative 
charge, as well as a positive charge, is a quantitative attribute 
of matter, 

An important point to note in all these experiments with 
electrostatics is that whenever an electrical charge is pro- 
duced, an equal amount of the opposite charge is also pro- 
duced. For instance, when the rubber rod is stroked with 
fur, not only does the rod become negatively charged but 
the fur becomes positively charged. This two-way action 
can be easily verified by holding the fur near the suspended 
ball after the ball has been touched by the rubber rod; the 
ball will act very much as it did when the charged glass rod 
was placed near it. That is, the fur bears the same kind of 
charge that the glass rod has. In the process of establishing a 
negative charge on the rubber rod, the fur becomes op- 
positely charged. This result indicates that when the two 
substances are rubbed together there is a transfer of elec- 
tricity from one substance to the other, and it leads us to 
conclude that matter is composed of electrically charged 
particles that can be transferred from one point to another. In 
these experiments we are merely separating the negative 
charges from the positive charges by friction. Let us now see 
what constitutes these two kinds of electrical charges. 


8-2 The Nature of Positive and Negative 
Electricity 


Since the time of Benjamin Franklin, many scientists have 
studied the electrical properties of matter; yet even today, 
scientists do not know exactly what electricity is. We have 
learned much about how to measure and control it, but we 
have no good explanation why friction will cause electro- 
static charges. However, after many successful, and unsuc- 
cessful, experiments, we now believe that electricity involves 
tiny particles of negatively charged matter called electrons. 
For instance, we think that at the beginning both the rod 
and the fur would have equal numbers of positive and nega- 
tive charges on them; that is, they would be neutral, When 
the fur is rubbed over the rubber rod, the fur gives up some 
of its electrons to the rod which makes the rod negatively 
charged, At the same time, since the fur has lost some of its 
negative charge (which had just balanced the positive 
charges of the fur), it now has more positive charges than 
negative and appears as positively charged. There is evi- 
dently something in the constitution of the fur that permits 
us to remove electrons from it, leaving it positively charged. 
The nature of these positive charges will be defined in a later 
section. In summing up these ideas concerning electrical 
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charge, we find that: 

positive charge = deficit of electrons 

negative charge = excess of electrons 

electric current = movement of electrons 
The electron is thus the key to electricity. In order to get a 
clear picture of it, we shall devote a section later in this 
chapter to its discovery, its behavior, and its importance in 
the structure of matter. 


8-3 The Electroscope 


One of the first devices used to detect electrical charge was 
the electroscope. This instrument, shown in Fig. 8-2, consists 
of a metal rod, protected by glass, which supports two thin 
metal leaves at its bottom, one of which may be stiff or fixed. 
Either a positive or a negative charge placed on the metal 
rod will deflect the metal leaves, the amount of deflection 
being determined by the amount of charge on the rod. This 
deflection is caused by the force of repulsion between the 
leaves when they bear a like charge. If we touch the metal 
knob at the top with our hand, the leaves collapse because 
our hand neutralizes the charge on the electroscope and 
there is no longer an electrostatic force of repulsion to hold 
the leaves apart. 

A very simple electroscope can be made by cutting a 
strip of newspaper from the top of the page to the bottom, 
allowing it to fold over at the middle and then placing the 
thumb outside, the index finger between the two strips, the 
middle finger at the other side, and stroking the paper down- 
ward, When a rubber rod that has been rubbed with fur is 
brought near the charged paper strips, there is a repulsion, 
thus indicating that the paper strips have a negative charge. 
With the paper electroscope, the charge on wood, glass, and 
metals can also be determined, 

Two balloons floating at the ends of insulating threads may 
be used as an electroscope as shown in Fig. 8-3. Charges can 
move freely over the balloon’s surfaces if we coat them with 
a light film of graphite. When the balloons are neutral as in 
(A), they hang straight down with only a very slight gravi- 
tational attraction pulling them together. If the balloons are 
charged oppositely as in (B), a marked attraction occurs, 
while a repulsion takes place when their charges are alike. 


Fig. 8-3. Balloons hanging by a thread 
from a wooden rod show at- 
tractive force between unlike 
charges and repulsion between 
like charges. 
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Fig. 8-2, An electroscope, showing how 
a negative charge can be stored 
on the instrument. 
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8-4 Insulators and Conductors 


Materials may be placed in one of two general classes de- 
pending on their ability to hold and carry an electrical 
charge. For instance, a copper ball mounted on a glass rod 
can be negatively charged by rubbing it with fur, if we do 
not touch it with our hand during the process, for the mo- 
ment the ball is touched it loses its charge, On the other 
hand, a rubber or glass ball can be charged by friction and 
not lose its charge when we touch it with our hand. This 
behavior indicates that there is a fundamental difference be- 
tween the one class of materials—metals—and the other class 
of materials—rubber, glass, porcelain, plastics, sulfur, and 
so forth. We call the metals conductors, because a charge 
moves along them very rapidly, and the other materials in- 
sulators, because they tend to retain their charge. No amount 
of rubbing with either fur or silk will impart a charge to a 
metal rod held in our hand, because the moment any charge 
is formed it is drained off by our hand, which is a fair con- 
ductor itself and which in this instance is called a ground be- 
cause it has great capacity to hold both positive and negative 
charges. Since the earth is the most satisfactory ground, if 
we wish to dispose of an electrical charge, we simply drive 
a metal rod into the ground, and all the electrical charge 
drains off into it. 

A simple experiment that demonstrates the difference be- 
tween conductors and insulators is shown in Fig. 8-4. When 
a charged rubber rod is touched to a metal ball A, which is 
supported by an insulator, the charge travels along the cop- 
per wire B to the electroscope, where it deflects the leaf, This 
experiment shows that a charge can move through a con- 
ductor to the electroscope, but not through the insulator 
that supports the metal ball. The difference between these 
two classes of materials is essentially this: In metals, the 
electrons are free to move, but in insulators the electrons are 
tightly bound. When electrons enter a metal bar they repel 
the electrons in the metal immediately adjacent to them, 
and these electrons in turn displace the electrons next to them 
and so on in a progressing reaction throughout the bar. Thus, 
in Fig, 8-4, the electrons that deflect the leaf of the electro- 
scope are not necessarily the same ones that were on the 
charged rubber rod. 


8-5 Electrostatic Attraction and Repulsion: 
Coulomb's Law 


We have found that like charges repel and unlike charges 
attract each other. The strength of these repulsion and at- 
traction forces was first measured in 1780 by Charles A. Cou- 
lomb, who found that the force between two electrostatic 
charges is directly proportional to the product of the magni- 
tudes of their two charges and inversely proportional to the 
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Fig. 8-4. An experiment showing that a 
metal is a conductor of electri- 
cal charge. 
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Fig. 8-8, Fog tracks made by alpha par- 
ticles emitted by a radioactive 
substance. (From Gentnev, 
Maier-Leibuitz, and Bothe, An 
Atlas of Typical Expansion 
Chamber Photographs. London: 
Pergamon Press Ltd., 1954) 


8. They act as nuclei for the condensation of supersatu- 
rated vapors, thus producing fog tracks similar to those in 
Fig. 8-8, That is, if we pass a cathode ray through a region 
that is saturated with water vapor (100 per cent relative 
humidity), the rays act as points of condensation so that the 
water vapor condenses into fine droplets of fog and thus in- 
dicates the actual path of the rays. 


It was then established by Thomson that these cathode rays 
are simply a stream of electrons that passes from the cathode 
through the rarefied gas to the opposite end of the tube. Since 
that time, the negative charge on a cathode ray particle, or 
an electron, has been determined by no less than eleven dif- 
ferent methods, all of which agree upon the amount of 
charge it carries. Since no smaller quantity of electrical charge 
has ever been found, the charge on an electron is used as 
the basic unit of negative charge. The electron is approxi- 
mately 5  10-™ cm in diameter, and its mass, of 9.1072 
X 10-" kg, is only sse the mass of the hydrogen atom. 
Since the hydrogen atom is the smallest atom there is, we can 
see that the electron is an extremely small particle in charge, 
size, and mass. 


With this knowledge of electrons, we can now postulate an 
explanation for our electrostatics experiments. Since the 
charge of electrons and the charge of a negatively charged 
rubber rod are similar, we can conclude that the rubber rod 
bears an excess of electrons on its surface. These electrons 
are stripped from the surface of the fur during the rubbing 
process, leaving the fur positively charged. If the positive 
charge on the fur is the result of removing electrons from the 
fur, there must be particles larger than electrons in the fur 
that contain both positive and negative charges, since the 
removal of some of the electrons leaves a positive charge on 
the fur. All of this indicates that the fur must be composed 
of particles, or atoms, much larger than an electron, that 
contain both electrons and some kind of positive charges. 

At almost the same time that Thomson explained cathode 
rays and electrons, a group of scientists discovered a posi- 
tively charged particle that came from inside the atom. This 
discovery resulted from the study of the radioactivity of 
certain substances and provided a powerful tool with which 
to probe the inner constitution of matter itself. As is true with 
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many discoveries in science, the existence of a positive charge 
within an atom was found by a series of experiments that 
were aimed at an entirely different objective. 


8-7 Radioactivity 


Radioactivity was discovered by accident. In 1896, Henri 
Becquerel of France was trying to see whether there was a 
connection between the recently discovered X rays and 
fluorescence or phosphorescence. To do this he would pre- 
pare a photographic plate (they had to sensitize their own 
film in those days), then wrap it in dark paper, place a salt 
of uranium (or other fluorescent material) on top of the 
dark paper, and expose the salt to the sunlight in order that 
it fluoresce strongly. He successfully found that the fluorese- 
ing salt seemed to provide X rays. One day when he had the 
film prepared and the uranium on top of the paper covering, 
it became cloudy and he put the whole thing into his desk 
drawer. After several cloudy days he developed the plate, 
expecting to find the image very dim, but on the contrary, 
the image appeared “with great intensity.” The effect he had 
at first observed did not depend upon the fluorescence or 
phophoresence but rather on some other activity of the uran- 
ium. This is now called radioactivity. 

Intrigued by Becquerel’s findings, a number of scientists 
turned to the study of this peculiar emanation. Among them 
were Pierre and Marie Curie of France, who succeeded in 
isolating new elements—including polonium and radium— 
that were even more powerful than uranium in producing 
these invisible, penetrating rays. 

The emanations given off by a radioactive substance were 
soon found to possess unusual properties. When a radioactive 
substance was placed in an atmosphere supersaturated with 
water vapor, the rays produced fog tracks (Fig. 8-8). They 
also caused fluorescence, or glowing, in such substances as 
zine sulfide and other minerals, and they were found to have 
electrical properties (Fig. 8-9), The behavior of the emana- 
tions from a radioactive material indicated that they were 
composed of three types of rays, œ (alpha), B (beta), and 
y (gamma), the properties of which are summarized in 
Table 8-1. 


The alpha ray, composed of positively charged particles, 
is evidence that there are positive charges inside the atom in 
addition to the negative charges that are manifested in both 
electrostatics and in beta rays. Thus, we have experimental 
proof that the atom contains both positive and negative 
charges. It is important to note, however, that the negatively 
charged electrons can be removed quite easily by friction, as 
in our electrostatics experiments, whereas the positive charges 
can be removed only by much more elaborate processes such 
as radioactivity, We shall refer again to radioactivity, espe- 


149 


Fig. 8-9. The effect of an electrical field 
upon radioactive rays. 


Source of 
radioactivity’ 
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TABLE 8-1 


cially in Chapter 12 where the detailed structure of the atom 
is examined, and in Chapters 25 and 26 where the mechanism 
and energy of radioactivity are explored. Our present inter- 
est in this subject is primarily to find a solid basis upon which 
to explain the electrostatic behavior of substances. 


8-8 Protons and Neutrons 


With this new tool—radioactivity—scientists began a series 
of experiments in which these emanations were used as pro- 
jectiles for studying the inner composition of matter. A beta 
particle, for instance, can travel through 7000 atoms of gold 
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before it is deflected from its original path, and an alpha 
particle can pass through as many as 15,000 atoms of gold 
before it undergoes an appreciable deflection. These experi- 
ments confirm a conclusion that was reached early in the 
study of the structure of matter, namely, that atoms of matter 
are mostly space and that the ultimate particles composing 
matter are extremely small compared to the atoms themselves. 
These experiments also proved that matter contains positively 
charged particles, one of which is the alpha particle that 
possesses two unit positive charges and a mass several times 
that of the smallest atom. Hence, the single particle in matter 
that is positively charged must be smaller than an alpha 
particle, We call this single, positively charged particle the 
proton, and its mass is essentially the same as the hydrogen 
atom. The mass and charge of protons were first measured 
by Lord Rutherford of England who bombarded nitrogen 
with alpha particles. 

For some time, scientists believed that electrons and pro- 
tons were the only particles that made up an atom. In 1932, 
however, Chadwick, an Englishman, discovered the existence 
of a neutral particle—called the neutron—that is similar in 
mass to the proton. Because the neutron carries no charge it 
obviously could not be detected or even suggested by elec- 
trostatic experiments, and it remained undetected until more 
powerful methods were found for studying the inner parts 
of the atom. 

The process of predicting before discovering is typical of 
the way science sometimes works, Even though the neutron 
was not discovered until some twenty or thirty years after 
the electron and proton were established, scientists long sus- 
pected that a neutral particle existed in the atom. For in- 
stance, with the alpha particle’s mass of four units and two 
positive charges, there remained the problem of accounting 
for the extra two units of mass, which led scientists to believe 
that a neutral particle must be part of an alpha particle. This, 
briefly, is a good example of the way science works—a de- 
pendable theory, based on sound experimental evidence, 
points the way for the scientist and often guides him to the 
answer of a problem before the answer is proved experi- 
mentally. 


8-9 Induction 


It is possible to build up a charge on a body without touch- 
ing it by a method known as induction, illustrated by the 
experiment in Fig. 8-10. Two metal spheres, A and B, sup- 


Fig. 8-10. The charging of a metal ball by 
induction. 
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Fig. 8-11. The distribution of electrical 
charge on metallic objects of 
various shapes. 


ported by glass insulators, are touching each other when a 
negatively charged rod is brought near A. No charge is ac- 
tually transferred from the rod to sphere A, but after the 
spheres are separated and the rod removed from their vicin- 
ity, each sphere will be charged, A positively and B nega- 
tively. The charges now carried by each sphere are called 
induced charges. The explanation for these induced charges 
is based on your understanding of electrons. When the nega- 
tively charged rod is brought near the pair of spheres, elec- 
trons are repelled by the charge on the rod from sphere A 
to sphere B, leaving A with a deficiency and B with an ex- 
cess of electrons. When the spheres are parted, each one re- 
tains its unbalance of electrons, or its charge. 

Electrical charges on insulators remain where they were 
originally deposited, but on conductors the charge distributes 
itself over the entire surface of the object. On a spherical 
conductor, such as A in Fig, 8-11, the charge is distributed 
uniformly over the surface. On irregularly shaped conduc- 
tors, however, the charge is distributed according to the shape 
of the surface, with the most concentrated charge at the 
points of maximum curvature, as shown on B and C in Fig. 
8.11. 

Many interesting experiments can be conducted to illus- 
trate electrical induction. A classic example is the famous 
Kelvin “water dropper,” shown in Fig. 8-12. If a stream of 
water is divided into two equal parts and allowed to drip 
through metal tubes, a charge is built up sufficient to pro- 
duce a noticeable spark at A. The spark indicates that so 
great a charge has been built up on B and C that the air, 
ordinarily an insulator, conducts the charge between the two 
cans and thus neutralizes the induced charge. Drops of 
moving water pick up a charge, much as a rubber rod picks 
up a charge from fur. From the diagram, note that a slight 
imbalance in charge between D and E, caused merely by 
chance, gives the droplets of water at D a negative charge, 
those at E a positive charge, and these charged droplets in 
turn induce a charge of the opposite sign on the metal tubes 
through which they fall. Large food cans, with their tops and 
bottoms removed, work well as these metal tubes. As much 
as 7000 volts of electrical potential can be built up by induc- 
tion on the two sets of cans. 

A very practical application of induction is made in a de- 
vice called a capacitor, which consists of two parallel metal 
plates separated by an insulator. If one of these plates is 
charged either by an electrostatic charge or by a battery, 


152 


Source of 
{water 


Fig. 8-12. Kelvin’s “water-dropper” gen- 
erator of electrical charge by 
induction, 
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electrons cannot flow across the insulator, but an opposite 
charge will be built up on the second metal plate as the 
result of induction. A capacitor is often used when an oscil- 
lating charge—which makes first one plate positive, then 
negative, and so on—is placed on it, and such a capacitor is 
extremely useful in the curcuits employed in telephones, 
radios, television sets, and other electronic appliances. 


8-10 Electrostatics in Nature: Lightning and 
Aurora Borealis 


In the laboratory, scientists have manufactured lightning 
that leaps as far as 60 feet through the air. During an electri- 
cal storm, however, nature produces a magnificent show of 
electrostatics that dwarfs man’s attempts to produce light- 
ning. Nature’s method of making electrostatic charges differs 
from our electrostatic experiments of rubbing a rod with fur, 
for her lightning results from the separation of charges within 
a rain cloud. A storm cloud is a turbulent region in which 
rain droplets form, fall a short way, and then may be carried 
upward by rising winds; the droplets may pass up and down 
several times before they fall to the earth. During this time 
the droplets grow, but after they reach a certain size the vio- 
lent air currents usually tear them apart, with the smaller 
drops being carried upward more rapidly than the larger 
ones, It is during this separation process that a charge is 
formed, according to the principles of electrostatics that we 
have already examined. 

Electrons, even in a conductor, are more concentrated on 
the surface than in the body of the material (Fig. 8-11), so 
water, which is only a fair conductor, accumulates more 
negative charge on its surface than inside. Since the outer 
part of a raindrop is negatively charged and the inner part 
positively charged, the small fragments that are broken off 
by the rapid updrafts are negatively charged (Fig. 8-13). 
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Fig. 8-13. One explanation of the forma- 
tion of electrical charges on Original 
storm clouds. droplet 


f (neutral) 


| Positive droplets 


153 Updraft 


Electrostatics and the Electron 


These negative droplets form the upper part of the cloud 
and the larger positively charged droplets form the lower part 
of the cloud. Eventually the two charges may become so 
great that they have to neutralize themselves by a lightning 
discharge between the clouds, or occasionally between the 
cloud and the earth, producing a gigantic spark that may be 
several miles long. 

Other scientists think that some of the water droplets must 
be frozen before electrical charges will separate in large 
quantities, They feel that as the water droplet is swept high 
enough that ice will form; the ice in forming may pick up 
more liquid water than can be immediately frozen and some 
of the water will be torn away by the air and carried upward. 
Under these circumstances, it is thought that the water drop- 
lets would have a positive charge and that the upper part 
of a thunder cloud would then be positive. This is found to 
be the case in many storms and often there is also a positive 
portion at the cloud base, so quite possibly both processes, 
together with still others at present unknown, are at work. 

The production of electricity in a cloud and thunderstorm 
is not very well understood and we have presented only two 
theories. Regardless of whether the processes described here 
are the actual ones active in a particular storm, the principles 
of induction and frictional electricity which you have been 
studying are applicable to this gigantic display of nature's 
force. 

The lightning stroke itself is interesting. A surge of charge 
moves downward from the cloud for about 150 feet, taking 
50 usec for the movement, pauses an instant, then moves 
again in a series of similar jerky downward surges. It takes 
between 1/1000 and 1/100 sec for this charge to reach the 
earth, This electrical surge does not produce enough light 
for it to be observed ordinarily, but as it reaches the ground, 
another surge of charges moves up this prepared path at 
about 107 m/sec. This carries an average current of 10,000 
amperes and produces enough light and heat to be seen and 
to produce the thunderclaps of sound. After 1/100 sec, an- 
other stroke may take place and be followed in turn by 30 
or so strokes in the same channel. This channel, followed by 
the lightning stroke, is about 10 cm in diameter. It is esti- 
mated that there are about 16,000,000 lightning discharges 
on earth each year, but so far man has made little practical 
use of them. 

Skyscrapers, tall buildings, and smokestacks are struck by 
lightning many times every year, but little damage is in- 
flicted upon them because most of these structures are built 
on steel frames that conduct the electrical discharge safely 
to the ground. The thunder that accompanies lightning is 
caused by the sudden expansion of air as it is heated along 
the path of the lightning spark, and the sound is intensified 
by echoes from the clouds and the surrounding countryside. 

Another dramatic electrostatic phenomenon of nature is the 


154 


Electrostatics and the Electron 


Fig. 8-14, Aurora borealis as observed 
near the Arctic Circle. (Cour- 
tesy C. T. Elvey, University of 
Alaska) 


peculiar curtainlike glow called aurora borealis, or “Northern 
Lights,” in the Northern Hemisphere (Fig. 8-14). The aurora 
occurs most prominently at the North and South poles, but 
at times it may spread over other regions of the earth, One 
of the better explanations for the aurora, although there is 
considerable difference of opinion among scientists about this, 
is that charged particles from the sun cause the particles of 
the upper atmosphere, 60 to 600 miles above the surface of 
the earth, to become charged and, possibly influenced by the 
earth’s magnetism, to emit a green-yellow or red glow. By 
comparing observations of the aurora made at two locations, 
scientists have set the height of the aurora, and therefore 
the outer limit of the earth’s atmosphere, at upward of 600 
miles, 

Not nearly so exciting, but having growing importance to 
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our smog-plagued cities is the smoke precipitator. This de- 
vice uses the electrical charges on smoke particles to attract 
them to charged plates where they are electrically discharged 
and are removed from the flue gases. This process is de- 
scribed in Chapter 21, Fig. 21-14. 


8-11 Summary 


Electrostatics supplies us with an introduction to the elec- 
trical nature of matter. There are two kinds of electrical 
charge—positive and negative—and they are caused by a 
deficit and an excess of electrons, respectively. These charges 
can be readily detected by using an electroscope. 

Electrons are unit negatively charged particles with a mass 
4836 of the hydrogen atom. When electrons are emitted in 
a vacuum tube they form cathode rays, the properties of 
which reveal the characteristics of the electrons themselves. 

Materials are classed as insulators or conductors depend- 
ing on their ability to hold or transmit an electrostatic charge. 
Metals are good conductors and readily transmit electrons 
from one point to another, while glass, wood, and rubber are 
examples of insulators that do not transmit electrons but are 
capable of storing up electrical charge on their surfaces. 

Like electrical charges repel each other, unlike charges at- 
tract. Electrical charges obey Coulomb’s law, which says 
that charges exert a force on each other that is proportional 
to the product of the charge and inversely proportional to 
the square of the distance between them, 

Radioactivity gives us a key to the inner structure of 
matter. The radioactive emanations—alpha rays, beta rays, 
and gamma rays—are useful in studying the structure of 
matter, for they penetrate matter easily, indicating that matter 
is mostly space. 

The unit positive particle is a proton, which has a mass 
about the same as the hydrogen atom. The counterpart of the 
proton is the neutron, a particle that has about the same 
mass as the proton but no charge. 

An electrical charge on one object can induce an opposite 
electrical charge on a neighboring object in a process called 
induction. In nature, a bolt of lightning is an enormous spark 
that streaks between a positively charged cloud and the neg- 
atively charged ground or between two clouds, one positively 
charged and the other negatively charged. 


EXERCISES 
A. KEY TERMS TO REMEMBER 


alpha ray electron lightning 
aurora borealis electroscope negative charge 
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beta ray electrostatics neutron 
cathode rays electrostatic unit positive charge 
capacitor gamma ray proton 
conductor induction radioactivity 
Coulomb’s law insulator 


B. QUESTIONS ABOUT ELECTROSTATICS AND THE ELECTRON 


1. Devise a means to test the sign of the charge on the surface 
of a piece of varnished wood, a glass window pane, a piece of 
clothing, or a sheet of paper. 


2. What would happen if a lighted match were brought near 
the knob of a charged electroscope? Explain in terms of electrons. 


3. Why is it impossible to produce a negatively charged ob- 
ject without producing a positively charged object at the same 
time? 

4. What is a safe location during an electrical storm? What are 
several unsafe locations? Why are these latter locations unsafe? 


5. Why are lightning rods placed on the highest points of a 
building? Why are the rods pointed at their upper end? 


6. If matter is made up largely of electrical charges, why are 
not common substances such as wood, glass, and iron either posi- 
tively or negatively charged? 

7. Describe an experiment which would show that there are 
two kinds of electrical charge. 

8. If you had a negatively charged insulator and also an un- 
charged metal sphere on an insulating stand, how could you put 
a positive charge on the metal sphere? 


9. How can you charge an electroscope either positively or 
negatively from a positively charged glass rod? 


10. Why is attraction not a good test of the kind of electrical 
charge an object has? 


C. PROBLEMS ABOUT ELECTROSTATICS AND THE ELECTRON 


1. When the static charge in Coulomb's law is in coulombs and 
the distance is in meters, the force is in newtons, calculate the 
force that exists between two positive charges of 0.5 coulombs 
each that are 20 cm apart. 

2. What would be the force of repulsion in newtons between 
two electrons 1 cm apart? Hint: The answer will be extremely 
small. 


3. Make a graph plotting the distance from an electrical charge 
versus the force acting on a like charge. 

4, A +100 microcoulomb charge is placed at the 0-cm mark 
on a meter stick. If a second +100 microcoulomb charge is 
placed at the 30-cm mark, how much force would these two 
charges exert on a third +100 microcoulomb charge placed at 


the 40-cm mark? 
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5. Two small pith balls are suspended one above the other at 
a distance of 0.04 meters. If they each have a mass of 2 x 10—4 
kg and the lower one has a charge of +4 x 10-1 coulombs, 
what must be the charge on the upper ball in order to lift the 
lower one? 


6. An alpha particle and an electron are 1 cm apart. Which is 
the greater, the gravitational or electrical attraction between 
them? 


158 


Nine 


Electricity 


and Magnetism 


E tells us that the ancient shepherd, Magnes, found 
it difficult to climb down from Mt. Ida near ancient Troy 
because the tip of his staff and the nails in his shoes were 
strongly attracted to the ground. Ulysses, in Homer's Iliad, 
suffered a more disastrous fate—his ship was drawn by a 
mysterious force toward a large black rock upon which he was 
subsequently shipwrecked. Although centuries later scientists 
did find a naturally occurring substance, called lodestone, 
that attracts metallic objects, its force is so weak that it takes 
a sensitive instrument to detect it, and we must, therefore, 
regretfully conclude that these legends are pure fiction. Be- 
fore the twelfth century, however, it was discovered that a 
lodestone, when suspended by a string, orients itself in a 
special way in a north-south direction. This discovery led to 
the invention of the compass, which became an indispensable 
guide for the mariner who pushed out from Europe’s shores 
to explore the New World. 

Today, however, powerful magnets have been put to work 
for us, magnets that we have produced ourselves. They en- 
able us to generate electricity, which in turn runs our radios, 
telephones, television sets, electric motors and lights, and 
numerous other appliances. In order to understand how these 
conveniences are powered, let us first examine our two in- 
valuable servants electricity and magnetism separately, 
and then in harness together. In the process, we will also 
find out a great deal about the basic structure of our physical 
world, 
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9-1 Electricity 


Our modern concept of electricity stems from the famous 
experiments conducted by Benjamin Franklin around the 
middle of the eighteenth century. From his kite experiment, 
Franklin reasoned that electricity consists of a substance, the 
presence of which produces a positive charge and the ab- 
sence of which produces a negative charge. Electric current, 
he believed, is the flow of this substance from a point where 
it is in excess to a point where it is lacking; when there is 
neither an excess nor a deficiency, there is no current. To the 
excess or deficient condition he assigned the corresponding 
+ and — signs with which we are all familiar. The two 
terminals of a battery are labeled + and —, as are parts of 
many other electrical devices that must be attached to either 
one or the other of these two poles. Franklin never went so 
far as to attribute any particular properties or characteristics 
to the substance he called electricity, Only after many years 
of study and experimentation have we been able to determine 
that it is a process involving the movement of charged 
particles called electrons. This movement of electrons is re- 
sponsible for several important effects, such as heat, light, and 
magnetism, but before we examine these effects, let us become 
better acquainted with the movement of these tiny particles. 

In the last chapter, we saw how static charges can be 
built up on hard rubber, glass, and other insulators. Unlike 
static charges can be neutralized, however, if we connect the 
charges together by a conductor such as a copper wire. In 
terms of electrons, the negatively charged rubber rod is over- 
loaded with electrons so the excess ones tend to escape 
through the conductor to the glass rod which is hungry for 
electrons. By constantly rubbing glass and rubber rods, we 
could generate an electric current, but this method is not very 
efficient because the amount of electricity produced is ex- 
tremely small. It would take, for instance, at least five million 
men rubbing continuously to produce enough electricity for 
a typical American family. 

Fortunately for us, there are other ways of generating 
electricity that are much more efficient. One is the method 
used in batteries, in which an exchange of electrons is created 
between two poles by means of a chemical reaction. The or- 
dinary flashlight battery operates in this way, and we shall 
refer to this method in Chapter 19 on chemical processes. 
Even if all the batteries manufactured in the United States 
during a year, however, were used to light New York City, 
they would last for only one night. Another method, and 
the one that gives us most of our power, is produced by 
electromagnetic effects. In order to understand this method, 
we need to know more about both electricity and magnetism 
and about the units used to measure them. 

The effect of electricity travels almost at the speed of 
light. Our natural reaction to this information is ta ask: How 
is it able to go so fast? Metallic conductors, such as silver, 
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copper, and iron, are composed of atoms, each of which has 
one or two electrons that are free to move from atom to atom. 
When an electric current is passed through a conductor, its 
speed is determined by the ease with which electrons move 
from one atom to the next. In Fig. 9-1 only those electrons 
that are free to move are shown. To simplify matters, consider 
that each atom possesses one of these free electrons at all 
times and that they can be easily exchanged with other atoms. 
If a single electron enters one end of the conductor in Fig. 
9-1 at A, it will cause each electron to move ahead slightly 
and thereby force an electron out the other end at B. The 
electron that leaves the conductor, then, is not the same one 
that enters it. The effect is the same as if we stood up a row 
of dominoes and pushed over the first one in the line. It will 
push over the second, which then will tip over the third, 
and so on down the row. The movement down the line of 
dominoes far exceeds the rate of movement of any one dom- 
ino. In a similar fashion, the effect of an electric current 
passes through a conductor from electron to electron. 


9-2 Electrical Units 


It will help our understanding of electricity to know some 
of the units by which we describe it. The coulomb (named 
after the man who, as we saw in the last chapter, discovered 
the law of electrostatic charge) is the unit used to measure 
the quantity of an electrical charge. When a coulomb of 
electrical charge flows by a certain point in a conductor, 6.2 
X 10*8 electrons have passed that point. When we have a 
coulomb of electric charge pass a point in a circuit during 
one second, we say one ampere of electric current is flowing. 
In other words: 


coulombs (9.1) 


eres = 
ame second 


Amperes are measured by an instrument called an ammeter. 
When the ammeter in an automobile reads “charge 5,” it 
means that the generator is charging the battery at the rate 
of five amperes, or five coulombs a second. 

A volt is a measure of the energy of electrons as they flow 
in a conductor, An electrical current occurs when electrons 
move from one point to another, and the energy that causes 
the electrons to move may be likened to potential energy, 
that is, electrons move from a position of higher potential 
energy to a position of lower potential energy. The energy 
change that causes an electric current to flow is spoken of as 
a difference of potential and is measured in volts. A volt is 
defined as that difference of potential which requires one 
joule of work to carry one coulomb of charge from one point 
to the other. Each time 6.2 X 1018 electrons, or one coulomb, 
move from a higher to a lower potential energy and in the 
process do one joule of work, a potential difference of one 
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Free, movable electrons 


The mechanism of electron mi- 
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volt is said to exist between the two energy levels. We can 
visualize this in Fig. 9-2, where 6.2 X 1018 electrons at A fall 
from A to B, a distance equivalent to one joule of energy and 
to a change in potential of one volt. According to the law 
of conservation of energy, the source of the work these elec- 
trons can do as they move from A to B is the difference in 
energy or potential between the electrons at A and at B. We 
can now put this relationship into an equation: 


w 
=F (9.2) 


where V is volts, W is joules, and q is coulombs. In a 12-volt 
storage battery the electrons have more potential energy 
when on the negative pole than they do on the positive pole 
and so they flow from the negative pole to the positive pole 
when we connect these two poles together with a wire. Each 
time one coulomb of electrons flows from the negative to the 
positive pole it loses 12 joules of energy, thus forming a 12- 
volt difference in potential. 

We know that electricity flows more easily through some 
substances than through others. For instance, copper is com- 
monly used as a conductor primarily because it offers very 
little resistance to the flow of electrons. This resistance is 
measured in ohms; an ohm is the amount of resistance in a 
conductor that permits a drop in potential of one volt to 
produce a flow of one ampere of current (Fig. 9-3). Ohm’s 
law, then, states: 


volts = amperes X ohms (9.3) 


Although many more electrical units are used by the 
scientist and the engineer, for our present needs the four de- 
fined above will be sufficient. If we relate these units to 


water flowing in a pipe, we can see more clearly what they 
are: 


Electrical unit Water pipe analogy 
volt water pressure 


coulomb gallons of water 
ampere gallons of water per second 
ohm resistance to the flow of water 


From these comparisons, we may draw a further analogy 
from Ohm’s law. If there is a large resistance to flow, then 
a high water pressure is needed to cause a given quantity 
of water to flow per second. Or, if the resistance is low, the 
same high pressure will cause a large amount of water to 
flow per second, just as a high voltage will produce a large 
amount of current (amperes) when the resistance of a wire, 
measured in ohms, is low. 


9-3 Electrical Energy and Power 


All of us use electricity in one way or another. As long as 
we pay our light bill, we usually give little attention to what 
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we actually buy from the power company. By analyzing our 
electric bill, let us see what we get for our money. We are 
usually charged with so many kilowatt-hours. The prefix 
“kilo,” you will recall, means one thousand, and if we have 
used 400 kilowatt-hours, we have used 400,000 watt-hours, 
or 400,000 watts operating for one hour. What, however, is 
a watt? 

On each of our appliances—toasters, radios, washing ma- 
chines, hedge trimmers, and what have you—there is a 
cryptic message we seldom heed that gives the number of 
watts the item uses at a particular voltage. Many light bulbs 
are marked 50W 120V, which means they are designed to 
operate efficiently on 120 volts, and they would glow very 
dimly or not at all if they were connected to an automobile 
electrical system providing only 6 or 12 volts. Fortunately 
for most of us, 120-volt and 6-volt bulbs ordinarily have 
bases of different size so that it is impossible to interchange 
them. But, what about the 50W (50-watt) notation? A watt 
is a measure of the rate at which energy is used, and the 
number of watts a lamp uses depends upon both volts and 
amperes. We already know that: 


Joules 


volts = coulomb 


and: 


coulombs 


amperes = 
p second 


If we multiply volts by amperes, we get: 


joules coulombs 


volts X amperes = coulomb second 


__ joules 
~ second 
Joules per second (the rate of doing work) you should 
recognize as a unit of power. We give this power unit its 
own special name of watt. A watt, then, is one joule per sec- 
ond. So we can write: 


joules (9.4) 


watts = volts X amperes = Second 


Our 50-watt bulb, therefore, uses 50 joules of energy each 
second it is lighted with 120 volts of potential difference. 
Since both the watt and horsepower are units of power you 
may be interested to know that 746 watts equals one horse- 
power. A 1500-watt electrical appliance then uses energy at 
the rate of about two horsepower. 

Now back to the term watt-hour. This simply means that 
we use energy at a rate which averages a joule per second for 
one hour. It is an amount of work done or energy used. If 
we used the 50-watt lamp for an hour it would use 50 watt- 
hours of energy. Ten 50-watt lamps burning for two hours 
would use 1000 watt-hours, or 1 kilowatt-hour. When we use 
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a kilowatt-hour of electricity, we use a total of 3,600,000 
joules 

joules sec min 
(1600 second N min 8 hr ). 
Thus, when we buy a kilowatt-hour of electricity, we pur- 
chase 3,600,000 joules of energy; the power company, if we 
are to be precise, bills us for the amount of energy, not the 
amount of power, we use. The means by which the electric 
company generates this energy will be discussed later in this 
chapter. 


9-4 Magnetism 


Nearly everyone at some time or other has played with a 
small magnet and found that it attracts iron or steel with an 
invisible, mysterious force but that it does not attract paper, 
glass, wood, and most other metals. In fact, the magnet’s at- 
tractive force will pass through pieces of these materials and 
still affect iron and steel. A compass placed near a magnet 
will swing madly around and disregard its normal duty of 
pointing northward. In studying the force that causes these 
phenomena, we will get an insight into some of the more in- 
teresting topics in physical science—the structure of the 
atom, the nature of light, and the earth’s magnetic field. 

As we have already seen, lodestone, or magnetite (iron 
oxide), is a magnet and it can be detected with the aid of a 
compass. If a piece of lodestone is supported on a thread it 
will act as a compass and align itself in a north-south direc- 
tion. Natural magnets, such as lodestone, are not very power- 
ful, but man-made magnets of an alloy containing aluminum, 
nickel, and cobalt (alnico) are capable of lifting at least a 
hundred times their own weight. This type of magnet has 
become almost indispensable in telephones, radios, radar, 
and other electrical devices. A few other alloys can be mag- 
netized, but most substances have limited magnetic prop- 
erties. A recently developed alloy of manganese and bismuth 
makes a magnet ten times stronger than alnico; this new 
material seems to hold its magnetism better and can be 
fashioned in a form that can easily be cut and worked into 
intricate shapes. Such a magnet may open up entirely new 
possibilities in the fields of electrical power and communica- 
tion. 

A compass is a small magnet that may be constructed to 
swing either horizontally or vertically (Fig. 9-4). It aids us 
in traveling because it is attracted by the earth’s magnetic 
field; the end of the needle that points northward is called a 
north (N) or north-seeking pole and the other end is called 
a south (S) or south-seeking pole. Unlike an object contain- 
ing static electricity that may have either a positive or a 
negative charge, a magnetized object always contains both 
N and S poles. It is impossible to produce a single magnetic 
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Fig. 9-4. Two different types of com- 
passes. 
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S and a new N pole formed at the cut (Fig. 9-5). No matter 


N i 5 


pole. If we tried to isolate the N pole from the S pole by cut- 
ting a bar magnet in two, we would find that we have a new FS; 


how many times we cut the magnet in two, we will always 
have a magnet with both N and S poles. On the other hand, 
magnetic poles are similar to electrostatic charges in that un- 
like poles attract each other and like poles repel each other. 
The force of repulsion can easily be shown by placing two 
bar magnets on top of each other, with their like poles to- 
gether (Fig. 9-6). With suitable guides to hold the upper 
magnet in position, its weight may be fully supported by the 
magnetic forces between the two bars. 

Coulomb discovered that the force of attraction between 
an N and an S magnetic pole is directly proportional to the 
product of their pole strength and inversely proportional to 
the square of the distance between them. Can you write out 
the equation which might represent this relationship before 
you read further? This relationship appears very much like 
the one we encountered in Chapter 8 (Equation 8.1) con- 
cerning the force of attraction between electrostatic charges. 
In addition, it reminds us of Newton's law of universal gravi- 
tation (Equation 3.8). Suppose we compare these three kinds 
of forces—gravitational, electrostatic, and magnetic—and 
note their similarities and differences. 

In recent years scientists have attempted to find a single 
theory that would explain all three of these forces. Since 
they all have field effects—that is, they exert themselves 
through space—scientists hope to discover a theory that will 
explain why they have similar relationships, such as that of 
the inverse square, Although Einstein in his later years 
worked on a unified field theory, this problem still constitutes 
one of the most formidable questions facing the scientist 
today. 


Fig. 9-5. Cutting a magnet in two pro- 
duces two new poles. 
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Fig. 9-6. One magnet supporting another 
by the repulsion of like poles. 
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Fig. 9.7. Finding the magnetic field lines 
with a compass. 


The magnetic field formed by a magnet may be readily de- 
tected by several methods, In one, a bar magnet is laid on a 
flat surface (Fig. 9-7) and an ordinary compass is placed at 
a position, such as A, near the N pole. The compass is then 
moved in the direction toward which the needle points, and 
a line is drawn on the surface to mark its path. The line will 
curve around to the S pole, describing a symmetrical path 
between the N and S poles. By placing the compass at other 
points, as at B, more lines that indicate the magnetic field 
can be constructed to assist us in visualizing the effect of the 
magnet. A magnetic line of force is arbitrarily said to start 
at the N pole and end at the S pole. A second method of de- 
tecting a magnetic field is quicker and more dramatic. A 
magnet is placed beneath a sheet of paper covered with iron 
filings, which, after a gentle tap on the paper, will line up 
with the magnetic lines of force (Fig. 9-8). 

What is the difference between a magnetized and an un- 
magnetized bar? In order to answer this question we must 
account for the following facts: 


1. A magnet always has two poles. 


2. A magnet, when broken in two, has a new set of mag- 
netic poles, 


3. Heating or jarring a magnet weakens or destroys its 
magnetism, 


4. Soft iron is easily magnetized by placing it in a magnetic 
field. 


5. A piece of iron becomes slightly longer when it is mag- 
netized. 


A good way to explain these facts is to consider a magnet 
to be a collection of many tiny magnets, formed by groups 
of atoms or by the individual atoms themselves. (We shall 
see later how a single atom itself may act as a magnet.) In 
an ordinary piece of iron these little magnets are disordered, 
as shown in Fig. 9-9a. When the iron is magnetized, however, 
these tiny magnets line up with their N poles oriented in one 
direction and their 8 poles in the opposite direction (Fig. 
9-9b), This theory of the structure of the magnet explains 
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Fig. 9-8. Iron filings on a piece of paper 
lined up by the magnetic field 
between the north and south 
pole of a magnet. 


Fig. 9-9. Diagram of the elementary mag- 
nets in a piece of iron. 
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why we always find two poles, and why cutting a magnet in 
two results in two new poles at the cut. It also explains why 
heat destroys magnetism—at high temperatures the tiny 
magnets become free to swing away from their oriented po- 
sitions, When a piece of iron is placed in a magnetic field, 
the tiny magnets in it will arrange themselves in an orderly 
fashion and thus form a magnet. A piece of iron may be 
magnetized and de-magnetized over and over, with no ap- 
parent change in the composition of the iron. Finally, since 
the tiny particles in a magnet are apparently not exactly 
spherical, if the iron atoms are all oriented, as in Fig. 9-9b, 
they will take up slightly more space than if they were 
randomly oriented. 


9-5 The Earth's Magnetic Field 


The earth is a huge magnet, but why it is one has baffled 
scientists for a long time, because at the high temperatures 
that apparently prevail inside the earth, its iron core should 
have difficulty serving as a permanent magnet. The most 
commonly accepted theory seems to be that deep internal 
currents flowing in the outer core of the earth give rise to the 
earth’s magnetism, but the source of energy for these move- 
ments is still a major problem. Several other theories have 
been proposed which would make interesting reading. A full 
explanation of the earth’s magnetism remains to be found. 

The axis of the earth’s “magnet” is displaced 12 degrees 
from the geographical axis (Fig. 9-10) and acts very much as 
though it were a large bar magnet buried within the earth. 


The north pole of the earth’s magnet ( which is actually an 


S pole, since it attracts the N pole of a compass) is located 
beneath a point about a 1000 miles north of Hudson Bay, 
850 miles short of the North Pole. Consequently, the needle 
of our horizontal compass will not point exactly toward the 
North Pole except in a narrow north-south region extending 
through Lake Superior and the southeastern states (Fig. 
9-11), When we measure the direction of its magnetic field 


Fig. 9-11. A magnetic map of the United geg 
States showing the deviation of 
the compass from true north and 
the angle of dip. 
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Fig. 9-10. The earth as a huge magnet. 
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lines with dip-needle compass (Fig. 9-4b), the lines are hori- 
zontal only near the earth’s equator. In some parts of the 
United States, these lines point downward at angles that 
range between 60 and 75 degrees from the horizontal. 

The earth’s magnetism seems to be an important factor in 
producing the aurora borealis, Where the earth’s magnetic 
lines point downward 80 to 85 degrees from the horizontal 
—at places near the poles, in other words—the aurora is 
visible on over 80 per cent of the nights. The earth’s mag- 
netic poles apparently move slowly over long periods of time. 
Recent studies of the residual magnetism in ancient rocks 
indicate that 700 million years ago the north magnetic pole 
might have been in Arizona. Any magnetizable rock, such 
as an iron ore, becomes a magnet through the effects of the 
earth’s magnetic field. Once this magnet is formed, assum- 
ing that its position is not changed, it will remain in the 
direction of the original magnetic field that induced the mag- 
netism in the rock, A small amount of residual magnetism 
will, in a sense, be frozen in the rock. The north magnetic 
pole seems to have moved slowly across the Pacific to Japan, 
then northward to Siberia, and finally to its present position. 

The direction of the earth’s magnetic field seems to have 
been reversed at least twice in the course of geologic time. 
Magnetic north lay deep in the southern hemisphere between 
980,000 and 1,900,000 years ago and prior to 3,400,000 years 
ago. Since the geographic poles and the magnetic poles sup- 
posedly remain near each other, this hypothesis might ex- 
plain the radical changes in climate that have occurred over 
the face of the earth during past geological ages. Arizona 
might at one time have been in a polar, frigid region, and 
later Japan and Siberia may have moved into the polar re- 
gion. At any rate, this mystery is another one of the many 
interesting, unsolved problems in physical science. 

While we may take the earth’s magnetic field for granted, 
present evidence indicates that Venus has little or no mag- 
netic field surrounding it. The effect of a planet’s magnetic 
field on charged particles coming into the planet makes the 
study of planetary magnetism an important field of space 
research. 


9-6 Magnetism from Electricity 


Most of the magnets in commercial use today are tempo- 
rary magnets that are energized by an electrical current; one 
of the important characteristics of an electrical current is its 
ability to generate a magnetic field. While talking with his 
students after class one day in 1819, Hans Christian Oersted 
observed for the first time that a magnetic field exists around 
a wire carrying an electrical current. By placing an ordinary 
compass near the wire, he found that the field is arranged in 
concentric circles around the wire (Fig. 9-12), with its 
strength depending upon its distance from the wire and the 
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Fig. 9-12. The magnetic field around a 
wire in which there is a flow of 
electrons. 
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amount of current flowing through the wire. The direction of 
the field can be determined by the so-called left-hand rule: 
When you grasp the wire with your left hand, with your 
thumb pointing in the direction of the flow of electrons, your 
fingers point in the same direction as the N pole of a com- 
pass when it is placed in the magnetic field. 

If we wind a wire into a coil and pass a current through it 
(Fig. 9-13), it acts like a magnet. In fact, since the fields 
around each wire reinforce each other, an intense magnetic 
field may be formed. If a piece of iron is placed inside the 
coil, a still stronger magnet, called an electromagnet, is pro- 
duced, In this case, the magnetic field of the electric current 
produces a temporary magnetism in the iron core which 
complements and strengthens the whole magnetic effect. 
Since soft iron is used, the induced magnetism is only tempo- 
rary and it acts like a magnet only while the current is flow- 
ing through the coil, Here is an amazing, yet extremely 
useful, peculiarity of the electron, Scientists, as we have seen, 
believe that the electron is a tiny mass containing a single 
negative charge and that it accounts for the negative charge 
of such substances as a fur-stroked rubbed rod. But, since 
this charged rod shows no magnetism, we must conclude that 
it is the movement of the electron that generates a magnetic 
field. Thus, a moving electron, whether it is carried by a 
conductor or not, creates both electrostatic and electromag- 
netic effects, which, as we shall soon see, means that its 
energy manifests itself in a rather complex manner. 


9-7 Electricity from Magnetism 


We saw above that a moving stream of electrons produces 
a magnetic field around a conductor. What would happen if 
a conductor, such as a copper wire, were moved through a 
magnetic field? A simple experiment will give us the answer. 
Let us place two unlike magnetic poles a short distance apart 
so that an intense magnetic field is concentrated between 
them. Then let us move a copper wire, with an ammeter at- 
tached to detect a flow of current, quickly down between 
the two poles, in effect “cutting through” the magnetic field 
(Fig. 9-14). When we exert enough force to move the wire 
downward through the magnetic field, the ammeter will in- 
dicate that a current is flowing in the wire. Note that the 
direction of the magnetic lines, the movement of the wire, 
and the flow of electrons in the wire are all mutually per- 
pendicular to one another. If we push the wire upward, the 
electrons in the conductor will move in the opposite direc- 
tion. When we move the wire up and down at various 
speeds, we will note that the faster the movement, the greater 
the amount of current produced in the conductor. 

This process is the basic principle of the generator or dy- 
namo. In an actual generator, however, the moving wire is 
replaced by a coil in the form of a loop, so that the maximum 
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Fig. 9-13. A magnetic field is produced 
by an electrical current flowing 
through a coil of wire. 


Fig. 9-14. Producing a flow of electrons 
by a magnetic field. 
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efficiency of the mechanism can be obtained (Fig. 9-15). 
Instead of bar magnets, powerful electromagnets produced 
by electrical current flowing through a coil, as shown in Fig. 
9-13, are used to create the magnetic field. The current pro- 
duced by a conductor moving through a magnetic field is 
called an induced current, and it is by the method described 
above that the major portion of our electrical energy is gen- 
erated, Since the power required to turn the coil of the 
generator is usually obtained from steam, waterpower, in- 
ternal combustion engines, or even the wind, we find here 
an important example of the conversion of one form of en- 
ergy into another. 


9-8 Mechanical Energy from Electrical Energy 


In the last section we saw how mechanical energy is con- 
verted into electrical energy. Now let us see how electrical 
energy is transformed into mechanical energy. The first step 
is to examine the effect of a magnetic field upon a conductor 
carrying an electrical current, You will recall that such a 
conductor has its own magnetic field around it. Figure 9-16 
illustrates the interaction of the magnetic field around the 
conductor and an external magnetic field. As an aid in un- 
derstanding this experiment, think of the magnetic field as 
consisting of taut rubber bands. Below the wire in the illus- 
tration the two fields act together and are strengthened, 
while above they are opposite in direction and produce a 
weakened magnetic field. As a consequence, the field exerts 
a net repulsive force on the wire, pushing it upward through 
the weakened field. Hence, in Fig. 9-16 the conductor will 
be forced upward by the interaction of the two magnetic 
fields. 

Let us now replace the single conductor in Fig. 9-16 with 
a loop of wire that can be rotated, such as the one in Fig. 
9-15. If we attach the wire from the commutator to a battery 
and produce a current through the wire loop, the resultant 
forces on the loop will cause it to rotate, and we thus have 
the essential elements of an electric motor. There is an ob- 
vious similarity between the electric motor and the genera- 
tor: In the generator the armature is turned in order to 
produce an electrical current; in the motor, electrical current 
is supplied to the armature in order to turn it. As in the gen- 
erator, the fixed magnetic poles are usually replaced with an 
electromagnet, thus creating a device that is actuated entirely 
by the flow of an electrical current, In sum, we have con- 
verted mechanical energy into electrical energy and elec- 
trical energy back again into mechanical energy. Since the 
production and use of electrical energy are so important in 
our modern way of life, we will now take up briefly the 
mechanism by which electrical energy is transported from 
the generator to where it is ultimately used. 
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Fig. 9-15. The principle of the electrical 
generator. 


Resultant force 
upward 


Magnetic field acting in 
opposite directions weakens 
the magnetic field 


rule 
Dry cell 


Fig. 9-16. The interaction of two mag- 
netic fields produces mechanical 
energy from electrical energy. 
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9-9 Direct and Alternating Currents 


Up to this point, we have been concerned primarily with 
the flow of electrons in a conductor without bothering about 
the continuity of the current. Since many useful devices, 
however, are made possible by altering the flow of electrons 
in an electrical current, we will want to know something 
about this modification of the current. The current produced 
by batteries and by certain types of generators is direct cur- 
rent (DC), which means the electrons in the conductor flow 
continuously in one direction, This steady flow of electrons 
may be measured by voltage and amperage, and it estab- 
lishes a uniform, fixed magnetic field around the conductor 
so long as the current is flowing. The electrical current in our 
automobiles, flashlights, and battery-operated radios is direct 
current. 

Most of our electricity, however, is produced by genera- 
tors that move the electrons first one way in the conductor 
and then the other way. In the ordinary flow of electricity 
supplied to domestic users in the United States, this change 
in direction is made 120 times per second, in what is called 
a 60-cycle alternating current (AC). The reversal occurs so 
quickly that we ordinarily do not see its effect upon our light 
bulbs. Many electrical motors are constructed to operate on 
the alternating flow of electrons in alternating current. A 
clock motor, for instance, runs at a constant speed only so 
long as the number of cycles per second in the current sup- 
plied to it is constant. The electric power company can speed 
up or slow down our clocks by simply increasing or decreas- 
ing the number of cycles per second in the current that it 
produces, but fortunately, the number of cycles in AC is very 
rigidly controlled. 

There is a big advantage in transporting electrical energy 
in the form of an alternating current instead of a direct cur- 
rent; because the voltage of alternating current can be simply 
and efficiently reduced or increased. Direct current, on the 
other hand, can be reduced in voltage only by passing it 
through a resistance, and this is costly because part of the 
electrical energy is dissipated as heat; furthermore, the volt- 
age of direct current cannot be stepped up in a simple 
manner, You might think that increasing the voltage of al- 
ternating current will increase the energy and thus refute 
the law of conservation of energy, but it does not, for when 
AC voltage is increased its amperage is proportionately de- 
creased, Since electrical power (watts) is the product of 
volts and amperes, it is obvious that the voltage can be in- 
creased if the amperage is decreased, so that the product of 
the two remains constant and the law of conservation of 
energy maintained. 

Let us now examine the method by which the voltage of 
alternating current can be changed—a method that involves 
a simple electromagnetic process. If we place a coil of wire 
A (Fig. 9-17) alongside a second coil B and then pass an 
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Fig. 9-17. Producing an electrical current 
by induction. 
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electrical current through coil A, we will see the ammeter 
needle move, showing that a current is induced in coil B. 
The current in B, however, flows for only an instant, be- 
cause the needle of the ammeter soon falls back to zero. Now 
let us turn off the current flowing through coil A. Again, the 
ammeter shows that a current is produced in coil B, but it 
now flows in the opposite direction. Each time we start or 
stop the current in coil A an induced current is produced in 
coil B, the current flowing first one way, then the other way. 
What is the reason for this effect? When an electrical current 
starts to flow in a conductor, the magnetic field that forms 
around it grows outward from the conductor in a widening 
circle. As the current is started through coil A, the magnetic 
field moves outward and part of it is cut by coil B, produc- 
ing an induced current in it. When the current in coil A is 
stopped, the magnetic field around this coil contracts or col- 
lapses onto the conductor. Some of this shrinking magnetic 
field is again cut by coil B and induces a current in it in the 
opposite direction. In this experiment we are witnessing the 
conversion of electricity to magnetism and back to electricity 
each time a current starts or stops in toil A. The only mov- 
ing part in our apparatus is a switch for turning on and off 
the current to coil A. You will recognize this as the same 
process discussed in Section 9-7. 

Instead of starting and stopping the current in coil A by 
a mechanical switch, we might supply an alternating current 
to this coil. Now the current starts, stops, reverses its direc- 
tion, stops, reverses again, and so on. Each time there is a 
change in the current, there will be a current induced in 
coil B. Here, then, is the essence of a transformer. If an equal 
number of turns of wire are in coils A and B in Fig. 9-17, 
the voltage induced in coil B will be equal to the original 
voltage in coil A. However, by varying the number of turns 
of wire in the two coils, we can change a particular voltage 
into almost any voltage we wish. The rule by which we may 
determine the voltages in the two coils is: 


number of turns in A voltage in A 
number of turns in B voltage in B 


Fig. 9-18. A simple transformer. 
The ability of AC to be changed to other voltages through 
transformers is an obvious advantage of this type of current 
over DC. 

A transformers efficiency is increased by placing both coils 
around a common piece of iron (Fig. 9-18). The coil through 
which the initial alternating current is passed is called the 
primary coil; the coil in which the induced current is formed 
is called the secondary coil. The size of transformers varies 
from tiny ones that fit into the palm of the hand to huge ones Primary 


that may weigh many tons. It is interesting to note that the 
Alternating 
current 


Alternating 
current 
(induced) 


law of conservation of energy is not violated here. The 
amount of electrical energy used in the primary coil equals 
the amount of electrical energy put out by the secondary 
coil plus any heat that is generated. As the voltage is in- 
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creased, the amperage is decreased, so that the product of 
volts times amperes, or watts, is always constant. Even 
though the process of converting one voltage to another is 
highly efficient, a small fraction of the electrical energy is 
always converted into heat energy. If we account for both 
the electrical energy and heat energy involved, no energy 
is lost or created. In other words, the work put into the sys- 
tem equals the work put out by it. In the form of an equa- 
tion this becomes: 


Power in primary = Power in secondary 
P, = volts, X amperes, = P, = volts, X amperes, 


A transformer is a crucial link in transporting electrical 
energy. Generating power plants are often located at a con- 
siderable distance from the cities and industries that use the 
energy they produce. Since less electrical energy is lost if it 
is conducted across country at high voltage than at low 
voltage, you will always see transformers at a power plant 
for the purpose of stepping up the voltage of the electricity 
before it is sent out through the transmission lines. On the 
consumer's end, the voltage is then stepped down, usually to 
110 volts, through several transformers. 


9-10 Series and Parallel Circuits 


A brief introduction to electrical circuits will give us an 
opportunity to summarize some of the concepts of electricity 
we have encountered in this chapter. It will also enable us 
to examine electrical circuits in practical situations that most 
of us frequently encounter. 

In a series circuit, all the electrical current flows through 
the whole system. A good example of a series circuit is that 
of an ordinary storage battery (Fig. 9-19), which consists 


Fig. 9-19. Examples of series circuits: a 
storage battery and ornamental 
Christmas tree lights. 


173 


Electricity and Magnetism 


of three separate cells, each capable of producing 2 volts of 
electricity. The process by which each cell generates this 
voltage is primarily of a chemical nature, which need not 
concern us at this point. The negative pole supplies electrons 
that flow through the outer circuit and reenter the cell at 
the positive pole. From cell A, electrons put out at 2 volts 
enter cell B by way of B's positive pole, emerge from B's 
negative pole with 2 more volts of potential energy, and 
finally emerge from cell C with a total of 6 more volts of en- 
ergy than they had at the positive pole of cell A. The voltage 
of a battery, therefore, is the sum of the voltages of the cells 
that are connected in series. An automobile’s 12-volt battery 
has six such cells in series. 

What happens to the current, or amperage, in a series 
circuit? Since an electrical current is a flow of electrons and 
all the electrons must eventually flow through each cell in 
a battery, we find that exactly the same number of amperes 
of current flows through each cell. Suppose we use some 
electrical energy in a series circuit, say in a string of Christ- 
mas tree lights (Fig, 9-19). All the electrons in the current 
go through each light, hence the amperage through each 
light will be identical. If 110 volts are supplied to the circuit, 
a portion will be used by each light, and as the electrons 
flow through the light they will suffer a drop in potential or 
voltage. Thus, in Fig, 9-19 there is a drop of 110/8 volts for 
each light, For the string of lights to operate efficiently, the 
voltage drop across each bulb should be identical to the 
voltage for which it is designed. If one of these lights should 
“burn out,” no current can pass through it, and all the lights 
will go out. 

A more common type of circuit is the parallel circuit. In 
it each light or appliance uses up electrical energy inde- 
pendently of the others. Our houses are wired in parallel 
circuits, and in them all lights and appliances operate on 
110 volts, with each of them using as much amperage as it 
may require: A 100-watt light uses almost one ampere, a 
motor may require 5 amperes, and an electric stove may 
need as much as 50 amperes. Figure 9-20 illustrates three 
electrical appliances attached in a parallel circuit, There are 
several electric circuits in addition to the two mentioned 
here, Our radio, television, radar, and other communication 
devices involve circuits that we can better understand after 


Source of 
110 volts 


Fig. 9-20. Home appliances attached in a 
parallel circuit. 
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we become acquainted with the properties of wave motion 
that will be discussed in the next chapter. 


9-11 Summary 


Current electricity is a flow of electrons in a conductor. 
The quantity of an electrical current is measured in cou- 
lombs, one coulomb being 6.2  10!* electrons. One coulomb 
of charge moving past a given point in a conductor in one 
second is a current of one ampere. The electrical potential 
is measured in volts, one volt being one joule per coulomb. 

If one ampere flows through a conductor at a potential 
difference of one volt, the conductor has one ohm of re- 
sistance. Ohm’s law states that the voltage drop of an electric 
current is amperes times ohms. 

Electric power is measured in watts. A watt, the product 
of volts and amperes, is one joule per second. 

Magnetism is similar to electrostatics in that it consists of 
two opposite poles, the north and south poles. The force of 
attraction and repulsion between opposite and between like 
poles obeys a law identical in form to Coulomb's law for 
electrostatic charges. Magnetism is exhibited mostly by cer- 
tain metals such as iron and steel. 

The earth's magnetic field has a south pole near the geo- 
graphic North Pole, and a north pole near the geographic 
South Pole. 

A movement of electrons always generates a magnetic field 
at right angles to their direction of movement. If a magnetic 
field is cut by a conductor, an electric voltage is induced in 
the wire. It is upon these two principles—the conversion of 
electrical energy into a magnetic field and a magnetic field 
into electricity—that most of our modern uses of electricity 
depend. Generators, motors, and transformers are all based 
on these two principles. 

Direct current is the passage of electric current in one di- 
rection only, while alternating current involves the periodic 
reversal of the flow of current. Only alternating current can 
be stepped up or down in voltage by means of transformers. 

Most electricity is used in parallel circuits, although oc- 
casionally there is an advantage to using a series circuit. 


EXERCISES 


A. KEY TERMS TO REMEMBER 


alternating current electrical current parallel circuit 
ampere electromagnet S pole 0 
compass generator series circuit 
coulomb induced current transformer 
Coulomb's law of magnetism volt 
magnetism N pole watt 


dip-needle compass ohm 
direct current 
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B. QUESTIONS ABOUT ELECTRICITY AND MAGNETISM 


1. List three important effects produced by an electrical cur- 
rent that are useful in modem civilization. 


2. Ten identical lights are in series in a string of Christmas 
lights attached to a 110-volt source of electricity. What voltage 
is across each light? What would be the voltage if the lights were 
in a parallel circuit? In each case what will happen if one of the 
lights burns out? 


3. Explain why the earth’s magnetic pole near the north geo- 
graphic pole is actually a south pole. 


4. Make a list of the similarities and differences between elec- 
tric charges and magnetic poles. 


5. When do electric charges and magnetic poles have no effect 
upon each other? 


6. What are three common forces that exert their effects 
through space? 


7. When an electrical current travels through a conductor, 
would you expect to find the free, moving electrons distributed 
uniformly throughout the conductor, or concentrated in some parts 
of the conductor? 


8. List some of the additional information that scientists would 
like to have in order to explain the origin of the earth’s mag- 
netism. 


9. Where on the face of the earth will the north pole of a dip- 
needle compass point (a) straight downward, (b) straight up- 
ward, (c) horizontally? 


10. What will a horizontal compass needle do when placed 
directly over the north magnetic pole? 


11. Describe briefly the relationship between electricity and 
magnetism that permits us to convert mechanical energy into 
electrical energy. 


12. Which compass in Fig. 9-7 indicates the field incorrectly? 
What might cause such an indication? 


C. PROBLEMS ABOUT ELECTRICITY AND MAGNETISM 


1. How many electrons move past a point in a conductor per 
second when there is a current of 5 amperes? Ans. 31.0 x 1018 
electrons. 


2. If a wire has a resistance of 50 ohms, how many amperes 
of current will be produced if there are 100 volts potential dif- 
ference between the two ends of the wire? 


3. What is the maximum wattage that can be used on a 110- 
volt circuit that is protected with a 20-ampere fuse? 


4. How many amperes flow in a circuit when a 1500-watt 
heater is plugged into a 110-volt line? Ans. 13.6 amperes. 


5. If 2200 volts AC are attached to a transformer’s primary 
coil that has 2000 turns, what voltage is induced in a secondary 
coil that has 500 turns? 
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6. If we had two 100-watt 110-volt lamps, but only had avail- 
able a 220-volt line, how could we connect these so the lamps 
would work effectively? 


7. If we have a %-horsepower 110-volt vacuum cleaner, what 
current will it take? 


8. If electricity costs 5 cents per kilowatt-hour, how much will 
the electricity cost to run the vacuum cleaner described in prob- 
lem 7 for one hour? 


9. What maximum current would flow in a 110-volt house cir- 
cuit to which was connected a 1500-watt toaster, a 600-watt 
coffeemaker, and a 1200-watt frypan? 


10. In problem 9, what total horsepower would be involved? 
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A ough we are usually not aware of it, most of the infor- 
mation we receive from sources outside ourselves comes 
to us through wave motions. Of our five senses, the two most 
important—hearing and sight—depend on our perception of 
sound waves and light waves respectively. The aesthetic 
strains of a symphony orchestra, the murmur and clatter of 
a busy city, and the sharp clap of a thunder storm all result 
from a movement of energy in the form of sound waves 
from the source to our ears. 

The colors of the rainbow, infrared, visible, and ultra- 
violet light poured out by the sun, radio waves, X rays, and 
gamma rays are all examples of electromagnetic waves. We 
have all experienced other types of waves—water waves, 
waves in a stretched violin string or piano wire, and perhaps 
even earthquake shocks. Some of these waves need no me- 
dium and can travel through a vacuum whereas the other 
waves mentioned here require the presence of matter, such 
as air, metals, wood, and so on, in order to be transmitted 
from one place to another. 

In addition to the various qualities of wave motion, the 
physical scientist is deeply interested in the transmission of 
energy by waves because the behavior of waves serves as a 
key to the structure of matter itself. The inner structure of 
the atom, the power locked in the atom’s nucleus, as well as 
the infinities of the universe have been revealed through 
man’s increased knowledge of wave motion. It has been said 
that the studies made possible by only one of these kinds of 
waves X rays—has revealed more about the structure of the 
natural world than any other tool the scientist has used. But 
before we go too far into the subject, let us examine the 
basic aspects of wave motion. 
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10-1 Wave Motion 


A pebble tossed into a quiet pool of water will cause a 
series of waves on the surface of the pool. These waves start 
from the point where the pebble strikes the water, move out- 
ward in concentric circles, and become weaker as the circles 
become larger. When they reach the edge of the pool, they 
are reflected back, again in concentric circles. From these 
water waves we can learn much about wave motion in gen- 
eral. In the first place, a water wave is produced by an 
original disturbance, namely the pebble depressing and 
breaking the surface. When a portion of the water is lowered 
below its rest position, gravitational forces (and others) 
tend to return it to its original level. As it returns, inertia 
carries it upward beyond its rest position and a crest or high 
spot is produced. These high and low points, as they move 
outward, carry with them the ability to rock a boat and we 
can see that the energy of the falling pebble has been con- 
veyed to the boat through the waves. Wave motion is then 
a means of transmitting energy from one place to another. 

If you and a friend were each to hold the end of a rope, 
as in Fig. 10-1, you could perform a simple experiment in 


Fig. 10-1. The generation of wave motion 
in a rope. 


wave motion. By snapping the rope up and down, you 
would send a wave out through the rope, and your friend 
would experience a tug or jerk in the rope as the wave 
reaches him. If your friend holds the rope tightly, part of 
the wave may be reflected and return to your hand, where 
you would experience part of the original energy that you 
put into the rope. This simple experiment reveals some of 
the basic properties of wave motion that we shall discuss in 
the next section. 


10-2 Transverse, Longitudinal, and Complex Waves 


The wave that travels along a rope when it is snapped is 
called a transverse wave, because each section of the rope 
moves crosswise or at right angles to the direction the wave 
moves, This action can easily be shown by tying a handker- 
chief to the rope and noting how it moves up and down, 
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Fig. 10-2. The reflection of a train of 
waves resulting in standing 
waves. . w 


rather than toward either end of the rope, as the wave passes. 
Even though the wave motion travels forward along the 
rope, the rope itself moves only up and down. If one end of 
a rope is attached to a pole and the other end is jerked up 
and down continuously, a series of waves will travel along 
the rope (Fig. 10-2a). As these waves are reflected, they may 
form standing waves (Fig. 10-2b), in which the points on 
the rope at the top of each wave loop, such as A, move up 
and down from A to B but the points such as C between the 
loops remain at rest, even though wave energy is being con- 
tinuously passed through them both to the left and to the 
right. These motionless points along the rope are called 
nodes. In a later section we will find that there are standing 
waves in the vibrating strings of such stringed instruments 
as the violin and the piano. 

In longitudinal waves, each section of the material through 
which the wave passes moves back and forth in a direction 
parallel to the direction in which the wave itself moves. 
Although a longitudinal wave is a common type of wave, it 
may be a bit more difficult to visualize than the transverse 
wave. A simple example of it can be observed in a spring, 
such as that used in the toy called the “Slinky” (Fig. 10-3). 
When this spring is stretched between the hands, it provides 
a suitable medium for longitudinal waves. If one hand is 
moved quickly toward, then away, from the other hand, the 
spring is compressed near the end, and this compression 
effect moves rapidly along the spring to the other hand, from 
which it is reflected back. Note that any given point on the 
spring moves backward and forward in a horizontal motion. 
Standing longitudinal waves can be formed in a manner simi- 
lar to that which formed standing transverse waves (Fig. 
10-2b), 

One of the most complex types of wave is our old friend 
the water wave. As we stand on the bank of a lake we see 
the waves roll toward us as if the water itself were flowing 


Fig. 10-3. Longitudinal waves produced 
in a spring. 
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toward the shore. Actually, however, the water remains al- 
most stationary, and only the wave motion is moving. This 
can be easily verified if we watch the behavior of a cork 
floating on the surface of a lake when the waves are fairly 
high (Fig. 10-4a). We see that the cork not only moves up 
and down, but also forward and backward and upon close 
examination, that it follows almost exactly a circular path. 
As the wave passes through each point on the surface of the 
water, the water itself travels in a circular motion (Fig. 
10-4b). 


Direction of wave 
. Movement of cork 


Fig. 10-4. A cork floating on water and a 
point on the water surface trace 
a circular motion as water waves 
pass by them. 


b Surface of water 


J 4. High-tide level 
Sand and pebbles 
| | Wave action 
| 
| 
Fig. 10-5, A wave-cut cliff along an ocean | | | e 
shore line. II Wa e deposit of wave erosion 


As an ocean wave approaches the shore, it tumbles for- 
ward because in shallow water the lower part of the wave is 
slowed down by contact with the ocean bottom; the upper 
part of the wave then breaks because it is ahead of the lower 
part. These waves, which are caused chiefly by the wind, 
assault the shore line with great force, and their eroding 
power is greatly increased by the sand and pebbles they 
carry along with them. Some of our most spectacular scenery 
is found along coastlines. A typical shore profile (Fig. 10-5) 
shows how the waves create a terrace that may extend out- 
ward from the shore for many miles. The terrace is composed 
of the rocks, pebbles, and sand that have been eroded away 
from the shore by the force of the waves. 


10-3 Wave Length and Velocity 


In the study of wave motion, there are several terms we 
need to know. A wave sent through a homogeneous material 
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Fig. 10-6. The structure of a wave, show- 
ing wave length, amplitude, 
crest, and trough. 


will travel at a uniform, constant velocity, and if a steady 
source of oscillation sends a continuous train of transverse 
waves through the material, the waves will appear as in 
Fig. 10-6. The wave length is the distance between corre- 
sponding points on two consecutive waves and is symbolized 55 
by the Greek letter lambda, À. The amplitude is the maxi- 
mum displacement of the material as the wave passes 
through it. The number of waves that pass a fixed point each 
second is called the frequency, n. Usually frequency is ex- 
pressed in vibrations per second or cycles per second. From 
these definitions we can now relate velocity, frequency, and 
wave length in a simple formula or equation: 


v = An (10.1) 


The velocity of wave motion is greatly affected by the ma- 
terial in which it moves. Table 10-1 gives the velocity of 
sound waves, which are longitudinal waves, in various ma- 
terials, 


TABLE 10-1 


We have all noticed at some time that the whistle of a 
railroad train seems to drop in pitch when the train rushes 
past us and that the horn of an approaching car will also 
suddenly drop in pitch as the car passes. The change in 
pitch—called the Doppler effect—is caused by the move- 
ment of the source of the sound either toward or away from 
the observer. When the source moves toward the observer, 
the sound waves are crowded together into shorter wave 
lengths than normally, and since the frequency of sound 
waves determines the pitch of the sound, a decrease or in- 
crease in wave length decreases or increases the pitch. Sup- 
pose an automobile, traveling at a uniform velocity, sounds 
its horn (Fig. 10-7), The horn moves forward continually as 
it sends out waves, and to an observer standing at A, the 


Moving car 
3 


Fig. 10-7. The Doppler effect produced 
by an automobile horn. 


, 
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sound waves coming from the horn will be pushed together 
and thus will have a higher pitch than they will have for 
the driver of the car. On the other hand, an observer at B 
will hear a lower pitch because the sound waves will be 
stretched out. 

Let us apply Equation 10.1 to a typical situation where 
the Doppler effect is in operation. Since we know that the 
velocity of sound in air is 1130 ft/sec, we can calculate the 
frequency of a wave with a wave length of, say, 4.7 feet: 


v An 
ft 
1130 5 4.7 ft Xn 
II30 ft/sec 
5 ft / cycle 
A5 poges 
sec 


This sound wave, therefore, has a frequency of 240 vibra- 
tions per second. Now let us see what happens to the wave 
length and the frequency of this sound when the source 
moves toward the observer at a velocity of 125 ft/sec. Note 
that the velocity of sound through air will not be affected 
by the movement of the source, nor will the movement of 
the source affect the frequency at the source. But to the ob- 
server, the wave length will be shortened by the distance 
that the source moves during the formation of each wave. 
This wave takes 1/240 second to form (since 240 waves are 
formed per second) and the car during this time will move 
125 ft/sec X 1/240 sec = 0.52 ft. (Do you recognize the use 
of Equation 3.1?) The new wave length will then be 4.7 ft — 
0.52 ft = 4.18 ft, The apparent frequency then, from Equa- 
tion 10.1, is 


1 1130 ft/see__ 270 Keles 
X 4.18 ft / eyele sec 
Hence, the frequency is increased from 240/sec to 270/sec, 
a difference that represents an increase in pitch of a whole 
note on the musical scale. 

This particular example of the Doppler effect is only one 
application of this important principle. Astronomers use it 
in studying the light waves from stars to tell whether the 
stars are approaching or receding, from us and at what rate. 
They can also use it to determine the rate of rotation of 
some of the nearer stars. Another application of the Doppler 
principle is the calculation of the speed of rockets. A fixed 
frequency radio transmitter carried aloft by a rocket appears 
to a ground observer to change frequency, thereby giving 
ground observers a continuous measure of its speed, Sub- 
marine detection and tracking devices also make use of this 
important effect. 

An interesting phenomenon occurs when 
sound moves at a speed equal to or greater than the speed 
of sound. As an airplane’s speed approaches that of sound, 


the source of a 
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the sound waves emitted by the plane’s motor pile up in 
tremendous amplitudes in front of the plane and form a so- 
called sonic barrier that takes an extra burst of power to 
break through. To an observer on the ground, these sound 
waves constitute a shock wave that may be great enough to 
break windows in buildings, Once the plane exceeds the 
speed of sound, the pilot may no longer be able to hear 
the noise of his motor (if it is behind him) or the noise of the 
air as it rushes past him; he is traveling away from the source 
of the sound at a greater rate than the sound itself. 


10-4 Source of Sound Waves 


The frequency of audible sound is between approximately 
20 cycles per second and 20,000 cycles per second. Some 
people may be able to detect sounds at somewhat lower or 
higher frequencies than these if the intensity of the sound 
and other conditions are favorable. The human ear, however, 
is not sensitive to excessively high frequencies and therefore 
cannot hear, for instance, the sounds emitted by a bat at 
frequencies of 50,000 cycles per second. Sound waves are 
longitudinal vibrations, and any oscillator, such as a tuning 
fork, that vibrates with a frequency in the audible range will 
produce sound waves that we can hear. There must, of 
course, be a suitable medium through which these waves can 
travel; sound waves will not travel through empty space be- 
cause such space contains no substance that can be com- 
pressed and expanded by a wave passing through it. 

Some of the most pleasing sounds are generated by musi- 
cal instruments, A vibrating string gives off sound waves that 
may be made up of several frequencies. In Fig. 10-8 a string 
is vibrating at two frequencies—the fundamental and the 
second harmonic tone. The fundamental, or first harmonic, 
is produced by a standing wave that is twice as long as the 
string itself, and has the lowest frequency the string can 
produce, The second harmonic is produced by the string 
vibrating in two segments, and its frequency is twice that 
of the fundamental and one octave higher. The third har- 
monic is produced by the string vibrating in three seg- 
ments, and so on, Actually, a violin string may vibrate 
simultaneously with several harmonic tones and produce a 
combination of frequencies that give the violin its own char- 
acteristic sound. Note that the vibrations in the string are 
transverse waves, whereas the string sends out a disturbance 
through the air in the form of longitudinal waves, Several 
types of instruments, including the violin, cello, and piano, 
are designed to produce variations in both wave length and 
harmonics by means of a vibrating string. The string may be 
set into vibration so that it will produce many harmonics 
simultaneously along with the fundamental vibration. The 
number and intensity of harmonics produced by a musical 
instrument determines the quality of its tone. 
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The complex vibration of a 
string that shows both funda- 
mental and second harmonic 
tones at the same time. 
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A very simple device for producing sound waves is a tun- 
ing fork (Fig. 10-9). If a vibrating tuning fork is placed at 
the open end of a tube of proper length, a series of standing 
waves is formed in the tube, and they intensify the tone by 
a process known as resonance. A number of musical instru- 
ments are constructed on this resonant-chamber principle. 
If a vibrating reed is used at one end of the tube, we have 
a clarinet, a saxophone, or a bassoon, The lips of the mu- 
sician provide the vibrations for a cornet, a French horn, 
a trombone, and a tuba. In a flute the vibrations are initiated 
by an air whistle that creates pulsations of air in the upper 
end of the instrument. In all these musical instruments, the 
pitch is varied by changing the effective length of the tube 
and by thus changing the wave length of the standing waves 
that resonate in the tube. In the trombone the length of the 
tube is actually modified, and in others the tube’s length is 
altered by a series of valves that open and close. In a pipe 
organ, the lengths of the tubes are fixed, and the different 
pitches are obtained by using a series of tubes that vary in 
length from 1% inches to 32 feet. 

The shapes of the waves produced by some of these in- 
struments are shown in Fig. 10-10. Note that the fundamental 
tone or pitch of the notes is identical, because the frequency 
of the waves with the largest amplitude—the fundamental 
wave lengths—is identical. Superimposed upon the funda- 
mental wave lengths are various sizes and shapes of shorter 
wave lengths that are produced by the harmonic vibrations. 
Each instrument has its characteristic group of harmonic 
tones, and, in much the same manner that we distinguish 
the sound of one instrument from another, we can distin- 
guish them by the wave forms they produce in Fig. 10-10. 
The actual pitch of a musical note is changed by altering 
the wave length of the fundamental tone. In stringed instru- 
ments this is accomplished by changing the length and 
weight of the string; the highest notes are made by thin, 
short strings and the lowest notes by long, heavy strings. In 
wind instruments the length of the resonating chamber is 
changed. 

A common, yet complex, source of sound waves is the hu- 
man voice. It is probably the most versatile musical instru- 
ment in existence, The vibrating mechanism is the vocal 
chords in the larynx, and the resonating chamber is formed 
by the throat, mouth, and nose. Not only can the pitch of 
the vibrations be altered, but the size and shape of the reso- 
nating cavity can be modified so as to produce a wide range 
of tones, An interesting demonstration is sometimes con- 
ducted by inhaling and speaking with helium ora helium- 
oxygen mixture. Since sound travels faster in helium than 
in air, this makes the chambers of lungs, nose, and throat 
appear smaller, and the sound which is resonated has a 
higher pitch, which is surprising to listener and demonstrator 
alike. 

Percussion instruments, such as drums and cymbals, pro- 
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Fig. 10-9. The tuning fork is a source of 
relatively simple sound waves. 
The standing waves in the tube 
are an example of resonance. 
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Fig. 10-10. The structure of the wave mo- 
tions from various musical in- 
struments. 
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Fig. 10-11. The frequencies of the twelve 
notes in the middle octave on a 
piano., Frequencies of notes on musical scale 523.2 


duce sound waves that possess very little pitch, that is, they 
have no well-defined fundamental vibration frequency with 
accompanying harmonics. Technically, their sound waves 
should be defined as noise, although most bands and or- 
chestras depend upon them for rhythm. 

On the musical scale, the A note (orchestra A) is defined 
as that pitch which is produced by 440 vibrations per sec- 
ond. Twice this many vibrations, 880 cycles/sec, is A an 
octave higher, and 220 cycles/sec is A an octave lower. The 
musical scale is an octave divided into twelve equal-ratio 
intervals, as shown in Fig. 10-11. These intervals are half 
tones, and each one is represented by a white or a black 
key on a piano. The frequency of any note is 1.05946 times 
that of the note immediately below it. 

An interesting sidelight on sound waves is the amount of 
energy that can be transmitted by them from one point to 
another. Although water waves, as we know, can transmit 
large amounts of energy, sound waves transmit only a little 
energy, because it does not take very much energy to pro- 
duce ordinary levels of sound. Probably the noisiest thing 
in the world is an airplane. Both conventional and jet- 
powered aircraft convert about 1 per cent of their mechani- 
cal power into sound waves. Thus, a 10,000 horsepower jet 
engine produces approximately 100 horsepower of sound. To 
give you an idea how much noise that is, it has been esti- 
mated that 15 million people, yelling simultaneously, would 
generate only one horsepower of sound. 

The human ear, perhaps unfortunately in a jet age, is very 
perceptive of low levels of sound. The slightest sound that 
the ear can detect is one whose amplitude is only 105 cm, 
and sound waves whose amplitudes exceed one or two milli- 
meters in magnitude are painful to the ear. Riveting ma- 
chines, sirens, explosions, thunder, and low-flying aircraft 
produce sounds on the threshold of pain, and the amplitude 
of such sounds may be great enough so that they can be felt. 

The sound waves we have been studying in this section 
are longitudinal waves and are transmitted through some 
kind of medium. In the next section we turn our attention 
to electromagnetic waves which are transverse waves, need- 
ing no material for their transmission. 


10-5 Sources of Light Waves 


Light waves are produced by an oscillating source that is 
closely associated with the electrical and magnetic nature 
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of matter. Before considering the actual sources of light 
waves, however, let us turn our attention to a theory con- 
cerning electrical and magnetic forces that eventually led 
science into a very fruitful search into the structure of light. 
In 1856, James Clerk Maxwell proposed a theory based on 
his knowledge of electrical and magnetic behavior. He rea- 
soned that if a wave consisting of electrical and magnetic 
forces could be generated it would travel with the speed of 
light. Light itself, he speculated, is probably an electromag- 
netic wave of much shorter wave length than the wave he 
suggested in his theory. With the information about elec- 
tricity and magnetism that we gathered in the last chapter, 
let us examine Maxwell's theory. 

In order to visualize Maxwell’s electromagnetic wave, 
look at the diagrams in Fig. 10-12. In the tower AB, a single 
electron oscillates up and down the full height of the tower. 
When this electron is at A, a similar but positive charge 
will be at the bottom, B. An electron at C will be repelled 
by the charge at A, attracted by the charge at B, and the 
resultant force on C will be downward. A similar, but less 
intensive, effect will be noted on an electron at D and E. 
When the electron is at the bottom of the tower, the resultant 
force on the electrons at C and D and E will be upward. As 
the electron oscillates up and down the tower, therefore, it 
will exert an upward and downward force on the three elec- 
trons, as well as on all other electrons that come under its 
influence. 

In addition to this electrostatic effect, you will recall that a 
moving electron also generates a magnetic field (Fig. 10- 
12b). Hence, as the electron moves downward in the tower, 
magnetic lines of force will be formed that will be horizontal, 
or at right angles to the resultant electrostatic force on the 
electrons C, D, and E. In other words, the electric and mag- 
netic force vectors produced by an oscillating electron are 
at right angles to each other. Note that at C, D, and E the 
magnetic field acts horizontally at the same time that the 
electrical field acts vertically. Recalling the rules of electro- 
magnetic induction in the last chapter, we see that the mag- 
netic field affects the electrons at C, D, and E in the same 
manner that the electrical field does. For instance, when 
the electron in the tower moves downward from A to B, the 
electrical force on an electron at C is downward. As the 
electron moves downward in the tower the magnetic field, 
expanding outward and in a direction predicted by the left- 
hand rule (Fig. 9-12), also exerts a downward force upon 
the electron at C. Thus, the oscillating motion of the electron 
in the tower is transmitted to the electrons at C, D, and E 
by electrical and magnetic forces, causing these electrons to 
oscillate up and down at the same frequency as the one in 
the tower. 

From this information, Maxwell concluded that if an elec- 
tron could be made to oscillate, it would simultaneously 
emit electrical and magnetic forces that would affect charges 
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Fig. 10-12. The creation of electrical and 
magnetic fields by an oscillating 
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at distant points. He found that there was an interval be- 
tween the time these forces were emitted and the time they 
reached the distant electrons, and he predicted and proved 
that this lag is equal to the speed of light. An electromag- 
netic wave, in short, is a combined electrical and magnetic 
disturbance that travels with the speed of light. The wave 
concept of this disturbance is pictured in Fig. 10-13. Here, 
the electrical wave is shown vibrating in a vertical plane and 
the magnetic wave in a horizontal plane. These waves are 
emitted simultaneously by the oscillating electron in the 
tower, but note that the magnetic wave is out of phase (out 
of step) with the electrical wave by one-quarter of a wave 
length near the tower. As the waves move outward, the 
amplitudes of these two waves at first decrease rapidly be- 
cause they are somewhat out of phase, but at a greater dis- 
tance these two waves get in phase again, although they are 
still at right angles to each other. This, then, is essentially 
the concept of electromagnetic waves—electrical and mag- 
netic waves traveling simultaneously as transverse waves at 
right angles to each other with the speed of light. 

In 1888, Heinrich Hertz, a German physicist, succeeded 
in generating an electrical impulse that gave off sufficient 
electromagnetic waves to be detected at a distance of a few 
hundred feet. Following the early work of Hertz, a young 
Italian, Guglielmo Marconi, became interested in these 
waves as a means of communication and sent out a signal 
from a wire stretched high into the air. He gradually in- 
creased the power of his waves, improved the method of 
detecting them at greater distances, and by 1900 had suc- 
ceeded in sending a signal 200 miles. From these crude be- 
ginnings came our vast radio communication systems of 
today. The tower in Fig. 10-12 is a radio transmitting tower, 
and the oscillations of the electrons in the tower cause sim- 
ilar oscillations in the aerial of our radios many miles away. 
At the broadcasting station, audible sounds are converted 
into electrical energy that causes electrons to oscillate up 
and down the transmitting tower. Part of the energy of the 
electromagnetic waves sent out by the oscillating electrons 
reaches our radio receiver, causing electrons in it to oscillate 
in the same pattern as did those in the transmitting tower. 
In the receiver, the electron oscillations are converted back 
into audible sounds. The details of the electronic circuit in- 
volved here need not concern us. Our primary interest is in 
the fact that audible sounds can be converted into electro- 
magnetic waves, either through modifying the frequency of 
the waves (frequency modulation or FM) or the amplitude 
of them (amplitude modulation or AM), and the fact that 
the electromagnetic waves can then be reconverted into 
sound waves. 

The source of all electromagnetic waves is an oscillating 
electrical charge. For example, as we have already seen, 
radio waves, which are typical electromagnetic waves, are 
generated by electrons oscillating up and down in a radio 
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transmitting tower. The wave length of radio waves usually 
determines the height of the tower, which is usually one- 
half or one-fourth the wave length of the waves being gen- 
erated, Radar uses a wave which is of shorter length than 
an ordinary radio wave. Ordinary radio waves vary from 
one meter to about one hundred meters in wave length, 
while radar waves range from one to one hundred centi- 
meters in wave length. Hence, these waves must be gen- 
erated by electrons that oscillate at a much higher frequency 
than those oscillating up and down a radio tower. Radar 
waves are generated in a fashion somewhat different from 
radio waves. In a so-called magnetron tube, surges of elec- 
trons are fed into the tube billions of times each second, and 
these surges, which resonate in a series of cavities in the 
tube, generate an electromagnetic wave that is literally piped 
through a wave guide (a hollow, rectangular brass tube) to 
the antenna. Although the details of the magnetron tube are 
somewhat complex, the principle of its operation is based on 
the idea that electrons, in oscillating at a frequency of 30 
billion times a second, send out electromagnetic waves whose 
wave length is one centimeter, 

Another form of electromagnetic wave is ordinary light. 
Here again, the source of the waves is oscillating electrons, 
although they oscillate at much higher frequencies than any 
encountered in radio and radar waves. Wave lengths of 
visible light vary from 7500 Angstrom units (an Angstrom, 
A, is 10-8 em) for a red light down to 4000 Angstroms for 
violet light. These waves are produced by electrons that 
oscillate or vibrate within the atoms of the substance that 
emits light. In the ordinary light bulb, the little spiral of 
tungsten wire filament is heated by electrical energy, and 
part of this energy is converted to visible light (electromag- 
netic waves) as a result of the vigorous vibrations of the 
electrons in the tungsten atoms. Any solid, such as iron, 
carbon, and even quartz, when heated to glowing or in- 
candescent temperatures, gives off light that is an electro- 
magnetic wave. 

Light waves are also generated by oscillating electrons in 
an atom when the atom is energized with electrical energy. 
The light emitted by ordinary neon signs, mercury vapor 
lamps, and sodium vapor lamps is the result of electrons vi- 
brating through very short distances and with high frequen- 
cies in the range of 6 10” times per second. We shall find 
in a later chapter that a study of the light given off by 
oscillating electrons in various kinds of matter reveals much 


about the nature of matter. 

10-6 Reflection of Waves 

All waves, except the shortest electromagnetic ones, may be 
reflected by barriers that stand in their path. You will recall 


that a standing wave in a vibrating rope or in a train of 
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the path from which they came. To take another common ex- 
ample, light waves are reflected from a mirror, and if the 
angles at which the light approaches and leaves a mirror 
are carefully measured, we find that they are equal. There- 
fore, we say that the angle of incidence is equal to the angle 


of reflection (Fig. 10-14). The image we see in a mirror is Angle /= angle / Mirror 
called a virtual image, because it does not exist where it Fig, 10-14, The reflection of light waves 
appears to be. This displacement can be dramatically shown from a flat mirror surface. 


by a simple experiment in which a candle is “burned” in a 

glass of water (Fig. 10-15). We see a real image when the 

reproduction of the object is where it appears to be, as in 

the case of a picture projected on a movie screen. 

Glass plate 


75 Glass of water 
behind glass plate 


Fig. 10-15. A simple experiment showing a of candle 


virtual image. 


Other kinds of electromagnetic waves besides light can be 
reflected, Ordinary (AM) radio waves, for example, are 
known to travel greater distances on the earth’s surface at 
night than in the daytime. The explanation lies in the ex- 
istence of a special layer of gas some 50 to 150 miles above 
the earth that reflects the waves back to the earth at night. 
In the daytime, this layer apparently rises or vanishes. The 
layer of gas is composed of charged particles or ions that 
have been energized possibly by the earth’s magnetic field. 
In honor of its discoverers, this phenomenon is called the 
Kennelly-Heavyside layer; it was originally proposed in 1902 
and was verified experimentally in 1925. Radar waves, though 
not reflected by the Kennelly-Heavyside layer, are reflected 
by almost all kinds of solid objects, and are consequently 
used primarily for the detection of such objects. They are 
sent out and then reflected back to the transmitter from, say, 
a ship at sea. The time lapse between the transmission of the 
wave and its reception back at its source gives us the distance 
from the transmitter to the ship. 

At some time or other we all have experienced the reflec- 
tion of sound waves in the form of an echo. Sound waves are 
reflected whenever they strike a boundary between two 
media of different density. The walls of a room, the edge of a 
forest, the side of a hill, and the bottom of the ocean are 
common examples of boundaries that act as a “mirror” to 
sound waves. In order for the sound waves to return to their 
source, the barrier must be at right angles to the direction 
in which they originally traveled. 

The reflection of sound waves is used extensively in pros- 
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pecting for certain mineral deposits, especially for oil. Oil, 
and also gas and water, often collect under anticlinal folds 
that are capped by an impermeable layer of rock, which is 
frequently shale, The shape of the oil dome may be detected 
by “reflection shooting.” A charge of dynamite is set off at the 
surface (Fig. 10-16), and as the sound waves travel outward 
in all directions, they are reflected from the layers of rocks 
that lie below the surface. Seismic detectors at various points 
on the surface register the time lag in the waves that are 
reflected, and, although analyzing this information requires 
considerable training and experience, the shape of the buried 
rock strata can be determined from such information. Several 
oil fields of major size have been discovered in this way, 
and this method continues to be widely used for petroleum 
prospecting in many areas. 

The depth of the ocean is now easily measured by a proc- 
ess known as “sonic sounding.” Instead of lowering a weight 
on a wire or rope, ships today are equipped with a device on 
their bottoms for emitting sound waves that are reflected 
from the ocean floor. Although it is used primarily as a 
safety device, ships employ this mechanism to keep a con- 
tinuous record of the Oceans depth while they are under 
way. The contours of the ocean floor have been well charted 
by this means, especially the topography beneath the shipping 
lanes. To show how simple this system is, let us calculate 
the ocean’s depth at a point where it requires 8 seconds for 
the sound wave to travel from the ship to the sea bottom and 
back, From Table 10.1 we know that the speed of sound in 
water is 4700 ft/sec. Since the sound travels downward for 
4 seconds, it descends a distance of 4 sec X 4700 ft/sec, or 
18,800 feet, which is the depth of the ocean at that point. 


10-7 Refraction of Waves 


Whenever a wave travels from a more dense to a less dense 
medium, or vice versa, it is bent from its original direction. 
The primary reason for this bending effect is the difference 
in the velocity of waves in various media, For example, sound 
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Fig. 10-17. Since sound waves travel faster 
in warm air than in cool air, 
they are refracted by air of non- 
uniform temperature, 


waves travel faster in warm air than in cool air. We know that 
sound carries great distances at night over water, but in the 
daytime the same sound travels only short distances. The 
reason for this difference is explained by Fig. 10-17. At night 
the air near the water is cooler than that farther above the 
water, and the sound waves that normally would continue to 
travel upward and be lost to hearing are refracted downward. 
In the daytime cool air is on top of the warm air, and sound 
waves are bent upward, This bending of waves as they pass 
from one medium into another where their velocity is dif- 
ferent is called refraction. 

Light waves, too, travel at different velocities in different 
substances. We are so accustomed to seeing light waves travel 
in straight lines that we are often deceived by the refraction 
of light. A fish in clear water always appears at a shallower 
depth than he actually is (Fig. 10-18), Light traveling from 
the fish at A is bent or refracted at the surface of the water, 
so that the fish looks to us to be at B, The velocity of light in 
water is only three-quarters of its velocity in air. In glass, 
the velocity of light is even lower—two-thirds of its velocity 
in air. 

When light waves strike a smooth glass surface, part of the 
light is reflected and the rest is refracted (Fig. 10-19). We 
will see later that the capacity of glass to refract light is 
utilized in many optical instruments. The mysterious appear- 
ances of mirages along flat stretches of highway, especially 
in desert country, are produced by the refraction of light. 
Although the velocity of light does not vary greatly between 
warm and cool air, it does vary enough to cause us to see 
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what appears to be water in the distance, And what is it that 
we actually see? It is the refraction of light from the sky. 


10-8 Interference of Waves 


All waves are vibrational disturbances that periodically 
go through crest and trough formations as they pass through 
space or other transmitting media. The wave that is sent 
along a stretched rope, for instance, shows alternate crests 
and troughs as the wave passes through the rope. We may 
think of the amplitude of the crest as a certain amount of 
displacement upward, and the trough as an equal amount of 
displacement downward. In other words, the displacement 
of the crest is equal but opposite in effect to the displacement 
of the troughs, Now let us send two waves of equal wave 
length and amplitude along the rope simultaneously, but 
arranged so that the crests of one wave occur exactly where 
the troughs of the second wave occur, These two waves will 
exactly cancel each other because the upward displacement 
of a crest will be counteracted by the downward displace- 
ment of a trough, and the rope will remain motionless, When 
such a situation occurs we say that there is interference of 
the waves, destructive interference, as it were, in this case. 

The interference of light waves may be readily examined 
by an experiment similar to the reflection of light shown in 
Fig. 10-14, Let us use a very thin mirror with a glass about 
6000 A thick, (The pages of this book are about 400,000 A 
thick.) As light strikes the surface of this thin piece of glass 
some of it is reflected. The rest of it passes into the glass, 
and at the back side of the glass, the remaining light is re- 
flected, In Fig, 10-20a the crests of the light waves are shown 
as a series of three parallel lines that are perpendicular to 
the direction of the wave motion; the troughs are at the 
blank areas between the crests. In the illustration we see that 
the crests of the waves reflected from the bottom surface of 
the glass coincide with the crests of the waves reflected from 
the top surface, But in Fig. 10-20b the angle of incidence is 
such that the crests of the reflected waves do not coincide 
but cancel each other, and we can conclude that at this par- 
ticular angle of incidence there can be no reflection of the 
light waves illustrated in the figure. F 

If the light used in the above experiment is ordinary white 
light—composed of wave lengths from 7500 A to 4000 A—we 
can expect that at a given angle of incidence certain wave 
lengths will undergo destructive interference, or cancel, 
while the waves of longer or shorter wave lengths, reflected 
by both the front and back surfaces, will constructively in- 
terfere and reflection of light will occur. Thus, the white 
light should now be separated into colors because certain 
wave lengths are destroyed. The color we see in the light 
reflected by soap bubbles and by thin layers of oil on water 
are the result of such interference. 
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Interference of sound waves is noticeable when two 
musical notes of almost the same freqency are sounded. For 
instance, if two whistles, one with a frequency of 240 cycles 
per second and the other with 241 cycles per second are 
blown simultaneously, there will be a slight wavering, or 
beat, each second. When crests match crests, the two whistles 
sound as one, but into each second there must be crowded 
an extra wave length for the second whistle, so part of 
the time the crests from one whistle will coincide with the 
troughs of the other and actually cancel the sound as the 
result of the interference. This effect is purposely achieved 
in the pipe organ where two pipes are tuned slightly apart. 
The resulting beat notes produce a wavering or a tremulous 
effect that is essentially the interference of sound waves. 


10-9 Optical Instruments 


Optical instruments are designed to use light waves in 
various manners. In this section we will examine three of 
the most important such instruments—the camera, the tele- 
scope, and the spectroscope. The camera and the telescope 
rely primarily upon a lens, which is a glass disc that refracts 
light. A lens is either thicker at the center than at the edge 
(convergent), or thicker at the edge than at the center 
(divergent). Cross sections of these two types of lenses and 
their effect upon light are shown in Fig. 10-21. These lenses 
are called convergent and divergent because they make the 
light rays that pass through them either converge or diverge. 
In a camera, a convergent lens focuses the image of the 
object being photographed upon a sensitive film at the rear 
of the camera (Fig. 10-22), Note that the image produced 
on the film is inverted. 

The eye, which in many ways is comparable to a camera, 
has its own lens that forms an image on the retina. Even 
though the image is inverted, our sense of perception pro- 
vides us with a right-side-up view of the world. The eye’s 
lens may be faulty, however, and require an auxiliary lens 
to help it focus properly. Glasses with a divergent lens are 
used for nearsighted eyes and those with a convergent lens 
are used for farsighted eyes. 

A telescope is similar to a camera, except that the image 
formed in Fig, 10-23 is magnified by an eyepiece lens. This 
kind of telescope is called an astronomical telescope because 
its inverted image is not a disadvantage in making astro- 
nomical observations. However, for terrestrial observation, 
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where we prefer to see an image right side up, an erecting 
system is needed to right the inverted image. This may be 
accomplished by re-inverting the image with an additional 
set of lenses or with a set of prisms such as those that are 
used in a prism-type binocular. 

Many optical instruments make use of the prism, which is 
a wedge-shaped piece of transparent glass or other material 
(Fig. 10-24). Since light is refracted whenever it passes 
through a boundary between two media of different density, 
the light passing through the wedge is bent from its original 
path. From the earliest times, it has been known that the 
light that passes through transparent crystals and jewels is 
colored, but it was Newton who first showed that these colors 
are the result of the original light being separated into its 
various color components. Consequently, sunlight, which 
appears as a white light, will yield all the colors of the rain- 
bow when it is passed through a glass prism. 

In Fig. 10-24 we can see how sunlight is separated into 
colors, All the light is refracted, but the shorter wave lengths 
(blue and violet) are refracted more than the longer wave 

lengths (red and orange). The spread of these colors is called 
a spectrum, which is simply a distribution of wave lengths. 
In the study of spectra, the scientist uses a spectroscope, an 
instrument that separates the colors of light by means of a 
prism. We will find in later chapters that studies of light 
waves with the spectroscope have resulted in some of the 
most exciting discoveries in science. 


10-10 Color 


A world without color would be drab indeed. We would 
have no blue sky, no brightly colored sunsets, no green grass, 
and no blondes, brunettes, or redheads! Color vision, then, 
is perhaps the most valuable sense we have. Color may be 
produced by several kinds of sources. A hot glowing body, 
such as the sun or the filament in an incandescent lamp, gives 
off all colors of light. We speak of these mixtures of colors as 
white light, and a prism will spread this light into a continu- 
ous spectrum—a solid bank of colors from red through 
orange, yellow, green, blue, indigo, and violet. A glowing 
body at very high temperatures will be bluish white, that is, 
the colors on the violet end of the spectrum will be more 
intense than those on the red end. At temperatures only suf- 
ficient to cause a body to glow, the color will be reddish 
(Fig. 12-6). Astronomers use this relation between color and 
temperature to determine the temperature of the stars. Even 
with the unaided eye, you can note considerable differences 
in the colors of stars. 

Color is also produced by gases at relatively low temper- 
ature when they are suitably excited by electrical energy. If 
all the air is pumped out of a glass tube and then a small 
amount of sodium vapor or neon is admitted, the tube will 
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Fig. 10-24. Light separated into colors by 
a prism. 
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give off light when an electrical current is passed through it 
because the electrical energy is converted into light. A sodium 
vapor lamp and a neon sign give off light that ranges only a 
short distance on the spectrum. If we view a sodium vapor 
lamp through a spectroscope, we find that its yellow-orange 
color is produced by only two wave lengths of the emitted 
light; on the spectrum, it appears as two very closely spaced 
lines in the yellow-orange band. The color of a neon lamp, 
viewed through a spectroscope, is composed of several dis- 
crete lines in the red-orange portion of the spectrum, The 
light given off by these excited gases is called a line spectrum 
because only certain colors show up in the form of distinct 
color lines in the spectroscope. No two gases produce identi- 
cal line spectra, that is, each gas emits its own peculiar set 
of colored lines when it is excited by an electrical current; 
each element, so to speak, has its own set of fingerprints. A 
study of the various colors emitted by substances such as 
iron, sodium, neon, and so on led to an important discovery 
in atomic structure, the details of which will be discussed 
in Chapter 12. 

A red flower, a blue tie, and a green dress are obviously 
not glowing bodies. They get their color from their surfaces 
and the characteristic light waves they reflect. These colors 
are called pigment colors. The white light—which, as you 
will recall, is composed of all colors—that strikes a red flower 
is entirely absorbed, except for the red light, which is re- 
flected and gives the flower its color. When we view vari- 
ously colored objects under colored light, we get some 
interesting effects. A blue tie in the light from an orange-red 
neon lamp will appear black simply because there is so little 
blue light in the neon light that the blue tie can reflect. A 
green dress appears black in the yellow-orange light from a 
sodium vapor lamp. For pigment colors to appear in their 
natural colors, they must be viewed in white light, or in the 
color of light they are capable of reflecting. 

Structural color is the color produced by certain physical 
arrangements that sort out various colors. The sky is blue 
because the dust and other particles in the atmosphere are 
capable of scattering blue light more than other colors. The 
blue feathers on birds contain no blue pigment or dye; they 
happen to be constructed in such a way that they scatter 
only blue light. The feathers of bluebirds have been carefully 
analyzed and found to contain no blue coloring matter what- 
soever. A green bird has, in addition to its ability to scatter 
blue light, a yellow pigment in its feathers. The combined 
effect of the yellow pigment and the scattering of blue light 
accounts for its green appearance. 


10-11 Rainbows 


One of nature’s most spectacular shows of color is the 
rainbow. Whenever the sun shines into a raindrop, a rain- 
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bow is visible, because each raindrop acts as a tiny prism 
and separates the sun’s light into its spectrum (Fig. 10-25). 
Only at a particular angle between the sun, the raindrop, 
and between the observer does the raindrop separate out and 
reflect a particular color; however, at other angles, it is either 
transparent to the light or it reflects it. Note that the light 
that forms the rainbow enters the top of the drop and is 
refracted, It travels across the drop to B, is reflected to C, 
where it is refracted again into a primary rainbow. The 
colors are the result of the fact that the shorter wave lengths 
are refracted more than the longer wave lengths. Under cer- 
tain conditions, it is possible to see a double rainbow, and the 
weaker of the two, the secondary rainbow, is caused by sun- 
light entering the bottom of the raindrop, being reflected at 
two points on its inner surface, and then refracted out 
through its upper part. Since the angle here between the pig. 10.25. A raindrop serves as a prism 
incident and refracted light is slightly larger than the same when it forms a rainbow. 
angle in the primary rainbow, the secondary rainbow will 

appear above the primary rainbow. 


10-12 X Rays 


X rays are a unique type of wave motion that deserves 
special consideration. We are fortunate to live in a world 
that can make use of X rays—to examine the soundness of 
the axle of a car, to help a surgeon find a broken bone, to 
serve as an indispensable tool for the scientist in his study 
of matter, to mention just three ways in which X rays assist 
in the advance of our civilization. The discovery of X rays 
occurred quite by accident. In 1895, Wilhelm Roentgen, 
while studying the fluorescence, or pale greenish glow, that 
occurs in a cathode, or Crookes tube, noted that under cer- 
tain conditions barium salts at considerable distance from 
the tube also fluoresced. The tube emitted a strange kind of 
radiation that went through the glass walls of the Crookes 
tube and even through black paper, wood, and many other 
substances that are ordinarily opaque to light. Roentgen 
called this penetrating radiation X rays, the letter “X” stand- 
ing for the unknown. 

A series of experiments soon indicated that these X rays 
came from the point where the cathode rays struck the glass 
wall of the tube. When the cathode rays were focused on Fig. 1026, A modem X-ray tube. 
a metal target, a greater intensity of X rays was emitted. A 


modern X-ray tube (Fig. 10-26) bears little resemblance to Tungsten target. Electron stream 
the early model, although all X-ray tubes operate on a prin- Anode Cathode 
ciple that will be described in more detail in Chapter 12. 

At this point, we can merely say that some of the energy of R 7 74 x 

the stream of electrons causes electrons within the atom to © PN 


oscillate at extremely high frequency—in the order of 10" 
vibrations per second; X rays are consequently another kind 
of electromagnetic wave. Roentgen’s discovery was a sig- 
nificant milestone in physical science, and because the study 
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of X rays and their properties has led to the formulation of 
several important principles and concepts, X rays have been 
described as “the key to modern science.” 

The wave length of ordinary visible light is about 10-4 cm, 
whereas X rays travel with wave lengths of approximately 
10-* em, which is 10,000 times shorter, Ordinary light is 
stopped, absorbed, or reflected by most substances; even 
window glass stops certain colors of light, particularly the 
colors on the violet end of the spectrum. As the frequency of 
light is increased and the wave length becomes shorter, solid 
materials in general become more transparent to electromag- 
netic waves. When the wave length becomes about the same 
magnitude as the size of the atoms themselves, as is the case 
of X rays, the waves travel through the material quite readily. 
Waves with still shorter wave length are even more pene- 
trating than X rays, 

At this point, we may profitably summarize the informa- 
tion we have about the wave lengths of the various kinds 
of electromagnetic waves. In Fig. 10-27 a complete electro- 
magnetic spectrum from the shortest to the longest wave 
lengths is shown. On the left are the shortest waves, gamma 
rays (about which we learned in Chapter 8), which are the 
most penetrating because they have the shortest wave length. 
Next come X rays and then ultraviolet waves. In the ultra- 
violet range is a group of electromagnetic waves that are 
less penetrating but have sufficient energy to cause sunburn 
and the destruction of living tissue. Note that the visible 
portion spans only a small fraction of the whole electro- 
magnetic spectrum, for we cannot directly sense any of the 
shorter or longer wave lengths. Heat energy is transmitted 
as an electromagnetic wave in the infrared region, and the 
direct heat that comes to us from the sun travels as radiant 
energy in this region of the spectrum. At wave lengths longer 
than heat waves come radar and radio waves. Even though 
there is a tremendous range in wave lengths—from 1042 
em to more than a thousand meters—all electromagnetic 
waves travel with the same velocity, 3 X 10° cm/sec, or 
approximately 186,000 mi/sec, which is the speed of light. 


Visible region 
Violet 
Indigo 
4000~ — Angstrom ~~ 7000 
Ne ie 
~ alle Roar 
Gamma roys X-rays~.| Infra red“ — Radio 
Frequency (cycles/sec) 10° sos 10% 0! so! 10° 498 
Wave length (m) 10" Je rs sos %- 107% % 102 104 
(in angstroms) 1 10? 10% 108 
Fig. 10.27. The complete electromagnetic Increasing frequency Decreasing frequency | 
spectrum. Decreasing wavelength Increasing wavelength 
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10-13 Wave Motion in Natural Processes 


In Chapter 6 we saw how the shock of an earthquake sets 
up wave motions within the earth as well as on its surface. 
We can now better understand the difference between the 
primary, or longitudinal, earthquake waves and the second- 
ary, or transverse, waves, Primary waves travel approxi- 
mately twice as fast as secondary waves, and we saw that 
a record of these two waves, noted on a seismograph (Fig. 
6-6) at a point some distance from the earthquake, reveals 
the distance the waves have traveled. 

With our introduction to reflection and refraction in this 
chapter, we can now examine in more detail the behavior 
of waves as they travel through the earth and the informa- 
tion they give us about the earth’s interior structure. If a 
disturbance, such as an earthquake, originates at point A 
in Fig, 10-28 and is subsequently recorded on seismographs 
at points B, C, D, and E, its rate of travel can be determined. 
Note that the wave sent from A to B may travel near the 
surface or far below it. At the surface the primary wave 
travels at varying speeds because of the variations in crustal 
composition—granite, limestone, and so on. But in the region 
directly beneath the crust, we find that primary waves travel 
about 8 mi/see and secondary waves about 3 mi/sec. At 
greater depths, these waves not only move more rapidly, but 
they bend or refract as the result of the greater density of 
the material in the lower part of the mantle. 

As we saw in Chapter 6, there is a discontinuity at the 
bottom of the mantle, some 1775 miles from the earth’s sur- 
face. Here, the primary waves are refracted and reflected, 
but the secondary waves are only reflected. Thus, a seismo- 
graph on the side of the earth opposite the original disturb- 
ance would fail to detect any secondary waves because it 
would be located in the “shadow” of the core, It is this 
“shadow” that leads us to the idea that the core, or at least 
its outer part, must have the characteristics of a liquid be- 
cause a liquid is capable of transmitting longitudinal but 
not transverse waves. Primary waves travel through the core, 
but are refracted by the core, which serves as a convergent 
lens and bends these waves, concentrating them at the back 
side of the core, Consequently, there will be a shadow zone 
on the surface opposite the original disturbance where pri- 
mary waves will be detected and bad saga blind zone 
that receives neither primary nor ary waves. 

Our picture of the interior of the earth is based on indi- 
rect evidence and several broad assumptions. Among scien- 
tists there is considerable debate about how correctly our 
laws and theories fit the conditions inside the earth where 
pressures are millions of times greater than at the surface 
and temperatures are possibly as high as 5000°C—the tem. 
perature of the surface of an ordinary star. The earth's in- 
terior is truly a frontier we are just beginning to explore. 


199 


Nae 
i 


"o 
= SA zone 


Fig. 10-28. Wave motion in the study of 
the structure of the earth, 


and forth parallel to the wave itself (longi- 
or back and forth at right angles to the wave 
tame wa Waves on the surface of a liquid are 


2 — — 


as they move back and forth in the wave 
nad fly tf cee pele as 


length is the distance from one crest to the next, 
given point in a second 


cave of sounds or earthquakes, or the waves may be 
rota ac the absence of matter as in the case of eloo 
ne Seen eevee a Shai mallee 


Wave motion is a fluctuating or oscillating motion by 
1. 
—— ee nS 


10-14 Summery 
roared oa Geek poll thea nae net Claw 


of a wave moves toward or away from the 
„the Doppler effect is noted. The frequency of a 
Increased in the first case, decreased in the soo 


anl 


l 
i 


produced 


between 
longitudinal 


2 


a 


E 


tor 


by an 


times per 


2i 


I 
f 


and 


l 


1 
121 


the vibrations or 
the result of an 


i 
: 


electrical wave and a magnetic wave (both are transverse 


AE 
Aji pil 
HE aq H 
id al 
1 
nai lipi 


Hh 


null 


Were „ 


H oeno soor Wate eee, 


1. Compare tranvere amd e e thelr at 
upon the medium through which tovel 


2 Ifa oar traveling 70 mibr munde is hom, will the 
of the hom to another car traveling 70 mi/r in the seme 
tion be the same, higher, or lower, than the original? 


J. What characteristics of a sound wave determine the pich 
of the sound? 


4. What differences in the sound waves wouhi you Bed to oos- 
paring noise with  mustoal note? 


Err 10 amd 
determine the effect of the (a) tension, and (b) ite me 
on the number of waves produced, 


source of the enengy in this shock wave? 


* 
12. Why does the blue color of the shy change to yellow, 
orange, and red at sunset? 


14, If there were pe what would be the cole of 
the sky? What u the color of the sky to an ee wher e 
to a height above the dust and loyor , 
caure the thy to be blue? 

15. thre hoeka of Dd barama freagra nea 
and a long giens tube oa be wah water detoymane 
the relationship between the lemgth of the tole smd the ware 
kength of the smund with which fs remnant. 


Fleven 


Atomic Theory 


A‘ this point in our study of physical science, let us pause 

for a moment in order to gain a wider perspective. On 
the basis of our study so far, what do we know about a 
given object, say a marble? If we were to examine the marble 
we could specify several of its basic attributes. It has a 
certain mass, say ten grams or 0.01 kg. It is attracted by the 
earth’s field of gravity with a force of 0.01 kg times 9.8 
m/sec*, or 0.098 newtons. Because of its mass, the marble 
possesses inertia, and because of its mass and velocity, it has 
momentum and kinetic energy. Its density is related to both 
its mass and its volume. The position of the marble deter- 
mines its potential energy. If we deposit an electrical charge 
on the marble, then it may have an electrical potential, or 
voltage. Unless the marble is made of a substance such as 
iron it cannot be magnetized, even though it is placed in a 
magnetic field. 

A marble is an object of ordinary size—we can easily see 
it and handle it, but in the natural world about us a marble 
is only about midway in size between the largest and the 
smallest objects that we have encountered up to now. The 
sun is 50 billion times larger than the marble, but the marble 
is 100 million times larger than an atom—the basic unit of 
all matter. It is about as difficult to comprehend the small 
size of the atom as it is to grasp the hugeness of the sun. We 
cannot see an atom, nor can we touch or handle it as a 
single entity. There are nearly 104 atoms in our marble, a 
number so large that it has little meaning, and if we could 
place all these atoms touching each other in a row, they 
would form a continuous line around the world a million 
times. 


202 


Wm 


Atomic Theory 


Our present-day view of atoms is based on centuries of 
study that has stemmed from man’s strong curiosity about 
the inner arrangement of the world around him. Ordinarily, 
in our study of physical science in this book, we have not 
traced the historical development of ideas and discoveries. 
We have occasionally referred to the name of the person who 
made the discovery, but usually we have not delved into the 
details of these early developments. In this chapter, how- 
ever, in order to more fully appreciate the development of 
the modern concept of atoms, we shall make a brief survey 
of the history of man’s attempt to explain the structure of 
matter in terms of its ultimate composition, Even though the 
idea of atoms is now generally accepted, the layman may 
more adequately understand the importance of the atomic 
theory in science if he follows the origin and growth of the 
idea. 


11-1 Historical Theories of Atoms 


If we turn philosopher for a moment, and think about the 
ultimate structure of matter, such as that in a piece of 
iron, we might speculate on what would happen when we 
divide and subdivide the iron into smaller and smaller bits. 
Eventually one of two things must happen: We can either 
divide the iron into increasingly smaller particles forever, or 
we suddenly encounter a particle that resists division. In the 
first case matter is a continuous, infinitely divisible material, 
and in the second case it is composed of tiny indivisible par- 
ticles. 

Just where and when these two opposing ideas were first 
proposed, and by whom, are not known, Since the word 
“atom” comes from the Greek word atomos, which means 
“indivisible,” we might suppose that the Greeks were the first 
to conceive of atoms. Although it is probable that philoso- 
phers in Asia and Egypt considered this problem, too, it is 
generally believed that the debate on the ultimate structure 
of matter was first vigorously argued among the Greek phi- 
losophers during the fourth century B.C. Aristotle held that 
matter is composed of a formless hyle that is continuous and 
can be subdivided without limit. Against this idea, Leucippus 
of Miletos, a flourishing city on the coast of Asia Minor, and 
his pupil Democritus maintained that matter is indestructible 
and composed of indivisible particles called atoms. These 
atoms were assumed to be uncreatable, indestructible, in- 
finite in number, and endowed with inherent shapes and 
forms that enable them to react with one another, In addi- 
tion, they believed that these atoms had been in constant 
motion since the time of creation, and that collisions between 
them produced various substances, such as water, air, metals, 
and rocks, The Greek philosophical concept of atoms, how- 
ever, did not survive the decline of Greece, and it is doubtful 
if it contributed directly to the formulation of our modern 
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atomic theory. Nevertheless, we should not view the early 
Greeks as being entirely ignorant and incapable of explain- 
ing the structure of matter. Rather, we should recall that in 
these early times man was merely beginning to explore the 
intimate details of nature. We can no more expect these 
early philosophers to have generated a full-fledged atomic 
theory than we can expect their successors, the Roman war- 
riors, to have gone forth into battle girded with an atomic 
bomb. 

The atomic theory of Leucippus thus lay dormant for two 
thousand years, with only an occasional insignificant revival. 
During the seventeenth century, however, Robert Boyle (an 
Irishman who became one of England’s first modern scien- 
tists), Sir Isaac Newton, and other scientists rejuvenated the 
atomic concept even though they had no direct experimental 
proof for it. Boyle proposed that all substances are made up 
of elements that cannot be separated into any simpler sub- 
stances by ordinary chemical processes. For instance, iron 
is an element because it cannot be separated into anything 
simpler than iron, but limestone is not because it can be 
separated into three elements—calcium, carbon, and oxygen. 


11-2 The Chemical Revolution 


For the most part, there was little experimental support 
for these historical theories, yet these philosophical ap- 
proaches stimulated scientists to band together into societies 
where they discussed these ideas. These discussions led to 
tentative conclusions which could be tested in the labora- 
tory, and experiments were increasingly used to prove and 
disprove ideas. Instead of endlessly debating the merits of 
a particular theory, scientists during the seventeenth cen- 
tury began to devise experiments to test their theories. It is 
in this period—sometimes called the scientific revolution— 
that the modern scientific era dawned. Laboratory investi- 
gation became recognized as an integral part of science, and 
by the end of the eighteenth century a series of brilliant 
experimental discoveries were made that opened the door 
to an understanding of the atomic nature of matter. 

During this period—the latter part of the eighteenth cen- 
tury—Joseph Priestley, an English clergyman and amateur 
chemist, greatly improved the techniques known at that time 
for producing and studying gases. He designed laboratory 
apparatus by which he could confine gases, measure their 
volumes, and investigate their various properties, and he 
used this equipment to study some of the gaseous “chemical 
elements” that Boyle had predicted earlier. Priestley was 
among the first to prepare and examine such gases as oxy- 
gen, carbon dioxide, nitric oxide, and ammonia. He made 
oxygen by heating a sample of mercury oxide enclosed in 
a glass tube by focusing the sun’s rays upon the sample with 
a large convergent lens. In his later years Priestley moved to 
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America, and this burning lens is preserved along with many 
other pieces of his equipment at his home in Northumber- 
land, Pa. 

The gas, oxygen, that Priestley prepared turned out to be 
an element because it could not be decomposed into any- 
thing simpler. By now about a score of elements had been 
isolated—gold, silver, mercury, iron, copper, lead, and non- 
metallic substances such as sulfur and carbon. But there were 
several common substances, such as water and lime, that 
were believed to be elements, although they were later de- 
composed into simpler components. The composition of 
water was examined by Henry Cavendish, a lonely genius 
and one of the wealthiest men in England. He made a new 
gas—hydrogen—by adding an acid to a metal such as zinc. 
He studied this gas by exploding various mixtures of it with 
air, and, as a result of these noisy experiments, he discovered 
that about four-fifths of air is a relatively inactive com- 
ponent (later called nitrogen) and that one-fifth of it is an 
active component (oxygen) that enters into combustion with 
the hydrogen, After repeated explosions of hydrogen-air 
mixtures he discovered in the bottom of the explosion cham- 
ber a substance which he described as “a clear liquid that 
appeared to be ordinary water.” Although the exact meaning 
of the term chemical element was not generally understood 
at this time, these experiments pointed up the big difference 
between elements and compounds, and it gradually became 
evident that elements, such as hydrogen and oxygen, are 
simple substances and that compounds, such as water, are 
combinations of elements. 

One of the most brilliant men of all science, Antoine 
Lavoisier, a French scientist, politician, and public servant, 
during the period 1770 to 1794 made several contributions 
that paved the way for our modern view of atoms. He pro- 
posed a good theory for combustion, he showed that di- 
amond is carbon and could be burned, and most significant 
of all, through his keen analytical sense he offered sound 
explanations and theories for what he observed. Lavoisier's 
Traite, which was comparable to Newton's Principia, in 1789 
summed up much of his work and contains several concepts 
of greatest importance. For the first time, the principle of 
conservation of mass was effectively stated and explained. 
Although this principle, or law, which states that matter can 
neither be created nor destroyed, had been conceived earlier 
in philosophical thought, it was now derived experimentally. 
Lavoisier found that from 18 grams of grape sugar he got 
8.8 grams of carbon dioxide and 9.2 grams of alcohol. In 
other words, he showed experimentally that the weight of 
the raw materials in a chemical reaction equals the com- 
bined weight of the products of the reaction, and in writing 
that 8 


grape sugar = carbon dioxide + alcohol 
he formulated an expression that is the forerunner of the 
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modern chemical equation. Countless other examples were 
found that, without exception, verified this law, which has 
become known as the law of conservation of mass. 

It soon became obvious that mathematics could be applied 
to chemistry as it earlier had been applied successfully to 
physics, These attempts to find definite numerical values in 
chemical processes culminated in 1792 in a report by Jere- 
mias Richter, a German chemist, in which he proposed that 
if a substance AB reacts with another substance, CD, both of 
whose compositions are known, then the composition of the 
products, AD and CB, could be calculated. Since his work 
was expressed in a rather difficult and involved style, it did 
not appeal immediately to other chemists. However, a few 
years later (1799) the French chemist, Joseph Proust, ex- 
perimentally verified Richter's idea by showing that no mat- 
ter how copper carbonate is prepared it always has the same 
chemical composition. Proust, after spending an additional 
nine years checking his conclusions, announced another im- 
portant law—the law of definite proportions—which states 
that when two or more elements combine, they do so in a 
fixed or definite proportion by weight. For instance, when 
hydrogen and oxygen combine to form water, they always 
do so in the weight ratio of one part hydrogen to eight parts 
oxygen. When copper and oxygen unite to form black copper 
oxide, four parts of copper always combine with one part 
of oxygen, Figure 11-1 shows the proportions of zinc and 
sulfur that combine to form zine sulfide—the ratio is slightly 
more than two parts zinc to one of sulfur, Note that if there 
is an excess of zinc above this proportional amount, it will 
be left over as free, unreacted zinc. 

These two laws—the law of conservation of mass and the 
law of definite proportions—comprised the most important 
progress of the eighteenth century toward an understanding 
of the atomic concept of matter, and, along with the experi- 
mental evidence upon which they were based, laid the 
foundation for the next big step forward in chemical science 
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11-3 Dalton’s Atomic Theory 


In 1808, John Dalton, an English schoolteacher, presented 
an explanation for these laws and the data behind them. His 
so-called atomic theory was an attempt to make a reasonable 
interpretation of the scientific data known at the time, Al- 
though his proposal was somewhat conjectural, it fit the facts 
and was gradually accepted as a valid theory. Dalton's con- 
clusions were expressed in rather complex and ambiguous 
statements, but they boil down roughly to the following: 

1. Atoms are distinct particles of matter that can neither 
be subdivided nor changed into atoms of a different sub- 
stance, 


2, Atoms are indestructible. 
3. All atoms of a pure substance, or element, are identical. 
4, Atoms of different substances have different weights. 


5. When elements combine to form new substances—for 
instance, when hydrogen and oxygen combine to form water 
—the result is produced by the atoms of these elements re- 
acting with one another in small, integral ratios, such as 
1:2, 2:3, and so on. 

6. The relative weights of elements that combine with 
each other, according to the law of definite proportions, are 
proportional to the relative weights of the atoms of the ele- 
ments. Thus, if five grams of calcium and two grams of oxy- 
gen react to form seven grams of calcium oxide, each calcium 
atom weighs two and a half times as much as an oxygen 
atom. The relative weights of these two elements will always 
be the same in this reaction regardless of how many atoms 
of each we use, simply because all calcium atoms are two 
and one-half times heavier than oxygen atoms. 


The concepts summarized in Dalton’s theory are the basis 
of our modern atomic theory. Their simplicity and the pre- 
cision with which they explained the two laws above caught 
the interest and attention of his contemporaries, and, as a 
result, other scientists were stimulated to find the actual 
weights of the atoms themselves and to find more accurate 
quantitative relationships in chemical reactions. These ac- 
tivities culminated in several important advances, some of 
which we will now consider. 

Dalton’s theory led to the development of the law of mul- 
tiple proportions, which is an extension of the law of definite 
proportions for those substances that contain the same ele- 
ments in more than one ratio. For instance, carbon and 
oxygen combine in two ratios, 3:8 in carbon dioxide and 
3:4 in carbon monoxide. The ratio of the oxygen in the first 
of these to the oxygen in the second is 2: 1. That is, there 
are exactly twice as many oxygen atoms in carbon dioxide as 
there are in carbon monoxide. The law of multiple propor- 
tions may be stated: Whenever certain elements combine in 
more than one ratio, there will be a simple, integral ratio 
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among the amounts of one of these elements that is com- 
bined with a given amount of the other substances con- 
cerned. 

In order to visualize the atoms that take part in chemical 
processes, Dalton invented a group of symbols, some of 
which are shown in Fig. 11-2. Thus, when he wished to show 
that one atom of carbon and two atoms of oxygen unite to 
form “carbonic acid” (now called carbon dioxide), he wrote: 


@+0+0-@00O 


This was much simpler than the old method of spelling out 
the names of the substances, and these symbols also more 
adequately relayed the idea that atoms of these substances 
are actually involved in the reaction. This type of notation 
was improved in 1814 by Berzelius, a Swedish scientist, who 
proposed the use of letters as symbols for the elements. The 
above reaction would then read: 


COO CO: 


Not only are the letters easier to write than Dalton’s sym- 
bols, but they immediately suggest the element they represent 
because all elements are designated by one or two letters de- 
rived from either its present or its historical name. Hydro- 
gen, for example, is H, oxygen is O, aluminum is Al, and 
magnesium is Mg. (See the atomic weight table on p. 216.) 
The subscripts are used to denote the number of atoms in- 
volved, there being only one atom when no subscript is used. 
These letter symbols have now become universally accepted 
and, like our system of numbers and measurement, are an 
international language in science. 

In Dalton’s time, approximately thirty elements were 
known. Since then, many more have been discovered, so that 
now our list numbers a little over one hundred. All the sub- 
stances that occur in nature and that are produced in the lab- 
oratory are composed of these simple elements, and in view 
of the fact that over a million different substances have been 
identified, these relatively few elements must combine in 
many, many different ways to produce them all, Although 
the number of combinations that exist is very large, each of 
them has been found to be consistent with Dalton’s theory. 
In other words, we have considerable evidence of the exist- 
ence of atoms. 


11-4 Atoms and Molecules 


When two or more elements combine to form a new sub- 
stance, we call this substance a compound. Water, salt, and 
sugar are examples of compounds. A compound is repre- 
sented by a collection of symbols—called a formula—each 
of which has a subscript that gives the exact number of atoms 
(if more than one) of that element in a unit particle of the 
compound. The formula for water, HO, represents the fol- 
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Hydrogen Oxygen Nitrogen Carbon 
Sulfur Mercury Phosphorus Zinc 


Fig. 11-2. Dalton’s symbols for some of 
the elements, 
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lowing information: (1) Water contains hydrogen and oxy- 
gen, and (2) a unit particle of water contains two atoms of 
hydrogen and one atom of oxygen. Similar information can 
be gleaned from the formula of any compound, such as NaCl 
for ordinary salt and C,2H»20,; for sugar. It is important to 
note here that HzO does not mean that there are two parts 
by weight of hydrogen for each part by weight of oxygen. 
As Dalton pointed out, atoms of different elements have 
different weights, and from the formula alone we cannot 
say what the weight ratio between hydrogen and oxygen is 
unless we know the relative weights of the atoms of these 
two elements. We shall refer to these relative weights in a 
moment. 

There was considerable difficulty, however, in determining 
the composition of the unit particle of a substance. In 1811, 
Amedeo Avogadro, an Italian, recommended that a new term 
be used to describe the arrangement and behavior of atoms 
in various substances, and, following his recommendation, 
the word molecule was introduced to represent the smallest 
particle of an element or compound. Avogadro suggested 
that ordinary oxygen is composed of molecules, each one 
containing two atoms, and that the gases hydrogen, nitrogen, 
and chlorine are also composed of diatomic molecules. Other 
elements such as sulfur may have even more complex mole- 
cules (Ss), while the metals iron and copper, and the inert 
gases—helium, neon, and so on—are composed of molecules 
that contain but one atom. A molecule is also the smallest 
particle of a compound substance. Thus, we speak of a mole- 
cule of carbon dioxide, COs, or a molecule of water, HzO. 

If Avogadro’s concept had been accepted at the time it was 
proposed, it would have saved chemists 50 years of addi- 
tional confusion. The history of this period from 1811 to 
1860 is full of many attempts to reach a more adequate pic- 
ture of the atom and molecule. There were bitter arguments, 
and no one could devise a completely satisfactory theory to 
explain the rapidly accumulating facts about atoms, their 
weights and chemical behavior. For instance, no one, in- 
cluding Avogadro, could offer an indisputable formula for 
water, methane (marsh gas), or ethyl alcohol. In fact, many 
chemists believed that water was HO until 1860. We will 
not dwell upon the details of this period, but instead will 
now go directly to the modern picture of the atomic compo- 
sition of matter, In a later section we shall return to the 
means by which the formulas of many common substances 
were found. 


11-5 Modern Atomic Theory 


Although Dalton’s atomic theory was generally accepted 
at the time, it has since been slightly modified to fit newly 
discovered facts. Atoms have been found to be composed of 
several parts, and, among the atoms of a particular element, 
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small variations in weights have been found. So conclusively, 
however, has the concept of atoms been proved that scien- 
tists today believe in the existence of them with as much 
confidence as they believe that the earth is round, Atoms are 
unbelievably small, light, and numerous. The face of a penny 
requires 10,000,000,000,000,000 atoms of copper to cover it 
with a single layer one atom thick, yet this enormous num- 
ber of atoms weighs less than two ten-millionths of an ounce. 
No one has ever seen a single atom, but there is ample evi- 
dence that atoms have a measurable size and weight. 

A single atom weighs in the neighborhood of 10 ounce. 
You may wonder how the weight of such a small object could 
be determined, but these incredibly small particles have been 
weighed and studied by many different means, and, surpris- 
ingly enough, there are at least fourteen different methods 
by which they have been accurately counted. One of these 
methods, briefly, is based on the fact that each atom pos- 
sesses a certain number of unique electrons that are involved 
in many ordinary processes. For instance, when silver is 
plated onto an object, such as a teapot, each silver atom, in 
order to plate out of solution onto the teapot, must gain ex- 
actly one electron, Since we have a precise means of meas- 
uring the quantity of electrons in an electrical current, we 
can directly count the silver atoms. In a typical experiment, 
if we wish to plate out 107.9 grams of silver, 96,490 cou- 
lombs of electricity will be needed. Since each coulomb, as 
we know, contains 6.24 X 1018 electrons, the 107.9 grams of 
silver has 96,490 coulombs 6.24 X 1018s atoms/coulomb, or 
6.02 X 10% atoms of silver. This particular quantity of silver, 
a gram atomic weight, is a mole, and the mole is defined as 
a quantity of matter containing 6.02 X 10** particles of the 
substance concerned, Once we know the number of atoms in 
107.9 grams of silver, it is a simple matter to calculate the 
weight of each atom. 

The combined efforts of many scientists, working over 
many years, have finally produced an atomic theory that has 
been proved beyond a reasonable doubt to be valid, although 
we must keep in mind that it merely represents the best 
that is known now. Sometime in the future a newer and 
better theory may. well be proposed, much as new theories 
have arisen in the past to supplant the older ones, Our pres- 
ent view of the atom can be outlined in this way: 


1. All matter is composed of very small particles, or atoms. 


2. Each element is composed of a different type of atom. 


3. All the atoms of a particular element have the same or 
nearly the same weight. 


4. Atoms can combine with almost all other types of 
atoms, in either simple or complex ratios, to form com- 
pounds, 


It is noteworthy that Dalton’s theory is very close to the 
above theory, although atoms are no longer viewed as inde- 
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structible and the atoms of a particular element are not ex- 
actly alike, And, with the study of more complex substances, 
the ratios by which atoms combine are not always small and 
simple. For instance, oxyhemoglobin, the red compound 
in blood, probably has the formula: CrasHr106O208N20352Fe. 
Even many simpler substances such as salt, water, and sand, 
are more complex than the Dalton theory would indicate, 
What these atoms actually are, how they react with one 
another, and what they are composed of are questions that 
we will consider in the next three chapters. Let us now ex- 
amine a modern device that not only proves the existence of 
atoms, but also enables us to determine their weights. 


11-6 The Mass Spectrograph 


In 1919, in England, J. J. Thomson and F. W. Aston de- 
veloped and perfected an instrument called a mass spectro- 
graph. The principle upon which it operates may best be 
described by referring to an analogy, If you were to drop a 
mixture of golf balls and Ping-pong balls into the wind, the 
two kinds of balls would separate because they have dif- 
ferent masses. That is, the Ping-pong balls would be de- 
flected by the wind to a greater extent than the golf balls. 
If you knew the force of the wind, the force of gravity, and 
the distance through which the balls fell, you could deter- 
mine the masses of the balls without weighing them directly. 
In a similar fashion, the atoms of an element can be pro- 
jected from a chamber in a mass spectrograph by electrical 
means (Fig. 11-3), and then deflected by a magnetic and 
electrical field, which acts on the atoms as the wind did on 
the balls, The lighter atoms will be deflected more than the 
heavier ones, and, by accounting for the various factors that 
influence the paths of the atoms, scientists can calculate their 
mass without weighing them directly. 

In 1912, Thomson experimented with neon in an early 
model of the spectrograph and, to his surprise, discovered 
that there are two different kinds of neon atoms and that 
one weighs about 10 per cent more than the other (Fig. 
11-3). This fact is obviously at variance with Dalton’s theory, 
which said that all atoms of neon should have the same 


Positive rays of 
charged atoms 


Fig, 11-3. The principle of the mass 
spectrograph. 


211 


To vacuum 


Atomic Theory 


weight. When an element has two or more kinds of atoms, 
we call these atoms isotopes. Other elements were analyzed 
with the mass spectrograph, and almost all of them were 
found to exist as mixtures of isotopes. Chlorine, for example, 
has two isotopes, iron has four, tin has ten, and mercury has 
seven, Even with the heavier atoms, such as uranium, the 
mass spectrograph is sensitive enough to differentiate be- 
tween isotopes but differ in weight by less than 0.1 per cent. 
This instrument is now in wide use in the research labora- 
tories of universities and industries throughout the world, 
and very large ones were used in connection with atomic 
energy production, in which the isotopes of uranium and 
other elements must be separated. 

From the mass spectrograph, an oxygen atom was found 
to have a mass of 26.6  10~-*4 g, a hydrogen atom a mass 
of 1.66 X 10-2 g, and a uranium atom a mass of 395 X 
1024 g. Since it is inconvenient to deal with these very small 
weights, a more manageable system of weights, based on 
relative values, was devised even before the invention of the 
mass spectrograph. This system was developed through a 
study of the proportions by which atoms combine with one 
another, and, fortunately, the results of this study have been 
confirmed by the weight measurements of the mass spectro- 
graph. Let us now turn back to two historical events that 
provided the means of finding the weights of atoms by in- 
direct chemical methods, We have already mentioned one of 
them briefly—Avogadro's concept—and the other concerns a 
principle by which gases react with each other. We shall see 
how, even without the mass spectrograph, scientists were 
able to find the weight of single atoms. 


11-7 The Law of Combining Volumes 


As we have already noted, Dalton proposed that atoms 
of different elements have different weights. Since this idea 
explained the law of definite proportions, many of Dalton’s 
contemporaries were spurred on to find the actual weights 
of atoms, Because it was impossible to weigh single atoms 
with the equipment available to these men, they had to use 
data obtained by the chemical analysis of various com- 
pounds, Hydrogen, for instance, was found to combine with 
oxygen in a weight ratio of one to eight. On this basis, 
Dalton assumed that a water molecule contained one atom 
of hydrogen and one atom of oxygen; hence, he concluded 
that an oxygen atom is eight times heavier than a hydrogen 
atom. Actually, Dalton was dealing here with a “combining” 
weight, and not a true weight of each atom. The difficulty 
became evident when these “combining” weights were de- 
rived from several compounds—there were inconsistencies 
that could not be explained. Atoms appeared to have one 
weight in one compound and a different weight in another. 

The crux of the problem lay in the fact that there was no 
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way for Dalton and his contemporaries to know how many 
atoms of an element were in a compound, How could he de- 
termine that water has two atoms of hydrogen in each mole- 
cule, or that carbon dioxide has two oxygen atoms in it? 
Because this question could not be answered, it was merely 
assumed that one atom of one element reacted with one atom 
of the other, and since this assumption was false, obviously 
the conclusions were erroneous, The key to this problem was 
provided by the discovery of an important, yet simple, prin- 
ciple concerning the behavior of gases when they react 
chemically with each other. 

In 1809, Joseph Gay-Lussac, a French chemist, observed 
that under identical conditions of temperature and pressure 
every time hydrogen and oxygen combine there is a con- 
stant relationship between the volumes of the two gases that 
are involved in the reaction. After repeated experiments, he 
found that two volumes of hydrogen always unite with one 
volume of oxygen, with an error of less than 0.1 per cent. 
When he inspected other gaseous reactions, he found that 
all gases combine in very simple volume ratios, such as 2; 1, 
1:1, 2:3, and so on, If we summarize the results of his ex- 
periments, we find that: 

1 volume N gas + 1 volume O gas — 2 volumes nitric oxide gas 
2 volumes H gas + 1 volume O gas —» 2 volumes water vapor 
3 volumes H gas -+ 1 volume N gas — 2 volumes ammonia 
2 volumes CO gas + 1 volume O gas — 2 volumes carbon dioxide 
These results are examples of what is now known as Gay- 
Lussac’s law of combining volumes: The volumes of gases 
entering into chemical changes are related to each other in 
simple, integral ratios, In order to obtain these integral ratios, 
Gay-Lussac had to round off some of his figures slightly, but 
he firmly believed that an important relationship based on 
simple ratios existed here, even though his experimental data 
failed to prove it exactly. Here again, as with Galileo and 
his experiments on gravity, we see the intuitive ability of 
the scientist to overlook minor errors and difficulties in order 
to seek the basic principle that underlies the whole process, 

Dalton refused to accept these results of Gay-Lussac, 
probably because they would destroy the simplicity of his 
theory, But no theory will last long unless it adequately ex- 
plains the facts, and a new idea was shortly supplied to 
explain Gay-Lussac’s combining volumes. Avogadro, as we 
have already noted, in 1811 suggested that gases may be 
composed of molecules rather than atoms, and that these 
molecules may contain one, two, three, or more atoms, de- 
pending upon the nature of the gas. His most important 
proposal, however—which came to be known as Avogadro's 
law—was that equal volumes of gases at the same pressure 
and temperature contain the same number of molecules. In 
other words, a liter of oxygen contains the same number of 
molecules as does a liter of hydrogen. 

At the time, Avogadro's idea was no more than a happy 
guess. But let us see how it explains Gay-Lussac’s law of 
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Fig. 11-4. An illustration of Gay-Lussac’s 

law of combining volumes, 

showing the quantities of gases 

that react chemically with each 

other, + 


combining volumes, and at the same time would have sup- 
plied an answer to Dalton problem of finding the true 
weights of atoms, Suppose we have a volume of gas just 
large enough to contain one molecule of gas. Although this 
is an extremely small volume, it will enable us to visualize 
the relationships among Dalton atoms, Gay-Lussac’s com- 
bining volumes, and Avogadro's molecules. In Fig. 11-4 each 
little box contains only one molecule of gas—the reactions 
illustrated are the same ones reported by Gay-Lussac, If we 
examine those reactions that involve oxygen, we note that 
one volume of oxygen, reacting with one volume of nitrogen, 
produces two volumes of nitric oxide, Since each molecule 
of nitric oxide contains some oxygen, where does all this 
oxygen come from? Avogadro proposed that the oxygen in 
the two volumes of nitric oxide, coming from only one vol- 
ume of oxygen, must have come from oxygen molecules that 
contained two atoms of oxygen. If this is true, then the hy- 
drogen gas molecule probably has two atoms (diatomic), 
and since two volumes of hydrogen make only two volumes 
of water vapor, each molecule of water must contain two 
atoms of hydrogen. From this we can readily deduce the 
relative weights of the single hydrogen and oxygen atoms, 
that is, 1:16 instead of 1:8. 

So radical were Avogadro's ideas and so lacking in ex- 
perimental proof that his suggestions were received coolly 
by his contemporaries. In fact, it was only after many years 
of additional experimental and theoretical developments that 
Avogadro's ideas were revived. Another Italian scientist. 
Stanislao Cannizzaro, had been teaching Avogadro's hy- 
pothesis to his students at Genoa for some time, and when 
the leading chemists were called together at the first Inter- 
national Chemical Congress in 1860, he suggested at the 
close of this meeting that others might profit through a re- 
view of Avogadro's ideas, He pointed out that the weight of 
an oxygen atom is only half the weight of its molecule, and 


ognized as accurate and dependable, and it was only a short 
time before the confusion about the weights of atoms and the 
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writing of formulas and equations was cleared up. In the 
next section we shall consider the of atoms, and in 
Table 11-1 we shall see the difference between the weights 


a 

of weights for the atom can be derived, Instead of making 
a list of the actual weights of the atoms, it has been more 
convenient to collect a set of relative weights that leads to 
a system of atomic weights for the elements—a system that 
has become internationally used and that is periodically 
viewed by the International Union of Pure 

Chemistry. The atomic weight of an element is the weight 
of an atom of that element compared to the weight of an 
atom of the more abundant isotope of carbon, C-12. Since 
1961, the arbitrary reference point in the system of atomic 
weights has been the C-12 isotope to which has been as- 
signed 12 atomic weight units, It was selected as 

ard reference primarily for convenience and to eliminate the 
confusion that once existed when there were two systems, 
one for physical purposes and one for chemical purposes, 
Table 11-1 summarizes the atomic weights of some of the 
naturally occurring elements and the molecular weights of 
a few compounds, 

Ordinary carbon, as it occurs naturally, is composed of two 
isotopes, C-12 and C-13, This isotopic mixture has an atomic 
weight of 12.01115, which indicates that only a very small 
amount of C-13 exists reg 5 as * — 
chemical analyses provide no clue to presence 
topes—only the measurement of atomic weights by physical 
methods such as the mass spectrograph reveal the existence 
of isotopes. 


11-9 Chemical Equations 


In physical science it is often necessary to use 
communicate ideas, We have already had occasion to 
concepts in terms of mathematical equations, Now we 
find that all known reactions of the elements and their 
pounds can be expressed in a shorthand fashion called 
cal equations, Although at first you might think that 
equations are unintelligible and written to complicate 
of convenience 


portant features of the is the publication 
results. These reports must be understandable and concise, 
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TABLE 11-1 


formulas that describes a chemical reaction, The substances 
that enter into the reaction, called reactants, are written on 
the left-hand side, and the products of the reaction are writ- 
ten on the right-hand side. An arrow is usually used to 
indicate the course of the reaction. In Fig, 11-4 beneath each 
group of boxes, chemical equations, derived from experi- 
mental evidence, have been written describing each reaction. 

Let us take another experimental observation and express 
it in a chemical equation, When heated, mercury oxide, a 
red powder, decomposes into mercury metal and oxygen gas. 
This reaction can be written: 


mercury oxide —> mercury + oxygen 
Substituting formulas for these terms, we have: 


HgO — Hg + O: 

An examination of this expression reveals that there are two 
atoms of oxygen on the right and only one on the left. Ac- 
cording to our atomic theory and to the law of conservation 
of mass, no atoms should be lost or created in a chemical 
reaction. Since this reaction was proved experimentally, we 
must do something to the equation to make it fit the facts. 
We must, in short, balance it by supplying suitable coeffi- 
cients, or numbers, before each of the terms so that an equal 
number of atoms of mercury and oxygen will appear on each 
side of the equation. The simplest arrangement is always 
preferred, and, therefore, the balanced equation will be: 
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This is now a balanced equation, and it tells us that two 
molecules of mercury oxide decompose to form two mole- 
cules of mercury and one molecule of oxygen, which you will 
recall, is a diatomic molecule. 

To take another example, the reaction between zine chlo- 
ride and hydrogen sulfide produces zine sulfide and hydro- 
gen chloride; 


e, i . 
ZnCl, + HS — ZnS + 
This equation is unbalanced, because unequal numbers of 


hydrogen and chlorine atoms appear before and after the 
reaction, so we must supply the following coefficient: 


ZnCl, -+ H:S — ZnS + 2HC1 


Some practice and experience is required to attain pro- 
ficiency in writing chemical equations, but the above ex- 
planation should be sufficient for our present purposes. It is 
advisable, however, to become acquainted with chemical 
notations to the extent that you can understand what a for- 
mula and an equation mean. For example, from the equa- 
tion: 


by 
ie 


SiO, + 4HF > SiF, + 2H:0 


you should be able to read the following information: a 
molecule of silicon dioxide reacts with four molecules of 
hydrogen fluoride to produce a molecule of silicon combined 
with fluorine (silicon tetrafluoride) and two molecules of 
water. Furthermore, this equation tells us that a molecule of 
silicon dioxide contains one silicon atom and two oxygen 
atoms, a molecule of hydrogen fluoride contains one hydro- 
gen atom and one fluorine atom, and a molecule of silicon 
tetrafluoride contains one silicon atom and four fluorine 
atoms. 

The naming of compounds follows a few simple rules. The 
elements are usually named in the order they appear in the 
formula. If the molecule contains only two different ele- 
ments, the ending of the second element is replaced with the 
suffix ide. If there are three elements in a compound, one 
of them is usually oxygen. If the compound is a common one, 
the other two elements are named and the ending of the 
second element is replaced with the suffix ate. Here are 
some examples of these naming rules: 


NaCl sodium chloride 
CO, carbon dioxide 

co carbon monoxide 
CaS calcium sulfide 
NaNO, sodium nitrate 
NaClO, sodium chlorate 
CaSO, calcium sulfate 
AIPO, aluminum phosphate 


A chemical equation also tells us the quantities of each 
substance that will react and the amount of each product 


217 


e 


a. „ „ „ Dat mo eeoammau es niguena 
eet Ge 


Wane ve huro Be rehetive wongtar 4 the ohum ooo! mur 
„ old - U we scm trometer Meme ptm 
e tate gay remem enneet wright ee, that we werk Thos 
eee tEh a tAd one ek men of wm tee te urbe cme pea 
wm Meme © gree of cok ioe whi pean with XI gece 
ed wale beware have wom be the none eter of col 
rr 
Lr 
rr 
re 
„ u. „eee ee bebe eee 


Iio A aad booy Oltvection 


in Chipta 10 wv sew ho N soo, eee, thewt ene, 
mt wera wres est te bes trom ofribieg o mate! 
forget te a odale ray whe Wahia S5 peen after X roye 
%% Arne deen sent thet they comdh be refetor! 
weet vetrentead hhe cavtiery hgh waren bat woth came telde 
eee eed ther eee property termed cat te be 
me of the ent whol appheetoes te shoh X rape hove 
Neen pa 

N. wore bemgth of X raps u sheet ce ce two Anetra 
„ „„. very mosh the wre . 
Mos vom Lawe ad Carmem prosia toal thet whem aa elles tro 
„„ teed frm o mwka mune wg of atm 
wirms vine a mahy the nem pi ee of thee wes 
Rr 
erte mrur whem water veser e e 
thine u eee the came os e eee of the vme (~ 
„„ we „% eee we They poate ee. 
Err 
Err 
ee he mål pors haut Pom e Aw Iure 
app i ie tee a o eee indan Thee ove 
amo pes we od wre eed hrug D n we bayt 
Ana noting bram vow , „ een Winn Baw wu 
were cent Bry eee vub seh than when Oe cree 
ot ce ves aed Be wany of Be D orien ee pee 
„ nw Ge Bey senei coh e, Pre win thw 
„e eee pent Bt het peee Sonne 
Py D owd odus past Au eee, bhh, biy Parte . 
ee meot at o omn poe 

Frm Pig 16 ve mes Gat eee of he moer 
ure ot core i we Ge py Tih eee ee e 
Amd eee bey rer eee, hee Ame eo . 
e m Gu po ened Au voee ee Tie e ee 
„n . eee we Bence 
Mew of abe e tay Wim Benga wnt ds mm tw 


"e nma 


Was vee pening Armnyt 
wnn e Le = 
Meas saton. a 


31 


f 


hi 


1 


12 


j 


i TH. quit Nin 
f ji 1 piii 


24 1. i 
1 eee z 
1 ele. 


i 
ey 
me 10 
+ E E ajl h it i 
h 4 al 1 10 i 
ki ji 10 i 
1112 iid 


Atomic Theory 


theory, with certain modifications that were required by 
experimental findings in later years, gives us a working ex- 
planation of the behavior of atoms. 

Atomic weights are the relative weights of atoms based 
on an arbitrary reference standard of 12 atomic weight units 
for C-12. Molecular weights are the sum of the atomic 
weights of the elements in a substance. 

Chemical equations efficiently express the course of a 
chemical reaction through a collection of symbols that re- 
cord the reactants and the products in the reaction. 

Some of the most conclusive evidence that atoms exist is 
exhibited by X-ray diffraction of crystalline solids. In a gram 
molecular weight of a substance there are Avogadro’s num- 
ber of molecules—6.02 X 10%. 


EXERCISES 


A. KEY TERMS TO REMEMBER 


atom gram-molecule mass spectrograph 
atomic weight interference mole 

Avogadro’s law isotope molecular weight 
Avogadro’s number law of conservation molecule 

chemical equation of mass reactants and 
compound law of definite products 
element proportions X-ray diffraction 


B. QUESTIONS ABOUT ATOMIC THEORY 
1. State the modern interpretation of Dalton’s theory and give 
several ideas that it contains. 


2. What parts of Dalton’s theory have been modified by later 
discoveries? 


3. Explain the law of definite proportions in terms of Dalton’s 
atomic theory. 


4. Describe the operation of a mass spectrograph. How can this 
instrument be used to weigh an atom? 


5. Why was there a delay of many years before Avogadro’s 
principle was accepted? 


6. What is the standard used to determine atomic weights? 
Why is this particular standard used? 


7. If the isotopes of an element are always found mixed in the 
same proportions, what proof do we have that they exist? 


8. By referring to Table 11-1 and the list of compounds in 
Section 11-9, name the following compounds: Na,O, SiO», Al,S3, 
Ca(NO3)>5, CaClo. 


9. Give in words the meaning of the following equations: 
2Ca + O 200 
C+ O > CO, 
2Al + 3Cl, > 2AlCl; 
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10. Describe the way X rays are used to study the arrange- 
ment of atoms and molecules in a solid. 


11. Tell briefly how we may count the atoms in a substance if 
we know its density, the distance between its atoms, and the 
weight of a gram-molecule of it. 


12. List all the experimental evidence you can that proves that 
atoms exist. 


C. PROBLEMS ABOUT ATOMIC THEORY 


1. Using the information in Table 11-1, calculate the molecular 
weights of sodium chloride (NaCl), sulfuric acid (H)SO,), and 
sugar (Ole LI220 11). Ans. 58.5 for NaCl, 98 for HSO,. 


2. From the equation, Ca + S — Cas, calculate the weight of 
calcium needed to make 100 grams of calcium sulfide. Ans. 55.6 g. 


3. How many molecules of water are in a glass of water (250 
cm)? Ans. 83.2 x 1028. 


4. If the molecules in a glass of water were divided among the 
population of the world, how many molecules would each per- 
son have? Assume world population is three billion. 


5. Natural rubidium is composed of two isotopes, Rb-85 and 
Rb-87, present to the extent of 72.3 per cent and 27.7 per cent, 
respectively. Assuming that the atomic weights of each isotope 
are whole number values as given, what is the atomic weight of 
the naturally occurring element? 


6. Assuming that the diameter of a gold atom is 3.0 A, calcu- 
late the number of gold atoms needed to cover one square centi- 
meter of surface with a layer one atom thick and with each atom 
touching the ones adjacent to it. 
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structure, and these will be considered in detail in Chapter 
25 (Table 25-1), It is of interest to note here that mesons 
of various sorts (whose masses are about 250 times that of 
an electron), neutrinos (whose mass and charge are negligi- 
ble), and positrons (positively charged electrons) have been 
indicated in experimental and theoretical studies. For our 
present purpose, however, the particles in Table 12-1 will 
be sufficient to introduce us to atomic structure. 


12-2 Inside the Atom 


Tn spite of the incredibly small size of atoms, the particles 
of which they are made are still smaller. Rutherford, in- 
trigued with the problem of what the inside of the atom is 
like and how large some of the inner parts of the atom are, 
devised an ingenious experiment. He bombarded the gold 
atoms in a thin sheet of gold foil with alpha particles from 
a radioactive source, in a process that was like using a shot- 
gun to hit a small target. His “gun” was a block of lead in 
which a small hole was bored (Fig. 12-1). At the back end 
of the hole he placed a small quantity of radium, which 
ejected a constant supply of alpha particles out of the open 
end of the hole, When the stream of alpha particles was 
directed against the thin sheet of gold metal, most of the 
particles passed right through the gold foil. In a darkened 
room, Rutherford observed the path of the alpha particles 
by placing a fluorescent screen behind the gold foil (Fig. 
12-1), and each particle, as it struck the screen, produced 
a small flash of light. From a count of the particles that 
passed through the gold atoms, he found that only one alpha 
particle in 100,000 was deflected when the stream passed 
through 1000 atoms of gold; the great bulk of the particles 
passed through with no change in direction. 

Rutherford concluded from this experiment that the atom 
consists of two regions—a sparsely populated region that 
contains nothing capable of deflecting an alpha particle and 
that accounts for the greater part of the atom, and a very 
dense region of extremely small size. We call this compact 
portion of the atom the nucleus, and we deduce that it is 
positively charged because it is capable of deflecting alpha 
particles. The outer region of the atom contains only elec- 
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trons, whose mass is insufficient to cause a deflection of alpha 
particles (Fig. 12-2), Rutherford calculated that the di- 
ameter of the gold atom nucleus is only kae of the di- 
ameter of the whole atom, It is easy to see then why an 
alpha particle seldom passes near enough to the nucelus to 
cause its direction to be changed. The situation is much the 
same as if we were to shoot a BB gun at a mosquito flying 
around in a football stadium—it would require each of the 
100,000 fans in the stadium firing 1000 BB's at the same time 
to score a probable hit. 

The nucleus of an atom is an extremely dense quantity of 
matter. Since most of the mass of the atom is concentrated 
in the nucleus, which is approximately 10 cm in diameter, 
the density of a collection of atomic nuclei would be very 
high. For instance, a cubic inch of gold nuclei would weigh 
over 100 million tons, but a cubic inch of ordinary gold 
atoms weighs a little less than one pound. Matter has been 
found in places to be much more dense than the atoms we 
ordinarily encounter. The star, Sirius B, as well as many 
others, has a density of over one ton per cubic inch. This 
high density indicates that these stars may be composed of 
collapsed or compressed atoms, 

Suppose an atom were magnified to the size of a basket- 
ball, Even then, we still would be unable to see its electrons, 
and the nucleus would be only about 00 l em in diameter, 
or one-tenth the thickness of a sheet of paper. Therefore, it 
is quite amazing to find that matter as we ordinarily know 
it—gold, iron, wood, glass, and even our bodies—is com- 
posed of atoms that are mostly space. Teachers who imply 
that our heads are empty may be nearly correct after all! 


12-3 The Simplest Atom 


In the last chapter we learned that hydrogen is the lightest 
element known, and from this fact we deduce that it is the 
simplest atom that exists. A hydrogen atom contains the least 
number of electrons, protons, and neutrons of all the atoms 
that we know; it contains one proton in its nucleus and one 
electron in its outer portion, 

But how can the electron, with its negative charge, and 
the proton, with its positive charge, remain so near each 
other in a hydrogen atom and not fall together? There must 
be some force that holds the two tiny particles apart, a force 
equal and opposite in effect to the coulombic force of attrac- 
tion between the two unlike charges. Atoms have been 
thought of as spherical particles for a long time, so it was 
only natural for the pioneers of atomic structure to conceive 
of the hydrogen atom as a miniature solar system, with the 
electron traveling in an orbit around the proton at the 
center of the atom. Niels Bohr, a Danish physicist, in 1913 
refined this view and provided us with the first adequate 
working model of the structure of the atom. 
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Although Bohr's orbital concept of the atom has since been 
modified, it is accurate enough to begin our study of the 
atom, In the hydrogen atom, the electron travels with a 
speed of 2.18 X 10° cm/sec, or about 1 per cent of the speed 
of light. The electron does not exactly follow an orbit like 
that of a planet around the sun, instead it travels in a wave- 
like motion, moving toward, and then away from the nucleus. 
In effect, the electron sweeps over all the space from the 
nucleus out to about 1 A and thus gives the atom a spherical 
shape. The most likely or average place that we would find 
the electron in the hydrogen atom is at a distance of 0.53 A 
from the nucleus. (This is the apparent size of the hydrogen 
atom based upon a study of X-ray diffraction and the density 
of a large number of hydrogen atoms, such as that shown in 
the last chapter for sodium chloride.) A cross section of the 
hydrogen atom would therefore look something like Fig. 
12-3a, with each dot representing the probability of finding 
the electron at any given instant. Because of the unpredict- 
able position of the electron in the atom, a description of 
the behavior of the electron cannot be given in terms of 
ordinary geometry. Instead, rather advanced mathematics, 
including the concept of probability (which we will take 
up in Chapter 30), are applied to the electron’s location, 
and for this reason our picture of the atom will be somewhat 
crude. As a matter of convenience, this picture of the atom 


Fig. 12-3. Two pictures of the hydrogen 
atom, 


Fig. 12-4. Two pictures of the hydrogen 
molecule, after the manner 
shown in Fig, 12-3, 
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can be illustrated by the diagram in Fig. 12-3b, where the 
circle encloses the volume in which we might expect to find 
the electron under ordinary conditions. 

When two hydrogen atoms are combined in a hydrogen 
molecule, Ha, the electrons become associated with both 
nuclei, Although the nuclei, being positively charged, can- 
not approach each other too closely, the orbital energy of 
the two electrons tends to overcome the coulombic repulsion 
of the two nuclei and to hold the positively charged particles 
about 0.75 A apart. The Ha molecule can thus be described 
by the diagrams in Fig. 12-4. Here again, it is convenient 
to depict the hydrogen molecule as two spheres that over- 
lap slightly. The mutual sharing of the two electrons by the 
two hydrogen nuclei is also indicated in the simpler dia- 
gram. 


12-4 The Hydrogen Spectrum and the 
Photoelectric Effect 


As early as 1880, physical scientists studied the light pro- 
duced by various gases when they are excited by an electrical 
discharge through a Crookes tube (Fig. 8-5). A small amount 
of a gas, such as hydrogen, neon, nitrogen, etc., is admitted 
to the evacuated tube, and upon passing an electrical dis- 
charge through the tube the gas emits various colors of the 
spectrum that can be readily analyzed by passing the light 
through a prism spectroscope (Fig. 10-24). The light from 
glowing hydrogen will appear as a series of colors—red, 
green, blue, and shades of indigo and violet (Fig. 12-5). 
Neon emits an orange-red color of light familiar to us in the 
modern advertising sign, and upon spectroscopic examina- 
tion, neon’s light would be found to contain many specific 
spectral lines. Each element gives off its own set of colored 
lines when it is excited, and as a result, this phenomenon 
can be employed as a means of detecting even small amounts 
of an element. So dependable is the color of the light pro- 
duced by the various elements that the wave length of the 
orange-red line in krypton’s spectra has become the basis 


Fig. 12.5. The hydrogen spectrum. The red line on the right corresponds 
: j to ihe ae of the electron from the third to the second 
energy level. The green line corresponds to the transition of the 

electron from the fourth to the second level. The limit of the 

lines in this portion of the spectrum corresponds to the transi- 

tion of an electron from the highest possible energy level to the 


second energy level. 
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for defining the length of a meter. On this basis, the meter 
is 1,650,763.73 times the wave length of this particular spec- 
tral line of krypton. 

In order to understand how the hydrogen atom, or krypton 
and other elements, emit certain colors of light unique to the 
particular element, we must digress a bit to consider the 
work of Max Planck and Albert Einstein during the years 
around 1900 to 1905. Upon investigating the energy asso- 
ciated with light of various colors, Planck noted that the 
radiant energy emitted by very hot bodies was of shorter 
wave lengths than that emitted by cooler bodies. The graph 
in Fig. 12-6 shows the range of wave lengths emitted by 
three bodies at various temperatures, and it is noted that 
the most probable radiant energy from the sun at 6000°K 
has a wave length of about 4800 A, in the green portion of 
the spectrum. A glowing lamp filament at 4000°K, on the 
other hand, emits radiant energy at a most probable wave 
length of about 7000 A, in the red portion of the spectrum. 
Based on this experimental relationship, Planck suggested 
that radiant energy is inversely related to its wave length, 
or directly related to its frequency in the simple equation: 


; E=hn (12.1) 


E is the energy in joules of radiation whose frequency is n, 
and the proportionality constant h, known as Planck's con- 
stant, is 6.6256 X 10-4 joule sec. 

Mechanistically, Planck’s equation describes light as a 
stream of energy bundles, sometimes called photons. The 
energy of a photon of violet light is greater than the energy 
of a photon of red light because the bundles of energy in 
violet light are greater in frequency than those in red light. 
The energy bundles of X rays and cosmic rays possess suf- 
ficient energy, because of their extremely high frequency, to 
penetrate many materials that are opaque to visible light. 

A more complete explanation of light as bundles of energy, 
known as Einsteins theory of the photoelectric effect, ap- 
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peared in 1905, This effect occurs when light of sufficient 
energy falls upon an atom and causes it to lose electrons. 
The energy of the light actually tears electrons away from 
the atoms of a substance, In Fig. 12-7, the principal parts 
of a simple lightmeter are shown, The energy of visible light, 
falling upon the thin layer of selenium, strips electrons from 
these atoms and deposits them on the iron by way of the 
external electrical circuit. This process sets up an electrical 
current, the amount of which can be measured by attaching 
an ammeter in the circuit as shown. Since the amount of 
electrical current is proportional to the intensity of light, 
this instrument indicates the amount of light present—hence, 
its use as a lightmeter. 

In order to produce the photoelectric effect in common 
metals such as iron, zinc, and copper, the higher energy of 
ultraviolet light is required. For the alkali metals, such as 
sodium and cesium, however, ordinary visible light has suf- 
ficient energy to tear electrons away from their atoms. Ein- 
stein explained the photoelectric effect by concluding that 
light consists of light quanta, or photons, and that the energy 
of a photon is related to the frequency of the light, as rep- 
resented by the equation E = hn, His result thus agreed with 
Planck's equation above. 

The energy of the photon is used up in two ways—part of 
it is needed to tear the electron from the atom, and the rest 
is imparted to the ejected electron, Einstein expressed this 
transfer of energy mathematically as follows: 


m = ee Se amet (12.2) 
of photon of election of chatted daimon 


This relationship tells us that if a photon has enough energy 
to knock out an electron from an atom, the energy of the 
photon is used up in actually tearing the electron away from 
the atom and, at the same time, in imparting a certain 
amount of kinetic energy to it—a nice example of the law 
of conservation of energy. To use a mechanical analogy, if 
the photon is represented by a rolling bowling ball and the 
electron by a bowling pin, according to the law of conserva- 
tion of energy, the energy of the ball knocks over the pin 
and, in addition, imparts kinetic energy to it. 

Robert Millikan of the University of Chicago verified this 
equation experimentally in 1912 and obtained an accurate 
value for Planck's constant h. If we could find a photon that 
barely knocks out an electron from an atom, we would know 
the value for E,, the energy of ejection, Millikan conducted 
experiments by which he could measure these values in terms 
of voltage, and we now have values for the energy of ejec- 
tion of electrons for various elements. The voltage necessary 
to remove an electron from an atom is called the ionization 
potential. (An atom that has a charge on it—and if we 
knock an electron from an atom the resulting atom will be 
positively charged—is called an ion.) These ionization po- 
tentials are expressed in electron-volts. An electron-volt is 
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the energy acquired by an electron moving under a fall of 
one volt; it amounts to only 1.6 X 104. joule. The accurate 
measure of so small a quantity is a significant achievement 
of experimental technique. The ionization potential of hy- 
drogen is 13.6 electron-volts, of neon 21.56 electron-volts, 
and of sodium 5.14 electron-volts. 

The photoelectric effect is a method of generating elec- 
trical energy in addition to those described in Chapter 9, but 
it is not very efficient. The light from 20 billion candles 
would be required to produce the electrical energy needed 
for a 100-watt electrical lamp. By exposing part of a square 
inch of sensitive material to sunlight, scientists have suc- 
ceeded in generating enough electrical energy to operate a 
small radio, The cost of such devices, however, is prohibitive 
for general use at present, although, with further study, it 
is reasonable to expect that they will become more and more 
practical, On the other hand, the photoelectric effect is even 
now usefully applied in lightmeters, movies, television, auto- 
matic door-openers, burglar traps, and many other devices. 
In each instance, the light used must provide more energy 
than that required for the ejection of the electron, and the 
quantity of electrical current produced is proportional to 
the intensity of the light. 

How does the photoelectric effect help us in developing 
our picture of the atom? What is the relationship among the 
hydrogen spectrum, the quantum concept, and the wave 
motion of the electron? Bohr provided an exceptionally 
brilliant interpretation that has served well in guiding the 
physical scientist into this strange, minute world. Let us ex- 
amine his view of the atom, taking into account the ideas 
of Planck and Einstein as well as others who later improved 
on Bohr’s atom. 


12-5 The Modern Atom 


Bohr said that an excited hydrogen atom emits light in 
definite quantities of energy; that is, a particular line in the 
hydrogen spectrum represents a particular quantity of en- 
ergy that can be determined from Equation 12.1. The red 
line in the hydrogen spectrum has a frequency of 4.5 X 10% 
waves per second. From Equation 12.1, then, we can find 
the energy of each photon in the light in this particular line: 


E=hn 
E=66 X 10-* joule sec X 4.5 X 10'*/sec 
E=3 X 1019 joules 


But where does this particular quantity of energy come 
from? And why are there no orange or yellow lines in the 
hydrogen spectrum? How do we account for the green, blue, 
and violet lines? Bohr explained that this energy comes from 
the electron that is in the outer part of the atom. If the elec- 
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tron gives up a certain quantity of energy, it then possesses 
hn less energy. In other words, the electron in an excited 
atom is pushed into a higher energy level by absorbing hn 
energy from the exciting source. Then, when the electron 
falls back to its original position it gives off exactly as much 
energy as it originally absorbed because the atom is a con- 
servative system. The clue to the amount of energy absorbed 
by the electron is given by the color of the light that is 
emitted when the electron is permitted to fall to its original 
position. The hydrogen spectrum then tells us exactly how 
much energy the electron can absorb or emit. The color lines 
tell us that there are different levels of energy to which the 
electron may climb before it falls back to its original, or 
ground, state. 

By studying the spectrum in Fig. 12-5, as well as other 
line spectra in the ultraviolet and infrared regions, scientists 
have gained considerable insight into the hydrogen atom. 
The electron may occupy one of several energy levels. The 
lowest level is called the ground, or normal, state. The dif- 
ference in energy between any two levels is given by the 
frequency of light that is emitted when the electron moves 
from the higher to the lower level (Fig. 12-8). At no time 
can we find an electron between these levels because its 
movement is like that of an elevator that stops at the various 
floors of a building, but never between them. More accu- 
rately, the outer part of an atom is analogous to a building 
with staggered elevators, that is, with one operating upward 
from the ground level, a second operating upward from the 
second floor, a third operating upward from the third floor, 


Fig. 12-8, The source of the colors of light 4 A 
emitted by an excited hydro- Fig. 12-9. Energy-level diagram of the hy- 
drogen atom. 
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and so on, In the atom, these elevators correspond to groups 
of spectral lines that are found in different regions of the 
electromagnetic spectrum. The first elevator corresponds to a 
series of lines that are found in the ultraviolet region (Fig. 
12-9), The second elevator corresponds to the visible lines 
noted in Fig. 12-5, and the higher elevators correspond to 
infrared line spectra. 

At this point, let us stop briefly and review what we have 
found out about the nature of light. Light, as we saw in 
Chapter 10, is an electromagnetic wave. We see now, how- 
ever, that, in addition to its wavelike character, it possesses 
energy that is proportional to its frequency. Studies of the 
light given off by excited atoms reveal that light may be con- 
sidered as a stream of tiny bundles of energy called photons 
(or quanta). The photon is a particle of energy that is en- 
tirely different from any other phenomenon in science, Al- 
though it is largely a theoretical concept, best described by 
mathematical equations (such as Equations 12.1 and 12.2), 
it has supplied scientists with such a helpful explanation for 
the behavior of light that it is now universally accepted. 
The photon, however, is just one characteristic of ordinary 
light, for as we know, light also acts as a wave, undergoing 
reflection, refraction, and diffraction. This dual nature of 
light—its behavior as both a wave and a stream of photons 
at the same time—creates one of the more complex problems 
of science, but the dual theory is the best one available at 
the moment to describe the properties of light. 

During the 1920's, several additions were made to our 
knowledge of the atom. Louis de Broglie of France found 
the wave length of an electron by comparing electrons to 
photons. He reasoned that since photons had been found to 
have a momentum depending upon their wave length, elec- 
trons, which we have thought of as particles up to now, 
should have a wave length depending upon their momentum. 
In the de Broglie equation 


(12.3) 
wave length Planck’s constant 
of electron ~ Mass of electron velocity of electron 


the wave length of an electron is inversely proportional to 
its velocity, Thus, for an electron whose velocity is about 
1 per cent of the velocity of light: 


h = 6.62 X 10 joule sec 
m=91 X lo- kg 
v = 2.18 X 10" m/sec 


and substituting into Equation 12.3 gives the wave length 
of the electron: 


ex, 6.62 X 10-* joule sec 
9.1 X 10-® kg X 2.18 X 10° m/sec 


= 3.33 X 101% m or 3.33 A. 
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This is very nearly the wave length of the electron in the 
ground state of the hydrogen atom 

A big step forward in understanding the structure of atoms 
was made in 1926 by Schroedinger and Heisenberg, who 
initially developed the idea of wave mechanics. Although 
the mathematics of the Schroedinger equation “ind its solu 
tions are well beyond the scope of our present interest, the 
results of this work are important in gaining at least a rudi 
mentary idea of the modern concept of atomic structure 
The wave mechanical approach tells us that the 
an atom may be described by principal quantum numbers 


n 1, 2, 3, 4, . . . , and these are identical to the energy 


ectrons in 


levels described by Bohr, These energy levels are frequently 
called orbitals in order to distinguish the electron’s behavior 
from that of a planet in its orbit 

The basic idea in wave mechanics is that matter is com- 
posed of waves. This idea is particularly evident with small 
particles such as electrons, and had nature been endowed 
with a large Planck's constant (Equation 12-1) we might 
have discovered the wave nature of matter much earlier 
A baseball heading for the center field bleachers or a rifle 
bullet whizzing at 4000 ft/sec, because of their relatively 
large masses, have wave characteristics much too small to be 
significant, But an electron moving in a small box the size 
of an atom and with a velocity about 1 per cent of the ve- 
locity of light definitely shows wavelike characteristics 

If electrons show a wave action when they are in atoms 
the next logical questions is: Do electrons always travel in 
waves? After de Broglie pointed the way, scientists soon 
a stream of electrons moves in a wave because it 


found the 
undergoes diffraction and interference in exactly the same 
way as do X rays. The structures of many substances have 
been studied by means of electron diffraction, When a beam 
of electrons is aimed at a crystal, the atoms in the crystal 
cause the electrons to be diffracted in the same way X rays 
were diffracted from a crystal in Fig, 11-6, Figure 12-10 
shows the pattern of a diffracted beam of electrons after 
they have passed through a single crystal of clay. An analy 
sis of this pattern reveals the arrangement of the atoms in 
the crystal, and thus, we have another powerful tool with 
which we can examine minute particles of matter 

Our conception of the atom is no longer that of Dalton“ 
simple, indivisible unit, It has gotten so complicated that we 
literally cannot draw an adequate picture of the atom. The 


modern atomic theory that describes the electron waves sur 
rounding the nucleus of an atom is largely mathematical 
and it is very difficult to visualize a photon, or even an ¢ lec 

tron, Yet these entities have been defined mathematically 

and their predicted behavior agrees with experimental facts 
In this matter, we must take the word of the atomic scientist, 
who is an explorer fully equipped with the mathematical 
tools, the theories, the instruments, and the techniques to 


investigate a world that is beyond our comprehension. Al- 


235 


Fig. 12-10, An electron diffraction pattern 
of a clay crystal, proof of the 
wave-like character of a moving 
electron, (Courtesy W. O. Milli 


gan, Rice University) 
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though his ideas are accurate only in equations and symbols, 
we must be content to approach them only in words. We 
must accept his story much as we accept the story of the 
traveler who returns from the far corners of the earth, or 
of the soldier who returns from a bitter campaign, or of 
the religious man who has talked with his God. We are 
somewhat in the position of a listener who hears a second- 
hand story that is told in a foreign language. 


12-6 More Complex Atoms 


Let us return to the Bohr atom, which does satisfactorily 
explain our wave-mechanical conception of the atom. His 
hydrogen atom, as we have seen, has several energy levels 
to accommodate the electron when it becomes excited. But 
what happens in an atom that has two electrons, or a dozen, 
or four dozen? Where would we expect to find these elec- 
trons? 

The helium atom has two electrons revolving around the 
two protons in its nucleus, and thus the atom as a whole is 
electrically neutral. On our list of atomic weights, the helium 
atom has a mass of 4, and therefore it must contain two 
neutrons in its nucleus along with the two protons. A very 
simple diagram of the helium atom is shown in Fig, 12-11. 
The circle, of course, merely represents the volume occupied 
by the atom, and the relative sizes of the electrons, protons, 
and neutrons are greatly exaggerated in order to show them 
in the illustration. 

A closer examination of the helium atom raises a puzzling 
question. Since moving electrons create a magnetic field, ac- 
cording to the rules discussed in Chapter 9, the two revolv- 
ing electrons in a helium atom should create twice the 
magnetism produced by a hydrogen atom. In fact, however, 
the helium atom has almost no magnetism, whereas the hy- 
drogen atom is measurably magnetic. What happens, then, 
to two electrons when they are paired with each other in 
the same energy level in the same atom? The answer is 
provided by a combination of facts and theory. The fact is 
that on an extraordinarily sensitive spectroscope, the spectral 
bands of an excited helium atom are composed of two closely 
spaced lines, In addition, the helium atom has no magnetic 
field, so that the two electrons must be cancelling each 
other's magnetic effect. The theory says that no two electrons 
in an atom can be in exactly the same state, that is, even 
though they are in the same energy level, they cannot be 
doing exactly the same thing at the same time. In other 
words, their wave motions are in opposite directions and 
are said to have opposite spins. In the helium atom, 
fields generated by the two electrons spinning 
directions cancel each other out, and as a result 

gnetic. Any atom that is magnetic, on the 
unpaired electrons that are not counteracted 


THE 
H 
4 


Fig. 12-11, Bohrs model of the helium 
atom. 


Neon Magnesium tron 
Fig. 12-12, Atomic structure of the most common botopes of a few ele- 
ments, 


by other electrons spinning in the opposite direction, In the 
iron atom, four unpaired electrons revolve independently 
around the nucleus, and their combined effect produces one 


ground level, and the third must be in the second level (Fig 
12-12), The number of electrons in these rings is determined 


modate up to eight electrons, that is, there are apparently 
enough energy states within the second energy level to per- 
mit four pairs, or eight electrons, The third level can ac 
commodate up to 18 electrons, the fourth, 32 electrons, The 
higher levels undoubtedly can accommodate still more eloo- 
trons, but there are no known elements that 

for us to find out. 

The diagrams of atoms in Fig. 12-12 show only the eleo 
tron structure in unexcited atoms. Since we have found from 
the excited hydrogen atom the difference in energy between 
the energy levels in the atom, we will now be concerned 
mostly with atoms under normal conditions. 
tentially have all the energy levels found in 
atom, but these levels will be occupied only 


3 * f 
nl 
HEI 
11710 
fe 
HHE 
FaH 


i 
f 
i 
: 
È 
i 
a 
i 
i 


11 
i 
i 
i 
i 
f 


F 
$ 
; 
15 
f 
Hy 
li 


these various levels for the noble gases is shown in Table 
12-2. Note that the outermost level in any atom never con- 
tains more than 8 electrons, and the next to outermost level 
never more than 18 electrons. 

Let us take a backward look for a moment. We now have 
a theory that explains the atomic structure of a hundred 
different elements, They are all made up of electrons, pro- 
tons, and neutrons, and the electrons occupy certain energy 
levels, It would appear that these elements, all composed 
of the same building blocks, would be similar to each other, 
but as we shall learn in the next few chapters these elements 
differ greatly. Much of the difference between atoms is 
caused by the number of electrons that occupy a particular 
energy level. For instance, an atom with one electron in, say, 
the third energy level is vastly different from an atom that 
has two or three electrons occupying the third level. 

There are atoms that never exist in nature by themselves, 
atoms that are good electrical conductors, atoms that form 
extremely hard materials and extremely soft materials, atoms 
that react violently with each other, and atoms whose be- 
havior is drab and uninteresting. In all these instances, how- 
ever, the atoms are made up of electrons, protons, and 
neutrons, If we know how these basic components of the 
atom are arranged and how they function, we will come 
closer to explaining why the atom is what it is. 


12-7 Atomic Numbers 


Up to now we have found several good methods of com- 
paring the weights of atoms of different elements to each 
other, This comparison is valuable to the extent that a sys- 
tem of atomic weights has been set up. More important to 
the structure of the atom, however, is the concept of atomic 
number, The atomic number of an element is the number 
of protons in its atom. How these numbers were arrived at 
is a dramatic and significant chapter in physical science. 
In his “shotgun” experiments, Rutherford found that alpha 

particles are deflected more by heavier atoms than by lighter 
ones. This fact he attributed to the difference in positive 
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charge that existed on the mia of the atom—the 


i 


the atom the greater the positive charge on the nucleus. Al- 
though these early results were not very accurate, they 
pointed toward the idea that there is a positive charge on 
the nucleus, 

To H. G. J, Moseley goes the credit for discovering the 
way to determine the exact charge on a nucleus, This bril- 
liant, young English scientist, using an X-ray tube (see 
Fig. 10-26), examined the wave length of the X rays that 
are produced when electrons a metal target, The 


strike 
stream of electrons, traveling at about one-tenth 


of light, penetrates the atoms of the metal and collides with 
an electron in the inner level of an atom, The high energy 
of the incoming electrons ejects an electron from the inner 
level (Fig, 12-13), and the resulting vacancy is immediately 
filled by an electron that jumps in from an outer level. In 
the process, this electron gives off energy in the form of an 


X ray. 


Fig 1213. A bigeye dunan punet 
ing the outer parts of an iron 
atom collides with 
in the innermost energy level. 


Moseley examined the wave length of the X rays produced 
when the target metal was iron, copper, zine, and so on. He 
found a gradual, but definite, decrease in wave length as 
the atomic weight of the metal increased, The Moseley ro- 
lationship is shown in Fig. 12-14, After much experimenta- 
tion, he concluded that the wave length of the X rays b 
determined by the total number of electrons in the atom. He 
discovered that as the number of electrons increased the 
wave length decreased, and, conversely, that the greater 
the number of electrons the greater was the frequency of 
the emitted X ray, Mathematically, the Moseley relationthip 
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quency, calculate the energy of ejection for his photoelectric ef- 
fect, and express this energy in electron-volts, Ans. 5.4 x 10-19 
joules or 3.34 electron-volts, 


3. What is the wave length and frequency of radiation whose 
energy is equal to 4 x 10 joule per photon? 


4. Using de Broglie’s equation, find the wave length of (a) a 
golf ball (44 grams) traveling with a velocity of 100 m/sec and 
(b) an electron traveling at one tenth the velocity of light. Why 
is there a great difference in these two wave lengths? 
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Eber common substance we know of is composed of one 
or more of about sixty elements, either as simple elemen- 
tary substances or in combinations called compounds. Ad- 
ditional elements have been found in very small traces, or 
they have been synthesized in small quantities to bring the 
total number of elements on the earth to slightly over a 
hundred. Do additional elements exist elsewhere in the uni- 
verse? We do not know for sure. Astronomical studies tell 
us that some of the stars are composed of something far 
denser than anything we know on earth. These dense stars 
may be composed of compressed or collapsed atoms, al- 
though it is more likely that they are composed of neutrons, 
protons, electrons, and other particles even more elementary 
than our so-called elements. This poses the difficulty of de- 
fining the term “element.” There is evidence that some stars 
contain short-lived elements with an inside-out structure— 
that is, elements whose atoms have a negatively charged 
nucleus and positively charged electrons or positrons. On 
the other hand, the spectra of the stars, including our sun, 
show that many elements familiar to us—calcium, carbon, 
hydrogen, and oxygen—occur in the remote parts of the uni- 
verse, Furthermore, the analysis of meteorites that arrive to 
us from space has never shown other elements than those 
familiar to all of us, such as iron, nickel, and silicon. 

In our present study, we will concern ourselves primarily 
with the elements that exist within the scope of our direct 
experience, In cosmic terms and, indeed, even relative to 
the size of the earth, this scope is quite limited. We can 
analyze accurately the atmosphere up to a height of several 
miles, the earth’s crust down to a depth of a few miles, and 
most of the water on the earth, but beyond these limits we 
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must rely upon indirect, and often inconclusive, evidence for 
our information. In Chapter 10 we saw how earthquake 
waves tell us that the earth has a core of great density, indi- 
cating that it is probably a mixture of iron and nickel. These 
waves also reveal that the mantle is composed of a more 
complex, but less dense material than the core. Our inability 
to obtain direct evidence of the composition of the core and 
the mantle, however, drastically restricts our knowledge of 
their elementary composition. 


13-1 Discovery of the Elements 


Prior to the seventeenth century little distinction between 
elements and compounds was made. Many of the elements 
we know of today—sulfur, iron, copper, silver, gold, ete.— 
have been produced and used for thousands of years. But 
the basic concept of an element as a simple substance has 
evolved from rather primitive beginnings. The Greek phi- 
losopher-scientists of the fifth century B.c. proposed that all 
substances were somehow related to the four “elements’— 
earth, air, fire, and water. Much later, during the Middle 
Ages, considerable effort was made to convert certain com- 
mon metals to precious ones, an idea possibly suggested by 
the success of those who converted ores such as red iron 
oxide to a white, useful metal. The search for the “philoso- 
pher’s stone” and the “elixir of life” during this same period 
was a failure, although certain information, coming as by- 
products of this activity, later became useful in developing 
a more useful concept of an element. 

Robert Boyle is credited for giving a specific meaning to 
the term “element” in 1661, and from this meaning has de- 
veloped our modern concept of an element. By the time of 
the American Revolution, the word was generally accepted 
as referring to those substances that could not be separated 
into simpler substances. Thus, a distinction was established 
between the simpler or elementary substances such as iron, 
gold, and sulfur, and the more complex substances we call 
compounds. In 1789, about thirty elements had been identi- 
fied, and at the outbreak of the Civil War, over sixty ele- 
ments were known, Partly as the results of a more useful 
concept of an element and a greater concerted effort to 
experiment scientifically, more elements were discovered in 
the last century than during the entire period of history prior 
to 1800. 

The symbols of many elements reveal the time of the dis- 
covery of the element, For example, the following elements 
whose symbols were derived from Latin were known to the 
Romans: iron (Fe, from ferrum); gold (Au, from aurum); 
silver (Ag, from argentum); lead (Pb, from plumbum); tin 
(Sn, from stannum); copper (Cu, from cuprum); and mer- 
cury (Hg, from hydrargyrum—quicksilver). Although the 
symbols for sodium (Na, natrium) and potassium (k, 
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kalium) were derived from Latin words, these elements 
were not discovered until 1807. The symbols of most of 
the elements, however, are based on the present names of 
the elements. 

Many elements were named after their dominant char- 
acteristic. Astatine (At) is unstable (astatic) and must be 
synthesized in the laboratory. Osmium is a metal that forms 
an oxide with a strong odor (from the Greek word osme, 
odor). Promethium, for a time believed to be impossible to 
detect, was for this reason named after the Greek god, 
Prometheus, who stole fire from heaven; it evaded all efforts 
to discover it and eventually had to be synthesized in the 
laboratory. Chromium (from the Greek chroma, color) forms 
highly colored compounds that are widely used for pigments. 
Nickel, because its ore appeared to contain copper but 
yielded none, was called “kupfernickel” after the German 
word for “copper” and “demon.” Cobalt refuses to be easily 
separated from nickel and therefore was called a “goblin” 
(German kobalt, goblin). Since argon, a gas that composes 
almost 1 per cent of the atmosphere, never reacts with other 
elements, its name was derived from the Greek word argon, 
meaning inactive, Before being found on the earth, helium 
was detected in the sun’s atmosphere through an examina- 
tion of its spectrum; its name was therefore derived from 
the Greek word helios, meaning sun. 

Other elements were named after their discoverer or the 
country in which they occur or were produced. By the be- 
ginning of the twentieth century, most of the naturally oc- 
curring elements had been discovered. The rate of discovery 
of new elements was speeded up during the nineteenth cen- 
tury by the growing interest in science and by the develop- 
ment of successful methods of predicting the properties of 
unknown elements. 


13-2 The Reactivity Series of the Elements 


If we examine a list of the elements and the compounds 
in which they occur, we will find that some of them occur 
naturally as free elements and others exist only in com- 
pounds. Why do we find free, metallic gold occurring in 
nature, but never any free sodium, even though nearly 3 
per cent by weight of the ocean is sodium chloride? The 
answer is based upon one of the most fundamental charac- 
teristics of the elements—their reactivity. The reactivity of 
an element is its tendency to form compounds. The most 
reactive elements occur naturally only in compounds; the 
least reactive elements occur as free elements in nature. 
Elements of intermediate reactivity may occur either free 
or combined. é 

If we arrange a list of the elements with the most reactive 
ones at the top and the least reactive ones at the bottom, 
we have the so-called reactivity series of the elements (Table 
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13-1). From it we can make several interesting deductions. 
Those elements at the bottom (beginning with gold up) 
have been known since prehistoric times; with the exception 
of hydrogen, the bottom eight were known to the Romans, 
who had the means of obtaining these metals from their ores 
a thus were able to use them in their vehicles, utensils, 

uildings, and artifacts. The great Roman baths were sup- 
plied with water by lead pipes, hence the source of our 
word “plumbing” (plumbum from the Latin for lead). Go- 
ing up in the series, the elements become more and more 
difficult to separate from their ores, and only by the most 
vigorous of processes, electrolysis, are those elements at the 
top released from their compounds. 

The comparison, however, between the reactivity series 
and the natural occurrence of the elements is not parallel in 
all cases. Although sulfur occurs frequently as a free element 
in nature, it does so only if it is protected from long ex- 
posure to the atmosphere. Oxygen, a reactive element, occurs 
free in the atmosphere only because it is steadily replenished 
by the action of photosynthesis. The reactivity series in 
Table 13-1, consequently, includes only those elements that 
can be classed according to their inherent reactivity. 


13-3 The Natural Occurrence of the Elements 


Fortunately for us, certain elements are concentrated in 
ore deposits. Little is known about how these deposits were 
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formed, but from them we can extract many elements that 
might otherwise be unavailable to us because they would 
be scattered throughout the earth’s crust, diluted by the 
more common elements. Helium, for instance, is an extremely 
rare element, but it has accumulated in certain gas wells in 
Texas, Oklahoma, and Kansas to the extent that it can be 
commercially separated and used to fill balloons and to pre- 
vent the bends in deep-sea divers. Iron, on the other hand, 
is plentiful in the earth’s crust, but our modern civilization 
depends upon it being concentrated in large, relatively pure 
deposits. The iron ores of Minnesota, containing upward of 
50 per cent iron, have been mined continuously for many 
years. Although aluminum is the most abundant metal in 
the earth’s crust, the most useful ore is a certain oxide, 
bauxite, which has been collected by geochemical processes 
into convenient deposits in Arkansas and the Guianas where 
it may be literally scooped up from the earth’s surface and 
hauled away. 

Let us consider briefly some of the processes that occur 
naturally to produce concentrations of certain elements in 
useful ore deposits. Ore deposits are the result of geological 
processes that sort out or concentrate certain elements. The 
exact nature of these processes is not always well understood, 
although some of them can be subjected to laboratory study 
and have been verified, Sedimentation, which is the dropping 
of dissolved or suspended particles from solution, accounts 
for the formation of many ores. A wide variety of salts, in- 
cluding ordinary rock salt and gypsum, as well as iron ores 
and gold deposits, are found in various parts of the world 
in sedimentary layers. At other times, ore deposits are 
formed through selective dissolving. That is, if a part of the 
earth’s crust contains a mixture of substances that vary in 
solubility, the most soluble components will be eroded away 
first, leaving behind the least soluble components, These 
least soluble components—the residual deposits—may con- 
sist of iron ores such as those in Minnesota and the bauxite 
ores in Arkansas. 

Down inside the earth’s crust there is yet another im- 
portant process of ore formation that may gather certain 
elements into economically usable deposits. Here, the tem- 
peratures are high enough actually to dissolve appreciable 
amounts of metal compounds. These solutions trickle or 
percolate through cracks and breaks in the rock, especially 
along old fault lines. As these hot solutions move upward 
to cooler zones, the metallic substances come out of solu- 
tion and are deposited along the old fault lines. Recurrent 
faulting along these lines opens them up for more deposition 
of ores, until a deposit known as a lode or vein is formed. 
Such veins, rich in copper, lead, zine, silver and gold, are 
eagerly sought by the prospector and may sometimes be 
several feet thick and extend hundreds of feet along an old 


fault line. f 
A list of the more common elements, their more common 
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forms of natural occurrences, the chemical composition of 
their ores, and the method of obtaining them from their ores 
is given in Table 13-2. From this table, we can see that only 
by the most vigorous method (electrolysis) are the most 
reactive elements obtained from their ores. The separation 
methods in order of complexity are: electrolysis, reduction 
with coke, roasting, and mechanical separation. If we ar- 
range these elements according to the difficulty encountered 
in obtaining the free element from the ore, we will have a 
list very similar to that of the reactivity series in Table 13-1. 


13-4 The Abundance of the Elements 


Let us turn to the average composition of those portions 
of the earth that have been fairly well analyzed. The atmos- 
phere over a square mile of the earth’s surface has a mass 
of over 30 million tons. Although this seems like an enor- 
mous weight, the atmosphere of the whole world, composed 
chiefly of nitrogen and oxygen, is less than one-millionth the 
mass of the earth. At sea level its average composition, ex- 
pressed in terms of the relative number of atoms of each 
element, is given in Table 13-3. In this table, we see that in 
each thousand atoms of the atmosphere there are 780.3 nitro- 
gen atoms. The same method is used below to express the 

composition of the ocean and the earth’s crust. 

The nine most plentiful elements in the ocean are shown 
in Table 13-4. Almost all the hydrogen and oxygen in the 
ocean are combined as water. Most of the other elements 
in sea water are present in the form of soluble salts. More 
than forty elements have been found in sea water, which 
contains an almost inexhaustible source of many valuable 
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elements. Magnesium and bromine are already being profit- 
ably taken from the sea. The other elements must await the 
development of more successful methods to win them from 
the extremely dilute solution in which they occur. Practi- 
cally all of the calcium and silica that reach the ocean 
through rivers are precipitated or deposited by marine or- 
ganisms and are thus converted into solid rock. In the geo- 
logical past, huge deposits of calcium carbonate have been 
formed in this way into coral reefs. There is evidence that 
the large iron ore deposits in the Lake Superior region may 
have been formed by microscopic bacteria that fed on the 
iron in ocean water and then left behind an iron oxide de- 
posit that was eventually compacted into iron ore. 

The solid portion of the earth’s crust that extends down- 
ward a few miles is called the lithosphere. Its composition 
has been analyzed by various methods; the results give the 
composition listed in Table 13-5. 

Oxygen is by far the most abundant element, although 
most of it is combined with other elements in the form of 
rocks and minerals, The second most abundant element, 
silicon, has been seen by relatively few people in a free 
form; it is always combined with other elements in such 
substances as quartz or in complex silicates that include 
granite, felspar, mica, kaolin, and clays of many kinds. Alu- 
minum, number 3 in rank, occurs in granite, feldspar, and 
clays, but it is separated industrially from an oxide, bauxite, 
by an electrolytic process developed by Charles Hall in 1886. 
It is interesting to note that some of the most familiar ele- 
ments such as copper, tin, zine, and lead, are not among the 
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twenty most abundant elements. Indeed, titanium, a metal 
that until now was very difficult to obtain in useful quanti- 
ties, is a hundred times more abundant than copper. 

A significant aspect of these three tables is the fact that 
the most abundant elements have low atomic numbers. The 
elements above atomic number 26 (iron) account for less 
than 0.2 per cent of the earth’s crust, ocean, and atmosphere. 
These substances, in short, are made up almost entirely of 
a small number of the lighter elements. To explain this situ- 
ation, scientists presume either that the prevailing conditions 
were unfavorable to the heavier elements when the elements 
were formed, or that the elements have undergone decay 
into lighter elements during the course of time. 

A further examination of the plentiful elements reveals 
that the even-numbered elements are more abundant than 
the odd-numbered ones. Figure 13-1, which gives the abun- 
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dances of all the known elements that occur in nature, indi- 
cates that atoms with an even number of protons in their 
nuclei are more common than those having an odd number. 
The number of neutrons in the nucleus of the atom, more- 
over, apparently influences the abundance of a particular 
element's isotope. An even-even proton-neutron count in the 
nucleus is much more common than an even-odd_ proton- 
neutron count. An odd-odd proton-neutron count is the rarest 
kind of nucleus to occur naturally, In the 37 most abundant 
isotopes of the elements in the earth’s crust, the proton- 
neutron ratio, indicated below by the number of atoms per 
thousand atoms of lithosphere, is overwhelmingly even- 
even: 


even-even proton-neutron count 856.3 
odd-even proton-neutron count 131.1 
even odd proton- neutron count 12.4 
odd- dd proton- neutron count none 


These relationships again focus our attention on the mysteri- 
ous forces that hold the nucleus of the atom together. Why 
should an even number of protons and an even number of 
neutrons get along with each other better than an odd num- 
ber of these particles? The answer is simple; we do not know. 

As we learned in the last chapter, the laws of motion, of 
gravitational attraction, and of electrical attraction and re- 
pulsion do not seem to fit the atom. How, for instance, can 
two protons and two neutrons exist together in the nucleus, 
whose diameter is less than 10 cm? Coulomb’s law, de- 
rived from experiments conducted at ordinary, measurable 
distances in the laboratory, states that two like charges will 
repel each other with a force that is inversely proportional 
to the square of their distance apart. When the distance be- 
tween these two positive charges becomes excessively small, 
however, this law is no longer valid. At 10 cm (Fig. 13-2), 
the repulsion between the two positive charges is somehow 
transformed into a strong force of attraction. Whether we 
will have to revise our present laws or formulate a new set 
to explain such deviations in the expected behavior of micro- 
cosmic matter is one of the unsolved problems of science. 
We shall examine this problem again in Chapter 26 when 
we consider the source of the tremendous energy locked in 
the nucleus of the atom. 

Turning briefly to the composition of the sun, the planets, 
and the stars, we know through spectra studies that many 
of the elements of the earth occur in these bodies. The sun’s 
spectrum indicates that over sixty of the earth’s elements are 
in the sun’s atmosphere, the most abundant being hydrogen 
(almost 82 per cent), with helium second (about 18 per 
cent); only very small amounts of the other elements have 
been detected. The composition of many of the other stars 
is similar to that of the sun. 

Although astronomers can study only the atmospheres and 
the reflected light of the inner planets, they believe that these 
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planets are composed of elements similar to those on the 
earth. Venus has an atmosphere containing large amounts 
of carbon, hydrogen, and oxygen. Mars has a relatively thin 
atmosphere containing a considerable quantity of carbon 
dioxide, and its surface may contain iron, oxygen, and hy- 
drogen in the forms of iron oxide and water. The giant 
planets are composed of large amounts of nitrogen, carbon, 
and hydrogen. Since their densities are similar to that of 
water, their composition differs considerably from that of 
the earth. There is evidence that the moon, Mercury, and 
Pluto are made up of materials that differ little from the 
earth’s composition. 


13-5 The Periodic Classification of the Elements 


The periodic classification of elements was devised by sci- 
entists who noted similarities among various elements. We 
have all noticed that copper and gold are yellow and that 
silver has a slight yellowish cast. More important, these 
three elements are similar to each other in usage—they are 
our coinage metals and are used widely in jewelry. Tin and 
lead are two other elements that are obviously similar in 
appearance—they are both soft, malleable metals. These are 
but a few of the groups that show definite similarities in 
appearance and usage. As early as 1829, Johann W. Débe- 
reiner in Germany noted groups of similar elements whose 
atomic weights are related to each other. In the group Li, 
Na, K, sodium’s atomic weight (23) lies midway between 
that of Li (7) and K (39). Again, the three halogens Cl, 
Br, I, are similarly related. 

By the 1860's more and more information about the chemi- 
cal properties of the elements was being found, and with the 
increase in data, of course, scientists could more easily spot 
relationships between the elements. In 1866, J. A. R. New- 
lands in England proposed that the elements could be com- 
pared to the notes on the musical scale. In one line, he 
arranged the lighter elements in the order of their increasing 
atomic weights (noted on second line), and under this listing 
Ti Bes) e sO. EF Na Mg Al Si P S~- C K 

7 9 11 12 14 16 19 23 24 27 28 31 82 35.5 39 
Do Re Mi Fa So La Ti Do Re Mi Fa So La Ti Do 
he placed the notes of the musical scale: He reasoned that 
since Li, Na, and K (as well as B and Al, C and Si, and so 
on) are chemically very similar, they harmonize with each 
other as do musical notes an octave apart. From the parallel 
between these scales, he argued that there might be a valid 
relationship between the elements and music. Newlands’ 
“law of octaves” did not include the heavier elements and it 
was generally ridiculed by his fellow scientists. We now look 
upon his arrangement as pure coincidence, though it prob- 
ably served to stimulate later scientists in a search for a more 
basic relationship. 
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Fig. 13-3. Periodic classification of the elements according to Mendeleev, 


1872. 


In 1868, the Russian chemist, Dmitri Mendeleev, arranged 
the elements in a tabular form that is essentially the one still 
used today (Fig. 13-3). He placed the elements in rows 
according to increasing atomic weights and repeated the 
rows so that similar elements fell into columns. This arrange- 
ment included the similarities suggested earlier by Döbe- 
reiner and Newlands, and greatly extended the idea to include 
all of the nearly sixty elements known at that time. It is noted 
that several gaps appear in Mendeleev’s table, but he was 
so certain of having discovered a fundamental relationship 
that he predicted the properties of elements that, up to that 
time, had not been discovered. Even though his table was 
not immediately accepted, he had the satisfaction of living to 
see several of these predicted elements discovered, with 
properties that agree well with the ones he forecast. Table 
13-6 lists the properties of element 32, now called germa- 
nium, as predicted by Mendeleev and as they were actually 
discovered. Because his predictions were largely borne out, 
his table of the elements became universally accepted. 

Mendeleev’s table is a marvel of scientific organization. 
Although his table has had to be modified somewhat in order 
to accommodate all the elements and to overcome certain 
minor difficulties, our modern periodic table (Fig. 13-4) is 
based directly upon his original one. The modern table con- 
sists primarily of an arrangement of the elements in the order 
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Fig. 134. The modern form of the periodic table of the elements. 
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of increasing atomic numbers, The elements are placed in 
horizontal rows, or periods, and at recurrent intervals ele- 
ments with similar properties appear. In the first period, this 
interval contains two elements, the second and third periods 
each contain eight elements, the fourth contains eighteen, 
and so on. Those elements that are similar fall into vertical 
columns, or groups, There are seven periods and eight major 
groups in the table, and the groups may be subdivided into 
eighteen subgroups. 

From this arrangement is derived the periodic law, which 
says that the properties of the elements are periodic functions 
of their atomic numbers. In other words, properties, such as 
atomic radius, hardness, density, melting point, and reactiv- 
ity undergo periodic ups and downs. From Fig 13-5 you can 
see that these changes are amazingly regular. 
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13-6 Uses of the Periodic Table 


The fact that the periodic table (Fig. 134) hangs on the 
walls of science classrooms and laboratories the 
world testifies to its value, Once we become 
the reasons why the elements fall into the periods and groups 
that they do, we will see why the table is so useful, Let us 
consider several of the more important uses of the periodic 
table, bearing in mind that there have been countless times 
when individual scientists have turned to the table to seek 
an answer to a problem, or to find a hint of some subtlety of 
the elements that had never occurred to them before. 
Predicting the existence, and the properties, of unknown 
clements was one of the first uses to which the periodic table 
was put. Suppose we trace how Mendeleev predicted ele- 
ment 32, In the table he noted the elements immediately 
above, below, and to either side of that element. Since in 
other parts of the table an element's atomic 
almost midway between that of its neighbors, he calculated 
that element 32 should have an atomic weight 
tween 28 and 118.7, and between 69.7 and 74.9, 
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ments in Group IVA form oxides with the formulas 
SiOz, SnOs, and PbO,, Therefore, since all the elemen 
group have similar characteristics, he said element 32 
have an oxide formula of XO, By observing the 
erties of its neighbors in the periodic table, he 
several other properties of the unknown element 
13.6). 

Following the formulation of the table, 
sive search for the missing elements was launched, 
was so successful that almost a dozen new elements 
covered within fifteen years’ time. The table thus 
an excellent guide in the search for new elements, We 
use the table for this purpose anymore, however, 
clements for all the empty spaces in the table have 
found. 

Another significant function of the periodie table is its 
asa means of classifying and systematizing a tremendous 
amount of scientific information. Much of the descriptive 
information—facts and observations—about the elements 
can be correlated in the table, For example, the solubilities 
of the sulfate salts of the elements in Group IIA decrease in 
going down the group. The solubilities of these salts in 100 


ml of water are: 
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agnesium sulfate 209g 

Calcium slate 0.1610 ¢ 
Strontium sulfate 0.0113 ¢ 
Barium sulfate 0.0002 N 


Another example: Since iron, cobalt, and nickel in Group 
VIII are highly colored in salts, we would expect the other 
clements in this group also to form highly colored salts. All 


The Elements 


nine of the elements in Group VIII do, in fact, form complex 
compounds that are closely related to each other. 

The periodic table has also been a valuable tool in the 
research into the use of metals. The usefulness of many 
metals is greatly increased when they are alloyed with other 
metals, With dozens of metals to choose from, however, it 
would be an almost endless task to try all the possible com- 
binations in order to find the ideal ones. The table, by plac- 
ing similar elements in the same group, suggests certain 
combinations of metals that are likely to give us what we 
want. For instance, the metal niobium (Nb) in Group VB 
improves the hardness and corrosion resistance of steel; the 
resulting alloy is ideal for surgical and dental instruments. 
But niobium is expensive, and, in order to reduce the cost, 
metallurgists turned to another metal in Group VB. By sub- 
stituting tantalum (Ta) for niobium in the alloy, they pro- 
duced a steel that is almost as good as the niobium steel. 
Cheap, useful catalysts have also been found by means of 
the periodic table. The uses of iron as a catalyst in manufac- 
turing ammonia and of tetraethyl lead in gasoline stem from 
studies of the position of iron and lead in the periodic table. 

Another common use of the periodic table is in classifying, 
or grouping, elements that have similar properties. The noble 
gases appear in the column on the far right. Next, in Group 
VIIA are the halogens—fluorine, chlorine, bromine, iodine, 
and astatine. These elements are so similar in many respects 
that they are called a family. The coinage metals, copper, 
silver, and gold, are grouped together in the same column. 
The alkali elements—lithium, sodium, potassium, rubidium, 
and cesium—are in Group IA, and the alkaline earth ele- 
ments—magnesium, calcium, strontium, and barium—are in 
Group IIA; each of these groups of elements has many things 
in common in both physical as well as chemical properties. 
In two rows at the bottom of the main table are two series 
of elements for which there is no space in the table proper. 
Along with element 57, lanthanum, are thirteen other ele- 
ments, all of which have very similar properties, and we 
might think of all of these elements as being packed into the 
space in Group IIIB of Period 6. Likewise, the actinide series 
of elements appear to be much alike, and they too may be 
viewed as fitting into a single space in the main table—the 
space in Group IIIB of Period 7. 

In its broadest implication, the universal nature of the 
periodic table is evidenced by the composition of the sun 
and stars. From their spectra which serves as a key to their 
composition, all the elements identified in the universe are 
already included in the periodic table. The space traveler 
may find strange objects and unusual sights on his voyages, 
but the elements he finds in these strange places will very 
likely be identical to those already familiar to us through the 
table. 

The periodic table, however, is by no means perfect. It 
has several defects and some inconsistencies that might lead 
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the unwary astray. For instance, it is difficult to place the 
short periods and long periods in the table so that all the 
interrelationships that are valid appear. There is no proper 
place for hydrogen, and the lanthanide and actinide elements 
are fenced off by themselves. The atomic weights of three 
pairs of elements are inverted—argon (18) and potassium 
(19), cobalt (27) and nickel (28), and tellurium (52) and 
iodine (53), Most of all, it is difficult to correlate the position 
of all the elements in the reactivity series (Table 13-1) with 
their positions in the periodic table. But in spite of these 
defects, the table must be given credit for establishing many 
of the basic ideas that were to become the foundation for our 
modern studies of atomic structure. 


13-7 Metals and Nonmetals 


As you have probably noticed, the periodic table is divided 
into two general groups—metals and nonmetals. We all 
know that metals such as copper, gold, iron, and chromium 
are much different in appearance from the nonmetals, sulfur 
and carbon (charcoal), But what is the scientific difference 
between them? Since there is no simple definition of either, 
the best way to differentiate them is to list their differences. 
Metals have luster, gloss, and brilliance; nonmetals are 
usually dull. Metals are good conductors of electricity; non- 
metals are generally good insulators. We saw how this dif- 
ference follows from the fact that metals have electrons with 
considerable freedom to move, whereas the electrons in non- 
metals are tightly bound to their atoms. Metals are good 
heat conductors; nonmetals are poor heat conductors. Other 
distinctions between metals and nonmetals lie in their me- 
chanical properties. Metals are ductile and malleable (ca- 
pable of being drawn out into fine wires or fine sheets ): 
nonmetals are not. Metals have tensile strength (the ability 
to resist elongation); solid nonmetals are brittle. 

In addition to the physical differences between metals and 
nonmetals, there are important chemical differences to which 
we shall refer later, Metals and nonmetals, in fact, can be 
most easily classified by their chemical properties. The 
metals are located on the left side of the periodic table, the 
nonmetals on the right. Since there is no abrupt division be- 
tween the two classifications, many elements have properties 
characteristic of both. To the far left are the light metals, the 
most reactive metals of all, which become still more reactive 
toward the bottom of the table. Thus, the most reactive 
metal is element 87, francium (Fr), with cesium (Cs) and 
rubidium (Rb) following closely behind. 

The central part of the table contains the so-called heavy 
metals, whose chemical and physical properties vary with 
their positions in the table. As we go to the right, the ele- 
ments become less metallic and gradually give way to the 
nonmetals, The elements near the borderline have intermedi- 
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ate properties. For instance, aluminum, commonly thought of 
as a metal, shows definite nonmetallic characteristics at 
times. At room temperature, aluminum is ductile and malle- 
able, a typical metal. But at temperatures above 200°C, it be- 
comes brittle enough to be ground into a fine powder that 
serves as the pigment in aluminum paint. As we have just 
seen, brittleness is a property of nonmetals. In chemical re- 
actions, aluminum also often acts like a nonmetal. 

To the far right of the table are the nonmetals. Since non- 
metallic properties are most noticeable among the elements 
in the upper right corner of the table, the most nonmetallic 
element is fluorine (F). Note the interesting gradations in 
Group VA. The elements at the top are entirely nonmetallic 
—nitrogen (N) and phosphorus (P) have no metallic prop- 
erties. Arsenic (As), however, has some metallic characteris- 
tics, antimony (Sb) more, and bismuth (Bi) still more. Thus, 
within one group of the table, the elements range from a true 
nonmetal to a fairly typical metal. 


13-8 The Periodic Table and Atomic Structure 


In the last chapter we saw how modern science pictures 
the atom as a nucleus surrounded by energy levels con- 
taining 2, 8, 18, 32, and so on electrons. The number of 
these levels in any particular atom depends upon the atomic 
number—that is, the number of electrons in the atom. Al- 
though the periodic table preceded the present concept of 
atomic structure, it has greatly aided the scientist in his in- 
vestigation of the electronic arrangement of the atom. 

In Fig, 13-6 the first 20 elements are shown, arranged in 
the order of their increasing atomic numbers and in rows 
and columns that are identical to those in the periodic table. 
Around each element is a circle on which is represented the 
electrons in the outermost, stable energy level of its atom. 
If we compare the number of electrons in this energy level 
with the group number for the element, we find that they 
are identical, Thus, in Group I all the elements have one 
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Fig. 13-6. The outer electronic structures 
of the lighter elements and their 4 
positions in the periodic table. 
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electron in their outer energy levels. We can now see that 
the elements in any given group are similar largely because 
their electronic structures are so much alike. The fact that 
Group II has two electrons in the outer energy level, Group 
III three electrons, and so on provides additional proof that 
our picture of the atom is a dependable one. We also have 
the reassuring knowledge that the information gained 
through investigations of electronic structure corroborates 
the arrangement of the elements in the periodic table. 

The first period in the table (see Fig. 13-4), containing 
hydrogen and helium, corresponds to the first energy level 
in atomic structure. The second period contains 8 elements, 
lithium through neon, and each of them corresponds to a 
successive addition of one electron to the second energy 
level. The third period containing 8 elements, sodium through 
argon, is similar to the second period. In the fourth period 
there are 18 elements, 8 of which are accounted for by the 
addition of 8 electrons to the fourth energy level. But once 
there are electrons occupying the fourth energy level, an 
additional 10 electrons can be accommodated in the third 
level. Again, in the fifth period there are 18 elements—S 
electrons have been added to the fifth energy level and 10 
electrons have been added to the fourth energy level. The 
sixth period contains 32 elements. In terms of atomic struc- 
ture, these are accounted for as follows: 8 electrons are 
added to the sixth, 10 to the fifth, and 14 to the fourth energy 
levels. We see here the operation of the rule that no energy 
level can contain more than 8 electrons when that level is 
the outermost occupied level. But the maximum number 
of electrons in the third level goes up to 18 electrons when 
there is one more level occupied, and up to 32 electrons in 
the fourth level when there are two more levels occupied. 
Thus, the short and long periods in the table are explained 
by these irregularities in atomic structure. Since there are 
seven major energy levels in the structure of the atom, there 
are seven periods in the periodic table. 

Even though the relationship between electronic structure 
and the periodic arrangement grows more complex beyond 
the third period, these irregularities are not insurmountable. 
In fact, the table has served well in guiding the study of the 
atom’s structure, and as the table becomes more complex it 
merely reflects the more complex structures of atoms, The 
parallel nature of the table and atomic structure shows that 
there is a basic relationship between them—one comple- 


ments the other. 


13-9 Summary 


In general, the elements that are the easiest to obtain from 
their ores are the least reactive and have been known for 
the longest time. The most reactive elements require the 
most vigorous methods to remove them from their ores. The 
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reactivity series of the elements provides a means of classi- 
fying elements upon the basis of the tendency they have to 
enter into chemical changes. 

The most abundant elements in nature are those with rela- 
tively low atomic numbers and those with an even-even 
neutron-proton count in their nuclei. The rarest elements 
are those having odd numbers of neutrons or protons. 

The periodic classification of the elements is based on an 
arrangement of the elements in tabular form, with the ele- 
ments listed in the order of increasing atomic numbers. In 
such a listing, there is a periodic recurrence of similar prop- 
erties, which is the basis for the periodic law. The elements 
in horizontal rows are called periods, and those in vertical 
columns are called groups. With the elements organized into 
these periods and groups, we can correlate many of their 
chemical and physical properties, as well as their atomic 
structures. The advantages of the table far outweigh its de- 
fects, and the table still occupies a foremost position among 
the tools of the modern scientist. 


EXERCISES 


A, KEY TERMS TO REMEMBER 


alkali lithosphere periodic classification 
alkaline earth metal of elements 

family of elements nonmetal periodic law 

group period reactivity series 
halogen 


B. QUESTIONS ABOUT THE ELEMENTS 


1. Give the derivations of the names of the following elements: 
lithium, rubidium, rhodium, cesium, ytterbium, vanadium, tanta- 
lum, palladium, iridium, and indium. Check your guesses in a 
good dictionary. 


2. Under what conditions is the process of obtaining metals 
from sea water economical? Name several methods by which vari- 
ous substances can be removed from sea water. 


3. Describe three geological processes by which ores are col- 
lected into useful deposits. 


4. Which elements are more abundant in the earth’s crust, 
those with an even or an odd number of protons in their nuclei? 
Can you give a reason for this? 


5. At what distance does the law of coulombic force fall down? 
6. State the periodic law and give an example of its applica- 
tion. 


7. From the periodic table, find the following information: 
a. the element most nearly like iridium (Ir). 
b. the element most nearly like carbon (C). 
c. the formula for magnesium sulfate, given that the for- 
mula of calcium sulfate is CaSO,. 
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d. the hydrogen-sulfur compound similar to water (H.O). 
e. three elements that are very unstable and that decay into 
radioactive products, 


8. List three uses of the periodic table. 


9. Compare a period in the periodic table to an energy level 
in atomic structure, and show why the periodic table takes its 
form from the electronic structure of the elements. 


10. Suppose that an astronaut returned to earth with an ele- 
ment whose atoms have a negatively charged nucleus and posi- 
tively charged outer part. If its mass is 40 and its atomic number 
is 20, sketch a structure for it. Predict how this element would 
behave if it came into contact with one of our earth elements? 


11. From a chemical handbook, or other reference, find the 
(a) melting points, (b) boiling points, and (c) densities (or 
specific gravity) of the first 36 elements. Plot these data similar 
to Fig. 13-5 in order to test the principle of periodicity of these 
properties. 
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In the last chapter we noted two concepts that are funda- 

mental to the elements the reactivity series and the peri- 
odic law of the elements. Both of these concepts are directly 
related to the actual atomic structure of the elements, and, 
as a consequence, in order to understand why the elements 
show wide variations in reactivity and also fall into an 
orderly periodic arrangement, we must re-examine the atoms 
themselves. 

Early in the study of chemical reactions, two very im- 
portant laws were derived from laboratory experiments: the 
law of conservation of mass and the law of definite propor- 
tions (see p. 206). As you will recall, the second of these 
two laws states that in any given compound, regardless of 
its source, the elements are always united with each other in 
exactly the same weight ratio. In other words, a particular 
compound always has exactly the same composition. Scien- 
tists, in pursuing their questioning behind these laws, found 
that the concept of the electronic structure of the elements 
explains how both these laws operate. It is interesting to 
note that these laws, and much more about the chemical 
composition of substances was worked out long before the 
modern concepts of atomic structure were established. Cer- 
tain elements, for example, such as sodium, have been known 
for a long time never to occur free in nature. Now we are 
in a position to understand why sodium readily forms chem- 
ical bonds with other elements, and in this chapter we will 
examine certain factors of atomic structure that explain why 
sodium is a very reactive element. 


262 


ł 


Chemical Bonds 


TABLE 14-1 


14-1 Atomic Radii 


We saw in Fig. 13-5 that there is a periodic change in the 
size of the atoms. Those elements in Group IA of the periodic 
table have by far the largest atoms in any horizontal row, 
and as we move to heavier elements in any row, the atoms 
become smaller. For example, in the third period, starting 
with sodium, the elements decrease in atomic radii as shown 
in Table 14-1. Similar relationships occur in other periods, 
although minor variations appear in the longer periods which 
need not concern us here. 

Why should the atoms decrease in size as they become 
more complex? We must recall that in building up the atoms, 
each increase in atomic number represents additional elec- 
trons in the outer part of the atom and additional protons 
in the nucleus. There will also be additional neutrons to 
account fully for changes in atomic weights. In the third 
period, for example, sodium has 11 electrons, 11 protons, 
magnesium has 12 electrons, 12 protons, and so on. The 
electrons are being added to the third principal energy level 
and the protons are being added to the nucleus. This in- 
creased nuclear charge exerts a greater attraction on the 
electrons with the result that the electron clouds shrink in 
size. Thus, we may expect to find chlorine’s nucleus exerting 
a much stronger attraction on its electrons in the third en- 
ergy level than the sodium’s nucleus exerts on its electron in 
the same energy level. Incidentally, as the third energy level 
shrinks, there will be a proportionate shrinkage of the inner 
energy levels. 

When we examine elements within a group or vertical row 
of the periodic table, the atomic sizes increase as more en- 
ergy levels are occupied. Even though there are greater 
nuclear charges within the heavier elements, the higher en- 
ergy levels are sufficiently larger to account for this effect. 
Table 14-2 summarizes these changes for the Group I ele- 
ments, 


14.2 Valence and Electrolysis 


One of the fundamental properties of the elements is their 


ability to gain or lose electrons, or to share electrons with 
` 
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TABLE 14-2 


each other in order to achieve a greater amount of stability. 
Long before there was an understanding of the electronic 
structure of atoms, however, a measure was derived of the 
capacity elements have to react with one another. This ca- 
pacity is traditionally called valence, and it was proposed 
by Edward Frankland of England over a century ago. Va- 
lence is expressed by a small, whole number and it represents 
the number of electrons an atom gains, loses, or otherwise 
contributes (shares) to form a chemical bond. Positive va- 
lence numbers signify the loss of electrons and negative 
numbers signify the gain of electrons, and Table 14-3 gives 


TABLE 14-3 


the valences of several common elements. By using the fol- 
lowing simple rule, we can employ these valance numbers 
to write formulas of compounds: The valence numbers of 
the elements in a compound must add up to zero, that is, 
there should be an equal amount of positive and negative 
valence in a compound. Let us examine a few examples. We 
have already encountered the compound, sodium chloride, 
and its formula, NaCl, and if we write the valences for the 
sodium and chlorine above the formula, as follows, 


+1 -—1 
Na Cl 


we see that the sum of these valences (+1 and —1) is zero. 


, 
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In sodium oxide, NazO, we have: 


AE 
Nas 0 
Since in this compound there are two sodium atoms, the 
total valence of sodium is twice the valence of each atom. 
The sum of the valences in sodium oxide (+2 and —2), 
therefore, is zero. 
In the compound, sulfuric acid, H.SO,, the valence num- 
bers are: 


2(+1) +6 4(—2) 
H: S 


4 


and in hydrogen sulfide they are: 


N 
He 8 
The disparity in the valence of sulfur in the two compounds 
illustrates the fact that some elements have more than one 
valence number. Note that in each compound the total val- 
ence of the molecule is still zero. Although certain elements 
are known to have four or five different valence numbers, an 
element usually has only one or two. 

The basis on which valences are derived stems from a 
variety of experimental data dealing with chemical reactions. 
Some of the most useful data for this purpose are found in 
reactions performed by electrolysis (from the Greek words 
electro and lysis, meaning to loosen or decompose by elec- 
tricity), Electrolysis reactions have long been a favorite type 
of chemical change, both for the scientists interested in fun- 
damentals and the practitioner seeking methods of making 
useful products. For example, the production of copper, 
magnesium, aluminum, chlorine and many other elements 
involves electrolysis on a large scale, and the plating of many 
metals such as chromium, silver, and gold is customarily 
achieved by electrolysis. 

One of the earliest scientists to investigate electrolysis was 
Michael Faraday in England, who, during the 1830's, ad- 
vanced some very useful concepts that are known as Fara- 
day's laws. These concepts may be summarized in the state- 
ment: the quantity of electricity in coulombs (q) equals the 
number of equivalents (n) of an element that undergoes a 
change times the number of faradays (F), and this state- 
ment is expressed in Equation 14.1:. 

q =nF (14.1) 
A faraday is 96,500 coulombs or 6.02 X 10% electrons. For 
instance, Faraday found that one ampere of current in ten 
seconds plated out exactly twice as much silver as did one 
ampere of current in five seconds. Further, 27 amperes in one 
hour liberates 9 g aluminum, 12 g of magnesium, or 23 g of 
sodium (Fig. 14-1). The quantity of sodium released in Fig. 
14-1, 23 g, is one gram-atomic weight, which we know to con- 
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tain Avogadro’s number of atoms— 6.02 X 10° atoms. The 
amount of current that flows in an hour at 27 amp is 27 amp 
XxX 60 X 60, or approximately 96,500 coulombs. Since a 
coulomb is the flow of 6.23 X 10'8 electrons (see p. 161), 
96,500 coulombs is the flow of 6.23 X 1018s electrons X 
96,500 coulombs, or 6.02 X 10? electrons. Thus, 6.02 X 10° 
atoms of sodium are liberated by 6.02 > 10° electrons 
(96,500 coulombs), and we may thus conclude that each 
sodium atom requires one electron to release it from its com- 
pound, sodium chloride, In this process, we obviously have 
an extremely accurate method for counting atoms, 

But with magnesium and aluminum, the results are a bit 
different. Twelve grams of magnesium make up only half a 
gram-atomic weight. Because 12 g of magnesium contain 
only % of 6.02 X 10? atoms, each magnesium atom requires 
two electrons to liberate it from its compound. And since 
only 9 g of aluminum (one-third the gram-atomic weight of 
aluminum) are liberated by 6.02 X 10” electrons, each 
aluminum atom requires three electrons to liberate it from 
its compound. 

From the results of the experiment in Fig. 14-1, we can 
define the term equivalent weight, used in Faraday’s law, as 
the weight of an element that will be liberated by 96,500 
coulombs of electrical current. With this definition, and the 
valences of sodium, magnesium, and aluminum, we can 
derive a simple relationship: The equivalent weight of an 
element is its atomic weight divided by its valence number. 


27 amperes 


Battery - for one hour 
oe Electron 


Fig. 14-1. The quantities of aluminum, 
magnesium, and sodium liber- 
ated by the electrolysis of their 99 2 g 23 9 each electrode on 
fused salts, aluminum magnesium sodium the right 


Faraday’s work definitely confirmed the validity of Avoga- 
dros number. If we know the valence of an element and 
count the number of electrons that are passed through an 

` electrolysis cell, we can determine the weight of the element, 
and the number of atoms, plated out by weighing the elec- 
trode before and after the experiment. The number of silver 
atoms (the valence of silver is +1) so released, for example, 
will be exactly equal to the number of electrons passed 
through the electrolysis cell. Such an experiment provides 
further proof of the accuracy of Avogadro's number. 
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Faraday’s method also gives us the valence of an element 
when that element has more than one valence, For instance, 
copper has two valences, +1 and +2. If we wish to plate 
out, say, 10 g of copper from a copper chloride solution, the 
amount of current required depends upon which valence of 
copper is present. In cuprous chloride, CuCl, copper's val- 
ence is +1, but in cupric chloride, CuCls, copper’s valence 
is +2. To plate out the 10 g of copper from CuCl, requires 
twice the number of electrons that is required to plate out 
10 g of copper from CuCl. This shows experimentally that 
copper has two different valences because a different amount 
of electrical current is required to plate out equal amounts 
of copper from these two copper compounds. There is an 
obvious relationship between the valence of an element and 
the number of electrons required to plate it out: In elements 
having a valence of +1, each atom requires one electron; in 
those with a valence of +2, each atom requires two elec- 
trons; and for a +3 valence, each atom requires three elec- 
trons. 

If we were to examine those elements with a negative 
valence, we would find a similar relationship. Each atom of 
an element with a valence of —1 gives up one electron when 
it plates out of solution, and the atom of an element with a 
valence of —2 gives up two electrons. Each atom of oxygen 
plated out by electrolysis, for example, gives up two electrons 
to the positive electrode as it is released from the water in 
which it was originally combined. 


14.3 lonization Potential and Electron Affinity 


In order to understand why the elements exhibit various 
valences and what kind of chemical bonds they form, we 
must recall the electronic structures of the elements, their 
atomic radii, and two new ideas—the ionization potential 
and the electron affinity of the elements. For those elements 
that tend to lose electrons when they react chemically, such 
as sodium, calcium, and iron, we need to know a measure of 
the work required to remove completely an electron from 
one of their atoms. This amount of work, already described 
on page 231 is called the ionization potential. Thus, to re- 
move the outer electron from a sodium atom (measured in 
the gaseous state) requires 5.14 electron volts, and the 
ionization potentials of the elements in Group I of the peri- 
odic table are given in Table 14-4, Thus, it is apparent that 
the larger the atom the less work is required to remove the 
valence electron from it. Other factors, such as the nuclear 
charge and the shielding effect of other electrons in the atom 
influence the ionization potential, but these need not be of 
particular concern to us here. 

The electron affinity of an element is 
released or absorbed when an electron is 
For the chlorine atom in the reaction Cl + e > al, 


the amount of energy 
added to an atom. 
the 
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TABLE 14-4 


TABLE 14-5 


electron affinity is 3.78 electron volts (Table 14-5), and this 
process may be regarded as the opposite of the process in- 
volved in measuring the ionization potential. However, there 
is an inherent difference in the elements on the left-hand part 
of the periodic table (the metals) and those on the right- 
hand part (the nonmetals), Metals tend to lose electrons 
when they react chemically, and nonmetals tend to gain 
electrons. Thus, the valence numbers of the metals in Table 
14-3 are positive for the metals (electron losers) and nega- 
tive for the nonmetals (electron gainers). 

The ionization potentials and the electron affinities are 
measures of the tendencies of elements to react chemically. 
It is safe to presume that a metal with a low ionization po- 
tential and a nonmetal with a high electron affinity will 
react vigorously with each other and form a stable product. 
For example, from Tables 14-4 and 14-5 we may predict that 
cesium fluoride is more stable than lithium iodide because of 
the greater tendency for electron transfer in CsF than in Lil. 
There are other factors that would influence such a predic- 
tion, and in order to accommodate all the factors known 
about the elements and their tendencies to form chemical 
bonds, a convenient system called electronegativitics (Fig. 
14-2) has been devised. This is an arbitrary scale, but it de- 
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pendably serves as a guide to the kind of chemical bonds 
two elements will form. We will make use of this guide as we 
now turn to a discussion of the kinds of chemical bonds 
encountered in chemical compounds. 


14-4  Electrovalence 


An important principle based upon the best we know 
about atomic structure states that the electrons in the atom 
always seek their lowest energy level. We encountered this 
principle when we studied the electrons in excited atoms— 
the excited electrons always return to their lowest energy 
level when the source of excitement is removed. Further- 
more, among the lighter elements the innermost energy 
levels are filled with electrons before the outer levels. When 
applied to groups of atoms, the principle says that if two 
atoms unite with each other they do so in order to permit 
their electrons to attain a lower energy level. When they 
unite, the atoms either lose or gain electrons in an attempt 
to fill their outer energy levels and attain a more stable 
electronic arrangement. The simplest means of accomplish- 
ing this goal is the complete transfer of an electron from one 
atom to another—a process that is called electrovalence. 
Since those elements whose outer level is already filled—the 
inert gases such as helium, neon, and argon—need not make 
any electron transfers to reach stability, they never form any 
compounds. But most of the elements whose atoms have 
less than eight electrons in their outer energy levels seek a 
more stable electronic arrangement by combining with other 
elements. 

The sodium atom has one electron in its outermost energy 
level (Fig. 14-3), and it gives up this electron quite easily. 
When the sodium atom loses this electron, the atom becomes 
a positively charged ion. An ion is an atom, or a group of 
atoms, that has either lost or gained electrons. Since the 
chlorine atom has seven electrons in its outermost energy 
level, the most direct means of attaining electronic stability 
is the gain of a single electron. When a chlorine atom takes 
on an electron, the resulting chloride ion has eight electrons 
in its outer energy level. This arrangement, you will note, is eh 5 
the electronic structure of the argon atom. However, the —— 9 $ 
chloride ion is not identical with the argon atom in all re- + pa E ( No ) +Q Cl 


spects—only the electron cloud of the chlorine is affected, 


its nucleus remains unchanged in this process. Fig. 14-3. The sodium atom loses its out- 
If an atom that tends to lose an electron meets an atom ermost electron, while a chlo- 
as sodium and chlorine rine atom gains an electron in 


that tend in an electron, such . en electron 
in Fig. De, R electron will immediately be transferred ia to fill its outer energy 
to enable the atoms involved to become more stable. The 
reaction between sodium and chlorine is primarily a transfer 
of electrons from the sodium to the chlorine, and the result- 
ing compound, sodium chloride, consists of an equal number 
of sodium ions and chloride ions. The presence of tremen- 
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dous quantities of sodium chloride in the ocean and in the 
numerous salt deposits in the earth’s crust attests to the sta- 
bility that is achieved through the chemical union of sodium 
atoms with chlorine atoms. 

Magnesium also reacts with chlorine through an electron 
transfer. The atomic structure of magnesium shows that 
there are two electrons in its outer energy level (Fig. 14-4). 
Since chlorine requires only one electron to reach stability, 
when magnesium and chlorine react, one magnesium atom 
furnishes the electrons needed by two chlorine atoms. Mag- 
nesium chloride, therefore, contains one magnesium ion for 
each two chloride ions, and its formula is MgCl. In alumi- 
num chloride, each aluminum atom supplies three electrons 
(Fig. 14-4), one for each of the three chlorine atoms. 

The strength of the electrovalent bond between two atoms 
or ions can be gauged by their difference in electronegativity 
(Fig. 14-2). The greater the difference in the electronegativ- 
ities of two elements, the stronger is the bond between them. 
For example, this difference for sodium and chlorine is 3.0 
— 0.9 or 2.1, and for magnesium and chlorine is 3.0 — 1.2 
or 1.8. Thus, we may conclude that the chemical bonds in 
NaCl are somewhat stronger than those in MgCl. When the 
electronegativity difference between two elements is smaller 
than 1.7 (it is 1.5 for Al Clz) the chemical bond takes on 
another aspect, or it is said to be less electrovalent and more 
covalent in its character. We now turn to the covalent chem- 
ical bond. 


14-5 Covalence 


Covalence is the sharing of electrons by atoms in order to 
achieve a stable electronic structure. This kind of valence is 
much more common than electrovalence, although it does 
not usually lead to compounds that are as stable as those 
formed by electrovalence. 

Because the carbon atom, atomic number 6, has four elec- 
trons in its valence level, it must either gain four electrons 
of lose four electrons to achieve electronic stability. It is such 
a rare event for an atom to gain or lose this many electrons 
that carbon must find electronic stability by sharing its elec- 
trons with other atoms, If we examine the structure of the 
carbon compound, methane, a primary compound of natural 
fuel gas and marsh gas with a formula of CH4, we will find 
that the carbon atom is located at the center of the molecule 
and is attached to the four hydrogen atoms by covalent 
bonds (Fig. 14-5). Stability is thereby achieved because the 
carbon atom now has eight electrons in its valence level—its 
four original electrons plus one from each of the four hydro- 
gen atoms—and each hydrogen atom has fulfilled its ten- 
dency to complete its outer valence level of two electrons. 

The simplest covalent molecule is hydrogen, H». Under 
ordinary conditions, hydrogen occurs as a diatomic molecule 
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in order to achieve a maximum amount of stability (Fig. 
14-6), and the relationship between the two atoms can be 
explained in terms of Coulomb's law of electrical attraction 
and repulsion. Since each hydrogen atom, as we know, con- 
sists of a single proton and a single electron, when two such 
atoms approach each other, four different forces are pro- 
duced (Fig. 14-7): A force of repulsion exists between the 
two nuclei and between the two electrons, and a force of 
attraction is set up between the electron of one atom and the 
nucleus of the other atom. The relative sizes of these forces 
are shown in the graph in Fig. 14-7. At a certain distance, 
the force of attraction between the atoms is at a maximum, 
or, to put it another way, the potential energy of the two 
atoms is at a minimum. For the hydrogen molecule, this dis- 
tance of maximum stability is 0.74 A. The two electrons are 
thus held jointly by the two nuclei, and this sharing consti- 
tutes the chemical bond that holds the two hydrogen atoms 
together—indeed, this is the bond that holds all covalent 
molecules together. 

The difference between electrovalence and covalence is 
mostly a matter of degree, particularly when_the electro- 
negativity difference between the two elements is an inter- 
mediate value. Purely covalent bonds involving equal 
sharing of the electron pair between two atoms occurs only 
when identical atoms are involved, as in Ha, Cla, Na, ete. But 
with the strongest electrovalent bonds the electron transfer 
is not 100 per cent complete. That is, in NaF, where the elec- 
tronegativity difference is 3.1, the bond is about 82 per cent 
electrovalent and 18 per cent covalent in character. 


14-6 Coordinate Valence 


As we become acquainted with the formulas of more com- 
plex substances, we encounter a third kind of valence, in 
addition to electrovalence and covalence. Many of these sub- 
stances contain within their molecules distinctive groups of 
atoms that often remain intact, even though a vigorous 
chemical change takes place. These groups of atoms, called 
radicals, are often bonded together with a special kind of 
covalence, called coordinate valence. In ordinary covalence, 
each atom involved contributes an electron to the pair that 
is shared between the two atoms, but in coordinate valence, 
both electrons are contributed by one of the atoms, while the 
other atom comes into the bond and shares the electrons 
donated by the other. Both atoms achieve a more stable elec- 
tronic arrangement than they had prior to their bonding. 

An example of a substance that contains a radical is sul- 
furic acid, H2SO4. When this acid is added to a solution of 
calcium chloride, CaCls, a white insoluble substance, calcium 
sulfate, is formed: 


HSO; + CaCl, > 2HCI + CaSO. 
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Note that the sulfate radical (SO) goes through the chem- 
ical reaction unchanged. From the valence of either hydro- 
gen or calcium, we find that the valence of the sulfate 
radical is —2. A radical, therefore, is an ion that takes part 
in a chemical change as if it were a single atom; it exhibits 
a regular valence and behaves as a chemical unit. 

Here are several common radicals along with their va- 
lences: 


Sulfate SO, —2 
Nitrate NO; —1 
Carbonate CO; —2 
Phosphate PO, —3 
Silicate SiO, —2 
Ammonium NH, +1 


These radicals may be combined with other ions, such as the 
ions of the elements listed in Table 14-3. Bearing in mind 
the rule that the total valence of a molecule is neutral, we 
may write formulas of compounds that contain these radi- 
cals. For example, if we combine each of the negative radi- 
cals above with the sodium ion (valence +1), we have: 


NaNO, sodium nitrate 
NaSO, sodium sulfate 
Na CO; sodium carbonate 
NaPO, sodium phosphate 
Na,SiO, sodium silicate 


The ammonium radical logically combines with a negative 
ion, such as chloride (valence —1), to give ammonium 
chloride, NH, CI. 

Radicals are usually bonded to the rest of the molecule 
by electrovalence, but the atoms within a radical are more 
often held together by a combination of covalence and coor- 
dinate valence, To illustrate this concept, suppose we exam- 
ine an ammonia molecule, represented by the formula, NH3, 
the structure of which is shown in the diagram: 


The nitrogen atom shares a total of three electrons with the 
three hydrogen atoms and thus completes its valence level. 
Each hydrogen atom, with two electrons, is stabilized by its 
covalent bond with the nitrogen. But, note that a pair of 
electrons in the outer energy level of the nitrogen atom is 
not bound in any interatomic bond and is therefore available 
to form a coordinate valence bond with another atom. If we 
add to the ammonia molecule a molecule of hydrogen chlo- 
ride, HCI, which is a covalent molecule with the structure: 


we obtain the product ammonium chloride. 
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NH; + HCI NI. CI 


Since ammonium chloride is an electrovalent compound, 
composed of the ammonium radical and the chloride ion, let 
us see what happens when this reaction takes place. The 
ammonia molecule, NH;, has now become the ammonium 
radical NH,*. An electronic diagram will help us explain 
this change. When the hydrogen moves from the hydrogen 
chloride to the ammonia molecule, it leaves behind the two 


electrons it shared with the chlorine because the chlorine 
atom has a greater attraction for these electrons than does 
the hydrogen atom. The stripped hydrogen atom is only a 
proton, so it readily forms a bond—called a coordinate bond 
—with the free pair of electrons on the nitrogen atom and 
becomes stabilized in the ammonium radical. Once the co- 
ordinate bond has formed, it appears no different from the 
other bonds in the ammonia molecule. The addition of a 
proton to an otherwise neutral molecule imparts a positive 
charge to it and makes the net charge, or valence, of the 
ammonium radical a positive one. 

The sulfate radical, another example of coordination 
valence, is composed of sulfur and oxygen, but the sulfur 
atom must first be changed into an ion with its valence level 
filled, This change may be accomplished by igniting a mix- 
ture of calcium and sulfur to produce a vigorous reaction 
from which a compound called calcium sulfide is obtained. 
This reaction may be shown by the equation: 


Ca + S— CaS 


Two electrons are transferred from the calcium atom to the 
sulfur atom: 


OC 


Calcium sulfide is an electrovalent compound in which both 
calcium and sulfur have an electronic structure like that of 
argon, element number 18. That is, the calcium has lost two 
of its original 20 electrons, and sulfur has added two elec- 
trons to its original 16; of course, nothing has happened to 
the nuclei of these two atoms. The sulfur ion possesses four 
pairs of electrons in its outer energy level, and each of these 
pairs then enters into coordination valence with the six outer 
electrons of an oxygen atom to form a sulfate radical: 


Gh + «Gp 
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This radical, with a —2 electrovalence, is composed of five 
atoms held together by four coordination valence bonds; the 
central sulfur atom shares all its electrons with other atoms. 
Since the six electrons in the original sulfur atom are now 
shared through coordination valence, we can account for 
the valence of +-6 for sulfur in Table 14-3. We know that the 
sulfate radical is a stable one because sulfates abound in 
the earth’s crust; calcium sulfate, for instance, constitutes the 
minerals gypsum and anhydrite, two common sedimentary 
rocks, 

The stability of other radicals, usually bound together by 
coordination valence, may also be gauged by the abundance 
of these radicals in a natural state. Tremendous quantities of 
the carbonate radical, combined with calcium, occur as cal- 
cium carbonate in limestone, shale, and slate. The most com- 
mon occurrence of the phosphate radical is in calcium 
phosphate, sometimes called rock phosphate. Calcium phos- 
phate forms a large part of our bones and teeth; a man of 
average weight has almost five pounds of calcium phosphate 
in his body. 

With the above examples in mind, we can now see that 
coordinate valence is an important type of chemical bond 
that holds many different kinds of molecules together. The 
central or coordinating atom may share one, two, three, or 
more pairs of electrons, and this number of pairs of electrons, 
or coordinate bonds, is called the coordination number of the 
central atom, Coordination numbers of four and six are the 
most common. 

Coordination valence involving the metals produces some 
unique properties in these metals, properties that are caused 
by the fact that coordination bonds are present. Copper, a 
yellowish metal, becomes colorless when it forms the copper 
ion, Cut++, and when this ion is added to water, the water 
is transformed into a beautiful azure blue. This blue color 
comes from the ion, Cu (H2O),++, a coordination system: 


Since the water molecule has two unshared electron pairs 
in it (see Fig. 14-8), there are ample electron pairs from the 
four water molecules to form coordinate bonds with the 
central copper ion. It is believed that the bond between 
water and the copper ion is also the result of the strong di- 
polar nature of water attracted to the positively charged 
metal ion. This type of bond, called an ion-dipole bond will 
be more fully described in the next section. If we add ammo- 
nia to the copper-water complex, the pale blue turns to an 
intense, deep blue that is a distinctive characteristic of this 
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ion, which is frequently called the tetramminecupric ion. In 
this reaction, the four water molecules are merely displaced 
by a similar number of ammonia molecules: 


The lone pair of electrons on the ammonia molecule as 
shown in the diagram on page 272 supplies the electrons 
used to make the coordination bonds in Cu( NH;)4++. 
Many dyes, pigments, and other colored materials are 
made up of coordination systems. The green color of all 
vegetation is due to chlorophyll, a complex molecule that 
has the magnesium atom at its center. The coordination 
number of magnesium in this colorful substance is 4—that 
is, the magnesium atom is surrounded by four nitrogen 
atoms, The red coloring matter in blood contains a substance 
similar to chlorophyll, except that it has iron as the central 
element instead of magnesium. This red substance, hemo- 
globin, can be separated into a protein called globin, and an 
iron coordination complex, hemin, shown below. In the 


hemin molecule, which is related to chlorophyll in general 
structure, the central iron atom is attached to four nitrogen 
atoms. The four nitrogen atoms are, in turn, parts of five- 
membered rings to which are attached various radicals. Ex- 
cept for the central iron atom, the molecule is held together 
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with ordinary covalent bonds. In addition to the four nitro- 
gen atoms, the central atom can be linked by coordinate 
bonds to the globin protein (structure unknown) and an 
oxygen or carbon dioxide molecule. It is the primary purpose 
of this complex substance to carry oxygen and carbon dioxide 
in biological processes, and the ability of hemoglobin to do 
this is based upon the coordination bonds of the central iron 
atom. The study of these complex, naturally occurring mate- 
rials is one of the most exciting areas of present-day scien- 
tific investigation. 


14-7 Other Types of Chemical Bonds 


The world would be a dull and lifeless place if chemical 
bonds were restricted to electrovalence, covalence, and coor- 
dinate valence. Water would be a gas even at polar tempera- 
tures, and plant and animal life as we know it would be 
wholly impossible. Many of the common substances such as 
wood, paper, protein, and metals would be nonexistent be- 
cause they are held together by bonds other than the three 
above. If we recall the principles of electrostatics in Chapter 
8, we should have little difficulty understanding at least the 
rudiments of these additional but important bonds. 

All of these additional bonds involve dipoles of molecular 
or atomic magnitude, and a dipole is simply a particle that 
has an imbalance of positive and negative charges. Thus, two 
dipoles attract each other by an electrostatic force which, 
according to Coulomb’s law, attain considerable magnitude 
at the small distances between molecules, and this accounts 
for what is commonly called a dipole-dipole bond. A com- 
mon substance whose properties are prescribed by dipole- 
dipole bonds is ordinary water and ice. 

Suppose we examine a single molecule of water, H:O, in 
order to ascertain its dipolar character. Oxygen, its central 
element, with an atomic number of 8, has six electrons in its 
outer energy level (Fig. 14-8). Each hydrogen atom shares 
its single electron with the oxygen atom, making the oxygen 
atom similar to the electronic structure of neon, and each 
hydrogen atom in turn has two electrons, making it similar to 
helium. The hydrogen and oxygen nuclei jointly hold those 
pairs of electrons that are between them. 

In Figs. 14-8 and 14-9 note that the atoms in the water 
molecule do not lie in a straight line but form a definite 
angle of 105° (Fig. 14-9). Note also that the water molecule 
is not symmetrical, since it has more unshared electrons on 
the side away from the hydrogen atoms than it does on the 
side toward them. That is, if we examine the distribution of 
negative and positive charges in the water molecule, we will 
find that the centers of population for these two kinds of 
charges are not identical. The positive center lies on the side 
toward the hydrogen atoms, and the negative center lies 
quite near the center of the oxygen atom. The resulting im- 
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balance in electrical charge makes the water molecule a 
dipolar molecule, which will orient itself in an electrical Beld 
like a magnet in a magnetic Held. Water molecules may even 
align with each other because of the strong electrical attrac 
tions and repulsions between the molecules. 

Water molecules, however, attract each other much more 
strongly than is indicated by their dipolar nature alone. If we 
examine a model of the water molecule, as 7 14-10, we 
find that the hydrogen atoms produce two protusions 
on the oxygen atom, The electrons shared between the hy- 
drogen and oxygen atoms are held more closely to the oxygen 
atom because of the much greater positive charge 
nucleus of the oxygen atom ( protons 
hydrogen atom (only one proton). The pair of electrons 
between hydrogen and oxygen are 
are something like this, H 0, that 
are actually closer to the oxygen atom than 
atom. The hydrogen atom is left as an fon—as 
of one proton—with the result that the two 
in the water molecule tend to become positively 
points and the oxygen atom tends to become 
charged (Fig. 14-10b). Now we can begin to see 
positive hydrogen of one molecule is pulled toward 


if 
ft 


HE 


tive oxygen of another molecule (Fig. 14. 10%) in the attrac: 
tion called the hydrogen bond. 
‘This hydrogen bond explains the unusual properties of 


water mentioned above, At ordinary room temperatures, 
three or four water rae ei sru ir 
through hydrogen bonds , 
drink a glass of water we are not drinking simple molecules 
of HO but agglomerates or clusters of water molecules, such 
as (HO), and (H:O), The molecular weight of water, 
consequently, is in fact much greater than the 18 ae 
by its formula, Water, as a result, acts abnormally 
compared to the similar compounds in Fig. 14-11 that do not 
ordinarily form hydrogen bonds. 

When water freezes, the molecules form even — 
zen bonds than they do in liquid water, The 
between the hydrogen atoms in the water requires 
a combination of six water molecules in order to Process a 
closed ring (Fig. 14-100), 
one positive and one negative, on each crater maleolo a ts 
ring that will become attached to still other water 
cules, a complex network of six membered rings is formed 
in the ico crystal, which is indeed a beautiful thing (Fig. 
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curs. On the other hand, when a metal compound such as 
an oxide or chloride is decomposed, we say that the metal 
has undergone reduction. Since oxidation and reduction al- 
ways occur simultaneously, let us see if we can interpret 
these reactions in terms of our modern ideas of valence and 
electronic structure. 

Oxidation is defined as the loss of electrons, reduction as 
the gain of electrons. When we burn sodium in chlorine, the 
reaction converts the sodium atom into a sodium ion with 
a valence of +1. 


2Na + Cle 2Na+ + 2Cl- 


Suppose we write this equation in two parts, one part deal- 
ing with the change that occurs in the sodium and the other 
part dealing with the chlorine: 


2Na— 2Nat+ + 2 electrons 
Cl. + 2 electrons > 2Cl— 


(oxidation ) 
(reduction ) 


The sodium atom in this example of oxidation must lose one 
electron from its outer valence level to achieve electronic 
stability, and each chlorine atom gains an electron in a re- 
duction process. Thus, when iron rusts—that is, when it 
reacts with oxygen—the iron becomes oxidized and the oxy- 
gen becomes reduced. 

The loss-gain concept of oxidation-reduction explains why 
these two processes occur simultaneously. For a chemical 
reaction to occur, one substance must be ready to receive 
the electrons of another substance. In the electrolysis reac- 
tions of Faraday in Fig. 14-13, the oxidation-reduction proc- 
ess works like this: The passage of an electrical current 
through the molten sodium chloride breaks up the com- 
pound into its free elements by restoring the electrons in 
the chloride ions to the sodium ions. The net effect is oxida- 
tion of the chloride ion and reduction of the sodium ion; 
for each atom of chlorine formed there is one atom of sodium 
formed. 

The oxidation-reduction process is the key that unlocks 
metals from their impurities. Most metals, particularly the 
more reactive ones, occur naturally in the oxidized state: 
Tron, aluminum, and tin ores are essentially oxidés of these 
metals. To obtain the free element from these ores, electrons 
must be restored to the metal ions to change them into metal 
atoms. Since we are primarily concerned with the metal, we 
usually call this process reduction, although there will neces- 
sarily be an oxidation reaction that accompanies it. 

The two common methods of restoring electrons to metal 
ions are: electrolysis and chemical reduction. Aluminum is 
usually obtained from its oxide by electrolyzing a solution 
of aluminum oxide in molten cryolite, a sodium-aluminum 
fluoride salt. Electrons are restored to the aluminum ion at 
the cathode, and electrons are taken away from the oxygen 
at the anode. Iron, on the other hand, is usually obtained 
from its oxide by reducing it, not with an electrical current, 
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Fig. 14-13. Electrolysis of molten sodium 
chloride, showing the oxidation 
of the chloride ion and the re- 
duction of the sodium ion. 
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but with carbon, which at high temperatures combines with 
the oxygen in the iron oxide. The carbon undergoes oxida- 
tion and the iron undergoes reduction; 


Fe.03 + 3C > 2Fe + 300 


The reduction of iron oxide is carried out in huge blast 
furnaces that provide us with the iron and steel our modern 
civilization requires. In a similar way, tin is obtained from 
tin oxide by reducing it with carbon: 


SnO: + C —> Sn + CO» 


Here, as the tin is reduced, the carbon is oxidized to its oxide, 
and, since the oxygen in this reaction keeps its same valence, 
it undergoes neither oxidation nor reduction. 

Corrosion of metals is the reverse of the processes de- 
scribed above. Iron, when exposed to the atmosphere, re- 
turns to its more stable condition by oxidizing to rust. After 
aluminum, magnesium, zinc, and many other metals are 
freed from their ores, they do not long remain bright and 
untarnished but undergo oxidation into compounds similar 
to those that occur naturally, Even those metals, such as 
copper, that are well down in the reactivity series slowly 
corrode. A copper penny, heated in a bunsen flame, will soon 
form a red coating, cuprous oxide, CuO, and then a black 
coating, cupric oxide, CuO, as more oxygen reacts with it. 
These two compounds represent two stages in the return of 
copper metal to its most stable valence in nature, +2. 

Oxidation and reduction occur in many natural processes. 
Iron near the surface of the earth is oxidized to a valence 
of +3, but as we go below the earth’s crust and into the 
warmer parts of the earth’s interior, it is reduced to a valence 
of +2 or even zero (free iron). This change in valence is 
revealed by rocks, freshly exposed by erosion or volcanic 
activity, that are soon oxidized by the atmosphere into red, 
yellow, brown, green, or black colored rocks. Although water 
affects these colors to some extent, most of the color of rocks 
is caused by iron undergoing various degrees of oxidation. 
The presence of iron compounds in the rocky walls of the 
Grand Canyon of the Colorado River produces the brilliant 
hues that create that breathtaking spectacle, and the yellow 
iron compounds in the rock along the Yellowstone Canyon 
account for the name of this famous beauty spot in north- 
western Wyoming. Hardly a mountainous state is without 
its favorite “Red Mountain,” because iron, even in small 
quantities, is a very colorful element. 


14-9 Summary 


The atomic radii of the elements are periodic properties, 
and the largest atoms in a period lose their outer . 
as measured by their ionization potential, more easily t an 
do the smaller atoms. The smaller atoms tend to gain or 
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share electrons, and the number of electrons gained, lost, 
or contributed to a shared pair of electrons is called the va- 
lence of the element. 

Faraday’s laws of electrolysis show the relationship be- 
tween the amount of electrical current and the number of 
chemical equivalents that undergo chemical change in elec- 
trolysis. 

Electrovalence is the transfer of electrons from one ele- 
ment to another, producing ions in the process, and thus 
forming an electrovalent compound. 

Covalence is the sharing of electrons between two atoms, 
with each atom furnishing an electron, and thus forming a 
chemical bond that holds these atoms together in a molecule. 

Coordinate valence is the sharing of electrons between 
two atoms where one atom supplies both electrons for the 
bond. In both covalence and coordinate valence, the bond 
consists of the mutual sharing of one or more pairs of elec- 
trons by the two atoms involved in the bond. 

The hydrogen bond is an electrostatic bond of a unique 
nature that arises from the imbalance of electrical charges 
in molecules that contain hydrogen bonded with oxygen, 
nitrogen, or fluorine. These special bonds account for many 
of the unusual properties of water as well as for the be- 
havior of many complex substances, such as proteins. 

Radicals are groups of atoms that act as a single atom or 
ion in many chemical reactions. 

Oxidation is the loss of electrons, and reduction is the 
gain of electrons. These reactions occur simultaneously in 
all chemical reactions whenever there is a change in valence. 


EXERCISES 


A. KEY TERMS TO REMEMBER 


atomic radii electronegatiyity ionization potential 
coordinate valence electrovalence oxidation 
coordination number equivalent weight radical 

covalence faraday reduction 

dipolar molecule Faraday’s laws valence 

electrolysis hydrogen bond 

electron affinity ion 


B. QUESTIONS ABOUT CHEMICAL BONDS 


1. Draw diagrams of the following ions, showing the electrons 
that are lost or gained by the original atom in each case: Li+, 
Nat Catt Mgt+. Alt++, Cl-, F-, Br-, O-, S-—, and 
2 


2. Arrange the following elements in decreasing order accord- 
ing to their ionization potentials: Na, Mg, Al, Cl, P, Si. 


3. Which is the larger in each of the following pairs: Na or 
Nat, Cl or CI-, S or S~-, Al or Al+++? 
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4, On the basis of electronegativity, which of the following are 
bonded primarily by electrovalence or ionic valence, which by 
covalence: LiCl, LiH, CaO, SiO}, AIP, CH,, and H,O? 


5. Make electronic diagrams of the following electrovalent com- 
pounds, showing the electrons that are transferred in forming the 
molecule from the atoms: LiF, MF, AlF} CaCl, CaO, and 
CagPg. 


6. Show the electronic structure of the following covalent mole- 
cules: Hz, Fa, Cla, CHa, CCl, CO2, NI, and Has. 


7. Write formulas based on the valence of the radicals in each 
of the following: sodium nitrate, potassium sulfate, calcium sul- 
fate, magnesium nitrate, silver nitrate, aluminum phosphate, 
ammonium sulfide, ammonium carbonate, ammonium nitrate, and 
ammonium phosphate. 


8, Explain why a radical such as the sulfate ion does not occur 
free in nature, but is associated with an ion of positive charge, 
such as calcium. 


9. Explain why oxidation and reduction reactions always ac- 
company each other. 


10. In the following reactions, point out the elements that 
undergo oxidation and the ones that undergo reduction: 


2Zn + O, 220 FeO; + 3H; > 2Fe + 3H,0 


2H; + Og > 2H,O Cu + Cl, > CuCl, 
2Ca + O, 2CaO 2Au,0, 4Au + 30, 
2Na + Cl, > 2NaCl ZnO + C > Zn + CO 


C. PROBLEMS ABOUT CHEMICAL BONDS 


I. If 1000 coulombs are passed through an electrolysis cell 
where the reaction Ag+ + e~ — Ag“ occurs, what weight of 
silver is formed at one of the electrodes? 


2. Classify the following substances as polar, nonpolar, or ionic: 
CO,, a linear molecule with the structure O=C=O. 
H,O, an angular molecule. 


KCl 
CH,, a tetrahedral molecule with carbon at the center. 


SO., an angular molecule. 
CH,OH, a tetrahedral molecule with carbon at the center 


and an OH radical at one of the corners. 


me Bors 


3. Show the compounds that can occur between Li, Na, and K 
and the elements F, Cl, and Br in the order of their stability as 
judged from Tables 14-4 and 14-5 and Fig, 14-2. 
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Ae react with one another, as we have just seen, pri- 

marily by two processes—electrovalence and covalence. 
These two processes are fundamentally different, and we 
can therefore expect to find significant differences between 
the groups of substances formed by each of them. 

Since substances formed by electrovalence, or electron 
transfer, are composed of ions, they are sometimes called 
ionic substances. Although there are several types of ionic 
substances, depending upon their properties, it will simplify 
the study of them if we break them down into oxides, acids, 
bases, and salts. Before we examine these types of substances, 
however, let us acquaint ourselves with some of the general 
properties of ionic substances. 


15-1 Electrolytes Fig. 15-1. An apparatus for testing the 
electrical conductivity of liquids 
and solutions. 


All ionic substances are capable of conducting electricity, 
hence, we call these substances electrolytes (from the Greek, 
meaning to be decomposed by electricity). Ordinary salt 
(sodium chloride) does not conduct electricity because its 
ions are held rigidly in place in the salt crystal. However, if 
salt is melted we can pass an electrical current through it 
quite easily, as indicated by the glow of the lamp in Fig. 
15-1. Sugar, on the other hand, will not conduct electricity 
even when it is melted, which is proof that sugar is not an 
ionic substance, 

When we dissolve some salt in one container of water 
and some sugar in another, and again test their ability to 


conduct electricity, we will see that the salt solution con- 90 0500 a 
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ducts electricity readily but that the sugar solution fails to 
conduct any at all. Thus, we have an easy method for classi- 
fying a substance as either an electrolyte or a nonelectro- 
lyte—we simply test its ability to carry electricity either 
when melted or in solution, From similar experiments we 
would find that baking soda (sodium bicarbonate), blue 
vitrol (copper sulfate) and alum (an aluminum salt) are 
electrolytes, but that gasoline, paraffin, and alcohol are non- 
electrolytes. 

In addition to the ability of ionic substances to carry elec- 
tricity, they also exert an abnormal effect upon the freezing 
point of the liquids in which they are dissolved. For in- 
stance, if we dissolve one mole—6.02 X 10 molecules—of 
sugar in one liter of water, the resulting sugar solution 
freezes at —1.86°C. That is, the presence of a mole of sugar 
molecules in a liter of water depresses the freezing point 
1.86 below the freezing point of pure water. But, if a mole 
of salt is dissolved in a liter of water, the freezing point is 
abnormally depressed to —3.48°C, which is about twice as 
low as that caused by sugar. Apparently a mole of salt is 
about twice as effective as a mole of sugar in depressing the 
freezing point of water. The freezing point of other liquids 
in which these substances may be dissolved is similarly af- 
fected. 

Another property of ionic substances, in contrast to co- 
valent substances, is the high speed with which they react 
with each other, For example, solutions of sodium chloride 
and of silver nitrate, both electrolytes, react instantly when 
mixed together, producing a white, curdy precipitate of 
silver chloride. It is impossible to measure the time interval 
between the mixing of these two and the appearance of the 
white product. Sugar, on the other hand, takes part in re- 
actions that are measurably slower; it can be burned in a 
few seconds, digested in a few minutes, or fermented in 
several days. Thus, in general, ionic substances react readily, 
but nonionic substances react slowly. 

When these three properties of electrolytes were first rec- 
ognized, scientists proposed various theories to explain them, 
but the first successful theory to account for the differences 
between electrolytes and nonelectrolytes was formulated by 
a Swedish chemist, Svante Arrhenius, in 1887. Arrhenius pro- 
posed that electrolytes in solution are dissociated into ions 
when an electrical current is passed through them. We know 
now, of course, that these ions are produced by a gain or 
loss of electrons from atoms or radicals, but the remarkable 
thing about Arrhenius’ theory was that it was proposed many 
years before anything was known about atomic structure or 
electron gains and losses. When his theory was ee 
it was eagerly tested and angrily discussed, and although 
its discoverer was ridiculed, even by his own professors, the 
ionization theory withstood the assault because it not only 
explained the facts known at that time but predicted many 
that were subsequently discovered. 
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consequently, the original Arrhenius theory has had to be 
in order to account for what we know about elec 


electricity, to lower the freezing point of water, and 
to react quickly with each other—are explained by the mod- 
em theory in this way: 

1, Electrolytes, either when melted or in solution, are 
composed of positive and negative ions. When an electrical 
current is passed through such a system, the positive ions 
move toward the cathode (negative pole) and the negative 
fons move toward the anode (positive pole) where they un- 
dergo oxidation or reduction by gaining or losing electrons, 
It is the movement of these charged particles, the ions, that 
is essentially an electrical current (see Fig. 14-13), Thus the 
Arrhenius theory explains how an electrolyte conducts elec- 
tricity, The quantity of ions migrating and plating out at 
the electrodes has already been described by Faraday's laws. 
The degree of electrical conductivity of an electrolyte, dis- 
solved or melted, is proportional to the freedom of motion 
of its fons—the freer they are the greater is their capacity 
to conduct electricity. 

2 The abnormal effect of an electrolyte upon the froez- 
ing point of a liquid is also explained by the theory of 
electrolytes, The presence of dissolved material in a liquid 
with the freezing process by making it necessary 

ordinary point before 
We saw above that a mole of salt de- 
point almost twice as much as does a 
in the same quantity of water, The explana- 
difference is that the salt acts almost as if it 
ionized. Thus, a mole of salt contains 2 x 
10” lons, while a mole of sugar contains only 6.02 x 
Apparently, ions and molecules are equally 
effective as depressants of the freezing point, and as a re 
sult a mole of salt interferes with the freezing process twice 
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NaCl + AgNO, =» AgCl| -+ NaNO, 
All the substances in this reaction are tonic and, except for 
the silver chloride, very soluble. For the three substances 
that are both soluble and ionic it would be more nearly cor- 
tect to show them in their ionic form: 


Nat + CI- Agt + NO. — AgCI} + Na* No. 
Since nothing happens to the sodium ions and the nitrate 
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tons they undergo no chemical change whatever—the agus- 
tion can be simplified to show only the change thet 
betwren the silver ton and the chloride tomy 
Ag* + Chm = AgQy 

This equation relates all that happens cheenioally—the sher 
iom interact with the chloride ions to form imaluble siver 
chloride Once we have arrived at the simple ohne 
for the reaction between silver nitrate and bowtie, 
we can readily see that this reaction — aykumis 
tion of positive and negative ions with each Once the 
two reactants are 1 — dnw 
ions of opposite charge * 
instantly, Hence, the theory of electrolytes, which bakk thet 
sodium chloride and silver nitrate are composed of loas, om 
plains why ionic substances react instantly with exch other, 

i Before concluding our consideration of the madera 
theory of electrolytes, we should examine one more 
namely, that there are noticeable exceptions that my 
plicate the picture unless the weg d 
derstood. For instance, we mw 
chloride does not lower the freezing 
much as a mole of sugar, If the 
into ions, they should be free to move 
cach other, and they should lower 
twice as much as the sugar does, 
that the salt is not completely ionized? 
simplest assumption to make, and one that 
but modern study of this parata given w 
quate explanation, which i imputan 
has been made in the Arrhenius theory. The 
is that the slight 
is due to the 2 
charge, Let us at wohution. 

In sodium chloride sokutions, all the sodham chloride male- 
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spaced and exert such a large force of attraction on one 
another that the ions lose much of their ability to act inde- 
pendently. 

In summary, the behavior of ordinary ionic substances is 
best explained by considering them as substances completely 
dissociated into ions. Coulombic forces between the ions do, 
however, cause some deviations from what we would expect 
of a substance that is entirely ionic, and these coulombic 
forces are most noticeable in solutions of high concentrations. 


15-2 Solutions of lonic Substances 


Since many of the important properties of ionic substances 
become evident only when they are dissolved in water or 
other suitable liquids, let us examine briefly the character- 
istics of a solution. A solution is a mixture in which two or 
more substances are uniformly dispersed or distributed 
among one another on a molecular or ionic scale—that is, 
the molecules or ions of the substances involved are homo- 
geneously distributed among each other in the solution. Be- 
cause a solution is uniform and homogeneous it is the same 
throughout in color, density, taste, odor, and so forth, When 
salt is dissolved in water, we speak of the salt as the solute 
and the water as the solvent. Solutions may be dilute or 
concentrated, depending upon the relative amounts of solute 
and solvent. Molasses, a solution of sugars in water, is a 
concentrated solution, but ordinary drinking water, even 
though it may be very hard water, is only a dilute solution. 

A solution is unsaturated when it is capable of dissolving 
still more of the solute; if a solution can dissolve no more 
solute when there is extra, undissolved solute present, it is 
said to be saturated. Most substances become more soluble 
when their temperatures are increased. If we make a satu- 
rated solution at a high temperature and then slowly cool 
it, for example, we may succeed in forming a solution, called 
a supersaturated solution, that may contain several times as 
much solute as a saturated solution of the same substance. 
A supersaturated solution is not a stable system; a slight jar 
or the addition of a speck of dust or a small crystal of the 
solute usually causes the excess solute to come out of solu- 
tion, After the excess solute is removed from the solution, 
the resulting solution is merely a saturated solution. 

The explanation of how an ionic substance dissolves is 
one of the more interesting achievements of scientific theory. 
Let us consider for a moment what happens when we add 
some ordinary salt to a container of water. You will recall 
that water has a dipole nature and that the sodium chlo- 
ride crystal has an ionic structure. The water “wets” the 
surface of the salt crystal because the water molecules and 
salt ions attract each other. In other words, the water dipoles 
orient themselves about the edges and corners of the salt 
crystal (Fig. 15-3), and, since forces of attraction between 
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Fig. 15-3. The dissolving action of water S 2 ®© 
upon sodium chloride. NaCl crystal 


the water dipoles and the ion in the crystal are sufficient 
to overcome the coulombic forces that hold the crystal to- 
gether, the crystal of salt is gradually torn apart ion by ion. 
The ions that are dissolved are kept separate from one an- 
other by the numerous water molecules. 

The extent to which a substance will dissolve in water is 
determined by the ability of the water dipoles to overcome 
the forces that hold the crystal together, and in this process, 
the valence of the ions, their size, and their ability to co- 
ordinate with the water molecule are the controlling factors. 
Almost all sodium salts are soluble in water to an appreciable 
extent because the sodium ion is readily surrounded by 
water dipoles and pulled away from the crystal. Many cal- 
cium salts, on the other hand, are insoluble or only slightly 
soluble because the valence of the calcium ion (+2) and 
its smaller size produce such strong coulombic forces in the 
crystals of calcium salts that the water dipoles are not 
capable of pulling the calcium ion out of the crystal. 

Copper sulfide is another relatively insoluble substance. 
Only about fifty molecules of it will dissolve in a liter of 
water, because if a liter of water ever contains any more 
than about fifty copper ions and fifty sulfide ions at the same 
time, the excess ions will reunite to form a crystal of copper 
sulfide, Thus, a saturated solution of copper sulfide is in- 
deed a dilute solution. 

Nonionic substances, such as oil, wood, gasoline, cotton, 
and glass, are not soluble in water. A few nonionic sub- 
stances such as alcohol and sugar, however, are soluble in 
water because their molecules are dipoles similar to water, 
and we often find a high degree of solubility among those 
substances that have similar dipolar properties. These di- 
polar properties arise in molecules that are unbalanced or 
unsymmetrical with respect to the atoms of which they are 
made. On the other hand, nonionic substances such as gaso- 
line and paraffin, even though lacking dipolar properties, 
are soluble in each other because they are composed of mole- 
cules whose atomic arrangements are similar. In this case, 
the dissolving action is more or less a mechanical mixing 
process, with coulombic forces acting at a minimum. In 
short, we are safe in saying that like dissolves like—that ionic 
and dipolar substances are mutually soluble, and that non- 
ionic, nondipolar substances are also mutually soluble. How- 
ever, there is little tendency for substances in the first group 
to be soluble with substances in the second group. 
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15-3 Oxides 


Oxygen combines with most of the elements—metals as 
well as nonmetals—to form oxides. Since oxygen is every- 
where present in the atmosphere and in the upper parts of 
the earth’s crust, oxides are very abundant. In its oxides, 
oxygen has a valence of —2 because it requires two electrons 
to reach electronic stability. The valence of oxygen is so 
dependable that it has long been used as a means of identi- 
fying the valence and equivalent weight of many other ele- 
ments. 

The stability of oxides varies depending upon the reac- 
tivity of the other element present in the oxide. Oxides of 
those metals at the top of the reactivity series are extremely 
stable; the oxides of magnesium and aluminum, for instance, 
are used as refractories or insulation lining in extremely high- 
temperature furnaces. Sand is silicon dioxide, another very 
stable oxide. Many oxides of the less reactive elements, on 
the other hand, are unstable and can be decomposed easily 
by heat. The oxide of mercury is of particular interest in 
this respect since it provided the first means of producing 
pure oxygen in the laboratory. Joseph Priestley, the English 
clergyman who pursued chemistry as a hobby, in 1774 pro- 
duced oxygen by the simple process: 


2HgO + heat 2Hg + O2 


He found that silver and gold oxides, upon heating, decom- 
pose into oxygen and the free metal. 

Oxides are formed much more rapidly in pure oxygen 
than in atmospheric oxygen, which is diluted by nitrogen 
and other inactive gases. Priestley noted, for instance, that 
the pure oxygen he produced from mercury oxide caused a 
candle to burn with a remarkably brilliant and vigorous 
flame. This ability of pure oxygen to speed up the rate of 
burning is applied in several useful operations, one of which 
is cutting through iron and steel by means of an oxygen 
torch. The iron is first heated to redness with a regular flame, 
and then pure oxygen is forced onto the hot iron, causing 
the iron literally to burn up in the pure oxygen, forming iron 
oxide. Much of the pure oxygen produced commercially is 
used in oxygen cutting torches, which can easily burn 
through steel plates up to 12 inches thick. 


15-4 Acids 


For our present purposes, we can say that an acid is any 
substance that ionizes in solution to form hydrogen ions. 
It is also useful to classify those substances as acids that 
produce a distinctive effect upon many: dyes. For example, 
litmus, a naturally occurring dye, is turned red by an acid. 
To acquaint you with this type of substance, several com- 
mon acids and their formulas are listed: 
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Hydrochloric acid HCI 

Sulfuric acid H,SO, 
Nitric acid HNO, 
Carbonic acid HCO; 
Phosphoric acid HPO, 


The sour taste of many foods is due to the presence of 
certain acids in them: vinegar is a dilute solution of acetic 
acid; rhubarb contains oxalic acid; and citrus fruits contain 
citric acid. Even a very dilute solution of an otherwise strong 
acid such as sulfuric acid tastes sour. A dilute solution of 
hydrochloric acid is an important factor in our digestive sys- 
tem; in fact, some people who cannot digest their food 
properly must supplement their natural supply of this acid 
by adding a small amount of hydrochloric acid to their diet. 

In the above list of acids you will note that there are two 
groups of acids—one containing only two elements, hy- 
drogen and a nonmetal, and another containing three ele- 
ments, hydrogen, oxygen, and a central nonmetallic element. 
There is an important relationship between acids and the 
position of these nonmetals in the periodic table. Indeed, to 
make a deliberate pun, the “acid test” of a nonmetal is the 
strength of the acid it forms when present in an acid—that 
is, as a general rule, the most active nonmetals form the 
strongest or most highly ionized acids. The elements in the 
upper right of the periodic table, consequently, form acids 
as binary compounds with hydrogen—HF, HCl, H.S and 
so on—or as the central element in acids containing oxygen. 

Now let us examine an acid in more detail in order to as- 
certain the factors that influence its acidic properties. Strong 
acids, such as hydrochloric acid, are highly ionized when 
in solution, as indicated by their ability to conduct electricity 
easily, Conventionally, the ionization of the hydrogen chlo- 
ride molecule is shown in the equation: 


HCI H+ + Cl- 


Supposedly, it is the hydrogen ion and the chloride ion that 
account for the electrical conductivity of hydrochloric acid, 
and these ions are produced only when the acid is dissolved 
in water or other polar solvent. Pure hydrogen chloride alone 
is a nonelectrolyte, as are most other acids when not in solu- 
tion, 

Evidently, there is a reaction between the acid and the 


solvent, and, where the acid is present in an aqueous solu- 
tion, the ionization process is actually brought about by the 


ability of the water molecule to pull the hydrogen ion away 
from the chloride ion: 


which in formula form is: 
H:O + HCI HO + Cl- 
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It is probably the resulting hydronium ion, H,O+, that is 
responsible for the distinctive properties of an acid. An 
analysis of a solution of an acid once again reveals the unique 
behavior of water: water is an excellent solvent for acids 
because it is capable of causing an acid to undergo ioniza- 
tion. 

Acids vary greatly in their ability to conduct electricity, 
Pure acids—that is, those that are not dissolved in water— 
are poor conductors of electricity because they are nonionic. 
All acids, however, form hydronium ions when they react 
with water and are thus able to conduct at least some elec- 
tricity. Acids that ionize to a great extent in water are called 
strong acids, and they readily conduct electricity: some of 
these acids are hydrochloric, sulfuric, and nitric acids, Most 
acids do not ionize extensively in water and are therefore 
weak acids; their solutions are poor conductors of electricity 
because the water coordinates with only part of the hydro- 
gen ions and the other molecules of the acid remain asso- 
ciated. Acetic acid is a weak acid: in vinegar less than 1 per 
cent of the molecules of acetic acid are ionized; the rest of 
the molecules remain as undissociated, nonionic molecules. 


15-5 Bases 


Bases are compounds that are the counterparts of acids. 
They are electrolytes when in solution, but they ionize to 
give a metallic ion and the hydroxyl ion (OH-). They taste 
bitter or brackish and are capable of producing distinctive 
effects upon dyes, but opposite effects to those produced by 
acids, Litmus, for example, is turned blue by a base, and 
consequently this dye is commonly used to identify the 
presence of either an acid or a. base. In the periodic table, 
the strongest bases are formed by the metals on the far left 
side of the table. In fact, the true measure of a metallic ele- 
ment is the strength of the base it forms in water—that is, 
the most metallic elements form the strongest bases. 

Upon more careful examination of acids and bases, we 
find that the conventional idea of these substances may mis- 
lead us at times. For instance, a particular substance may 
act as an acid at one time and as a base at another, In order 
to arrive at a more dependable idea of these two kinds of 
chemicals many generalized concepts have heen advanced 
in recent years that achieve a more useful definition of them. 
Let us examine briefly two of these modern concepts and 
apply them to common acids and bases. 

According to Bronsted, a modern Danish chemist, all sub- 
stances that can furnish a proton are acids, and all substances 
that can combine with a proton are bases. Thus, an acid is 
a proton donor and a base is a proton acceptor, and in equa- 
tion form these definitions may be expressed: 


acid > H+ + base 
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and: 
base + H+ — acid 


Note that the remaining part of an acid, after it gives up a 
proton, is a base, and that when a base reacts with a proton 
an acid is formed. The essential difference between an acid 
and a base is the proton—the acid has it, the base does not. 

A second modern theory of acids, proposed by G. N. Lewis 
of the University of California, is that an acid is any sub- 
stance that can form a covalent bond by accepting a pair of 
electrons, Conversely, a base is a substance that can donate 
a pair of electrons to form a covalent bond. This concept, 
although quite useful for nonaqueous as well as aqueous 
solutions, is somewhat beyond our interest in this book. 
Fortunately, we shall find the idea embodied in the hydro- 
gen ion-hydroxyl ion view of acids and bases quite sufficient 
for an understanding of neutralization, which is the most 
common reaction of acids and bases in aqueous solutions. 
However, the two generalized theories of acids and bases— 
the Brgnsted and the Lewis concepts—represent attempts 
to simplify the picture of acids and bases. Let us hold these 
ideas in mind as we turn to the interaction of acids and 
bases. 


15-6 Neutralization of Acids and Bases 


Since acids and bases have opposite natures—acids are 
proton donors and bases are proton acceptors—when we 
add an acid to a base a proton is transferred from the acid 
to the base. This transfer of the proton is called neutraliza- 
tion because the typical properties of both the acid and the 
base are mutually neutralized or changed. This process of 
proton transfer is similar to oxidation-reduction, in which 
electrons move from the oxidized to the reduced substance, 
and a new set of properties is produced. s 

Let us examine the neutralization reaction in more detail 
by considering a particular example. If we add an acid such 
as hydrochloric acid to a common base, such as sodium hy- 
droxide, we observe an immediate reaction in which ordi- 
nary salt and water are formed: 

HCl + NaOH > NaCl + HO 
acid base salt water 


Both in the laboratory and in nature, the neutralization of 


acids and bases commonly produces a salt and water. It is 
readily apparent that the water is formed by a proton 5 
nated by the acid combining with the hydroxyl in the m 
The remaining ions—the chloride ion from the acid and the 
sodium ion from the base—are left over insofar as the neu- 
tralization reaction is concerned, and the combination of 
two such ions is called a salt. The Brønsted theory makes no 
provision for defining a salt, but in the conventional manner, 
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we usually call a salt a substance composed of a metal ion 
and a nonmetallic ion, The neutralization process is only 
one way in which a salt can be made. 

That the neutralization of all bases by any acid is essen- 
tially the simple process above is shown when we measure 
the amount of energy involved. If equivalent amounts of 
any strong acid and any strong base are mixed together, the 
quantity of energy released by each of these neutralization 
reactions is, within experimental error, the same. The follow- 
ing list of reactions shows the amount of energy, in joules, 
accompanying the neutralization of various acids by various 
bases, all of which are strong electrolytes: 


HCl + NaOH —> NaCl + H20 + 57,500 joules 
HI + NaOH — Nal + H2O + 57,400 joules 
HCl + KOH > KCI + H2O + 57,600 joules 

HNO; + NaOH — NaNO; + HzO + 57,300 joules 


Since, within experimental error, the same amount of energy 
is released by each of these neutralization reactions, we may 
conclude that the same kind of reaction occurs in each case. 
In spite of the fact that different salts are formed in the four 
cases above, it is evident that the primary reaction in neu- 
tralization is the interaction of hydrogen and hydroxyl ions, 
and that when equivalent amounts of these ions react with 
each other we can expect the liberation, on the average, of 
57,500 joules of energy. 

For equivalent quantities of weak acids and weak bases, 
the amount of energy released is less than 57,500 joules. The 
reason for this becomes evident if we recall that weak acids, 
such as acetic acid, are only slightly ionized. Before these 
weak acids can be completely neutralized, they must become 
ionized, a process that uses up energy. If we add a small 
amount of base to acetic acid, the ionized acid is immedi- 
ately neutralized (giving off energy), and some of the asso- 
ciated acids ionize (using up energy). As we continue to 
add base, the acid is both neutralized and further ionized, 
with the result that the total neutralization process involves 
a net amount of energy that is less than that produced by 
neutralization alone. For the neutralization of acetic acid by 
sodium hydroxide, for instance, the energy of neutralization is 
56,000 joules. 


15-7 Salts 


As we have seen in the previous section, a salt is a com- 
pound composed of a positive metal ion and a negative non- 
metallic ion. Since salts constitute both a large and useful 
group of chemical substances, many of which may be fa- 
miliar to us in everyday experience, let us first consider how 
they can be made. There are primarily three different 
methods by which a salt may be produced, two of which 
you are already acquainted with: 
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1. It, along with water, is produced in the neutralization 
of an acid and a base. 

2. It is the compound that is formed between a metal 
and a nonmetal by electron transfer. 

3. It is often the result of a reaction between a metallic 
oxide and a nonmetallic oxide. Calcium carbonate, for ex- 
ample, may be produced by this method: 


CaO + CO: — CaCO; 


calcium carbon calcium 
oxide dioxide carbonate 
Salts occur both in solid form and in solution. Sometimes, 
when a solution of a salt is evaporated, the residue of salt 
still contains a certain amount of water, held to it by co- 
ordination bonds (p. 271), and that salt is called a hydrate. 
Since there is a definite relationship between the amount of 
water and the amount of salt in these hydrates, these systems 
should, and do, obey the law of definite proportions. For 
example, blue vitriol always contains 36 per cent water of 
hydration, and epsom salt contains 51 per cent water of hy- 
dration, In the true sense of a chemical compound, these 
hydrated salts exhibit a definite composition. In writing the 
formulas for these salts, it is customary to show the presence 
of the water in the hydrated salt: 


BaCly:2H,O Barium chloride 
CaSO,:2H,O Calcium sulfate (gypsum) 
CuSO,:5H,O Copper sulfate (blue vitriol) 
MgSO,:7H,O Magnesium sulfate (epsom salt) 
KAI(SO4)°12H,O Potassium aluminum sulfate (alum) 
Na,CO,*10H,O Sodium carbonate (washing soda) 
NazSz203· HzO Sodium thiosulfate (photographer's 
hypo) 


Ordinary table salt, NaCl, however, along with many other 
salts, does not contain coordinated water, and even the hy- 
drated salts may lose their coordinated water if sufficiently 
warmed, Such dehydrated salts are called anhydrous salts. 

In addition to the salts listed above, some salts—called 
acid salts—are produced by the partial neutralization of an 
acid with a base. Every day we are likely to encounter some 
of these, one of which, baking soda (sodium acid carbonate, 
or sodium bicarbonate) results from the neutralization of 
carbonic acid with sodium hydroxide: 


NaOH + H:C0; > NaHCO; + H:0 


Other common acid salts are: 


KHC,H,O¢ Potassium acid tartrate (cream of tartar) 
NaHSO, Sodium acid sulfate (sodium bisulfate) 


When we reverse the process and partially neutralize a base 


by an acid, we produce a basic salt: 
CuzCO; (OH): Basic copper carbonate ( malachite, patina) 
Pb,CO,(OH), Basie lead carbonate (white lead) 
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Salts are a common type of compound. It has been esti- 
mated that over 30,000 different salts are known, and their 
composition and many of their properties as well. From A 
to Z, from aluminum to zirconium, the various metals supply 
the positive metal ion, and among the nonmetals and com- 
binations of them there are at least 500 negative nonmetallic 
ions. It is evident that there are many possible combinations, 
using these positive and negative ions. Salts range from such 
simple and common ones as sodium chloride and calcium 
carbonate (the abrasive in your toothpaste) to such complex 
ones as antimony] potassium tartrate hemihydrate (tartar 
emetic) and ferric ferrocyanide (Prussian blue, used as 
laundry blueing). Most of these many salts have little or no 
practical use, yet they constitute the achievement of many 
chemists who have pursued the strong human urge to create 
something new. And occasionally, surprisingly enough, one 
of these rare substances is pushed into prominence by a sud- 
den discovery of its potential usefulness. Such has been the 
case with sodium fluoride (reduces dental decay) and zir- 
conium oxide (protects against poison ivy and poison oak). 


15-8 The pH of Water 


The behavior of acids, bases, and salts is greatly influenced 
by the acid-base properties of water. To consider these types 
of ionic substances without considering the ionic properties 
of water would be to leave out some of the most crucial as- 
pects of ionization. Up to now we have pictured water as 
primarily a covalent substance: The two hydrogen atoms are 
bonded by electron sharing to the central oxygen atom in 
the water molecule, But we cannot always draw a sharp line 
between covalent and electrovalent substances. Although 
water acts mostly as a covalent substance, it also has a cer- 
tain amount of ionic character, and if we study the electrical 
conductivity of water with a sufficiently sensitive apparatus, 
we will find that water ionizes to a slight extent according 
to the equation: 


H:O > H+ + OH- 


A liter of pure water at room temperature contains 1 X 10-7 
moles of hydrogen ions and an equal quantity of hydroxyl 
ions. This means that in a liter of pure water there are 
1 X 10~* times 6.02 X 1028 or approximately 6 X 1016 hy- 
drogen ions and a similar quantity of hydroxyl ions, which 
represents less than 0.0000002 per cent ionization, but is 
enough to affect the properties of water. 

The number of ions in pure water is insufficient for it to 
be an electrolyte, and since it contains an equal number of 
hydrogen ions and hydroxyl ions, it is neither an acid nor 
a base. When an acid is added to water the hydrogen ion 
concentration is increased, and at the same time the hy- 
droxyl ion concentration is decreased, but never becomes 
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zero. An important relationship—called the ion product of 
water—exists between the relative amounts of these two ions 
that are contained in pure water or in solutions of either 
acids or bases in water. This relationship is based on the 
product of the molar concentrations of the hydrogen and the 
hyroxyl ions at room temperature, which is 108. 
In pure water the concentrations of hydrogen and hy- 
droxyl ions are equal: 
Cat X Con- =1 x Io 
Thus, since water is neutral: 
Can leet 
and: 
Core — 10st 
Suppose we add enough acid to raise the hydrogen ion con- 
centration to 1 mole per liter. Then: 
Cru 
and: 
Cong = LX 10 
Or, if we add a base to water to bring the hydroxyl ion con- 
centration up to 0.1 mole per liter: 
Cong me 
and: 
Carlee 
Since water is of strategic importance in many laboratory 
and natural processes and also in living organisms, scientists 
have devised a more convenient way to express its hydrogen 


ion concentration than that used above. By using a so-called 
pH unit, which is the negative exponent of the hydrogen 


TABLE 15-1 
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ion concentration of a water solution, this concentration can 
be quickly designated. The relationship between pH units 
and acidic, basic, and neutral systems is shown in Table 15-1. 
These pH units are widely used in medicine, agriculture, 
industry, scientific research—indeed wherever water solu- 
tions are studied. In medical examinations, for instance, the 
technician measures the pH of the blood, the urine, the 
gastric juices, and other body fluids in order to make a com- 
plete diagnosis of the patient. In agriculture, the pH of the 
soil is of primary importance in determining its fertility. 


15-9 Hydrolysis 


In addition to the unusual ability of water to dissolve 
many ionic substances, water has the unique property of 
being able to react chemically with many of these substances. 
To the small extent that it ionizes, water is capable of re- 
acting quite vigorously with a substance, and when it does 
we say that the process called hydrolysis takes place. 

Hydrolysis occurs most commonly between water and a 
salt that is made from either a weak acid or a weak base. 
For example, sodium carbonate hydrolyzes readily because 
this salt may be produced from sodium hydroxide (a strong 
base) and carbonic acid (a weak acid). When sodium car- 
bonate is dissolved in water, a solution is obtained that has 
a very high pH, which means that it is a basic solution. This 
reaction may be explained by the equation for the hydrolysis 
reaction: 


NaCO; + H:O > NaOH H.CO, 


Since the sodium hydroxide is much more ionized than the 
carbonic acid, the base is stronger than the acid. Thus, the 
sodium carbonate solution is basic. 

If we view this reaction in the light of the hydrogen- 
hydroxyl relationship, we will find that, since sodium car- 
bonate is a typical ionic substance, its ions react with water 
in the following manner (keep in mind that sodium car- 
bonate exists as ions and that the ions themselves may or 
may not react with water, depending upon their acidic or 
basic properties): 


NazCOg > 2Na+ + CO 
2Na+ + HzO = (no chemical change) 


NazCO; + 2H.0 > 2Na +t + 20H- + H:CO; 


The sodium ion does not react appreciably with water, but 
the carbonate ion is a strong proton acceptor (a base) and 
therefore takes protons from water molecules, forming car- 
bonic acid and converting the water molecules’ to hydroxyl 
ions. Thus, the net reaction that occurs when we add sodium 
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carbonate to water is the reaction of the carbonate ion with 
water: 


CO + 2H.O > HCO; + 20H- 


The solution of sodium carbonate is basic, then, because it 
contains considerable quantities of hydroxyl ions. 

Solutions of salts that are made from a weak base and a 
strong acid are acidic, and solutions of salts made from an 
acid and a base of equal strength are neutral. 


15-10 Water in Natural Processes 


Water, because of its ability to dissolve various substances, 
invariably occurs in nature as the solvent in dilute solutions. 
Even rain water, the purest form of natural water, contains 
appreciable amounts of dissolved gases such as oxygen and 
carbon dioxide, and water pumped from the ground often 
contains dissolved salts that impart to it tastes, odors, and 
other characteristics that may or may not be desirable. The 
most concentrated solutions of natural waters are in inland 
seas such as Salt Lake in Utah and the Dead Sea in Jordan. 
All these natural waters are solutions, and their behavior is 
influenced by the fact that the dissolved solutes act as acids, 
bases, or salts, Let us examine the chemical action of natural 
waters upon their environments—a process called chemical 
erosion. 

Rain water, as we noted above, is a dilute solution of dis- 
solved gases, the most important one being carbon dioxide. 
Since carbon dioxide is a nonmetallic oxide, rain water is a 
slightly acidic solution, containing carbonic acid, which, in 
turn, ionizes to a small extent: 


CO» + H,0 > HCO; > H+ + HCO,- 


Once the rain water falls to the earth it begins to attack the 
rock with which it comes in contact. One of the first rocks 
to be chemically altered is calcite or limestone (CaCOs), 
large quantities of which are eroded away in this process. 
The presence of carbonic acid in the natural water causes it 
to react with the calcite crystals which consist of calcium 
ions and carbonate ions (Fig. 15-4). Carbonic acid is suf- 
ficiently ionized to furnish appreciable quantities of hydro- 
gen ions which are attracted to the negative carbonate ions 
in the calcite crystal and which convert the carbonate ion 
(CO-) to a bicarbonate ion (HCO,~). Since the salt, 
calcium bicarbonate, is quite soluble in water, the calcite 
crystal dissolves as it is converted to the bicarbonate salt. 
The rain water, which has now seeped into the soil and 
dissolved quantities of calcium bicarbonate, is ae 
ground water, and it further dissolves water-soluble minerals, 
such as gypsum (CaSO,2H20), various sodium salts, an 
compounds, and so on. Such ground water, when pumped to 
the surface for domestic and industrial use, is given the de- 
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Rain water or ground 
water containing 
H2C03, Hz, 
C03, and Ht 


005 


Heco; Soluble ions 


Fig. 15-4. A crystal of calcite being dis- 
solved by water containing car- 
bonic acid. HCO; 


Catt 


rogatory name, hard water, because the dissolved salts, even 
though present to a small extent, are undesirable chiefly for 
two reasons: One, the dissolved salts often form deposits 
of scale on the inside of water pipes and boilers and conse- 
quently cause serious damage; and, two, the presence of ions 
such as calcium and iron destroy the cleansing action of 
soap. The calcium ion converts soap (sodium oleate, for 
example) into an insoluble scum that accounts for the ring 
around the bathtub. This chemical reaction can be written: 
2NaC;sH3302 + Ca++ = 2Nat + Ca(CisH3302)2 


solub soluble soluble insoluble scum 
(sodium oleate) (calcium oleate) 


It has been estimated that in a city of 40,000, a ton of soap 
would be destroyed daily if the typically hard water were 
not pretreated, or “softened,” before use. Fortunately, it is 
relatively inexpensive to add water softeners that either re- 
move the calcium and iron ions or render them harmless 
toward soap. In commercial operations, elaborate precau- 
tions are frequently taken to remove the solutes from natural 
waters in order to render the water safe for use. 


15-11 Erosion of Limestone 


In the last section we saw how calcium carbonate is dis- 
solved by ground waters as these waters, acting as a dilute 
solution of carbonic acid, percolate down through the soil 
and rock layers at the earth’s surface. In regions where lime- 
stone is common, the action of these carbonic acid solutions 
is so effective that enough rock may be dissolved to form 
tunnels and caverns. At a later stage, when these regions 
drain, these caverns become air-filled pockets or caves. These 
caves, found in many parts of the world, not only attest to 
the spectacular handiwork of the percolating solutions of 
carbonic acid, but provide a most challenging opportunity 
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for exploration. Only a relatively small portion of the caves 
in the world have been fully explored and developed for the 
sightseer. 

At a still later stage in the action of ground waters in lime- 
stone regions, solutions of calcium bicarbonate seep through 
the roofs of these caves and form droplets from which a 
small amount of evaporation may occur, This evaporation 
both removes some of the dissolved carbon dioxide and in- 
creases the concentration of the calcium bicarbonate. Both 
of these effects lead to a supersaturated solution with respect 
to calcium carbonate, and a small amount of the calcium 
carbonate is precipitated. In time, a significant deposit of 
dripstone—called a stalactite—is produced. Water falling to 
the floor of the cave may form a similar deposit—called a 
stalagmite—and the combination of these two types of de- 
posits often creates exquisite underground scenery (Fig. 
15-5). 

When large quantities of rock are dissolved by ground 
water, the overlying land may subside into the pockets 


Fig. 15-5. The King's Palace in the Carls- 
bad Caverns of New Mexico. It 
has been estimated that these 
caverns were sixty million years 
in the making, but the stalac- 
tites and stalagmites were 
formed much more recently. 
(Courtesy National Park Serv- 
ice) 
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formed by the dissolving action. The resulting depressions 
are called sinks, and if they become filled with surface water, 
a karst lake appears. This type of landscape is common in 
the Cumberland plateau of Kentucky and in parts of France, 
Italy, and Yugoslavia. 

Another outcome of the erosion of limestone and the ac- 
companying solutions of calcium bicarbonate that permeate 
the upper layers of the earth’s crust is the cementation of 
sand into sandstone. Sand grains are compacted and ce- 
mented together to form sandstone in regions near limestone, 
and it is probably the pressure and the temperature changes 
on the solutions of calcium bicarbonate that cause these solu- 
tions to become supersaturated with respect to calcium car- 
bonate. The calcium carbonate that precipitates among the 
grains of sand serves to bind these grains together, thus 
forming sandstone. 


15-12 Erosion of Granite and Other Rocks 


The rate of water’s attack upon granite and other rocks is 
much slower than its rate of attack on limestone. Neverthe- 
less, over extended periods of time even the most resistant 
parts of the earth’s crust are affected by water, and there are 
several ionic substances formed in these processes that are 
of interest at this point. Granite, for example, is a typical 
igneous rock that is slowly decomposed by the action of 
ground water. (It is called an intrusive rock because it is 
formed within the earth’s crust as molten rock which then 
cools; in contrast, lava rocks are extrusive rocks because they 
are formed by the solidification of molten rock at the earth’s 
surface.) Let us examine the chemical process that takes 
place. 

Granite is essentially a mixture of three substances that can 
be visually examined in any ordinary piece of this kind of 
rock. Approximately half of it is feldspar, a quarter is silica 
or quartz (SiO.), and the remainder, ferromagnesium sili- 
cates such as mica. Feldspars vary in composition: they are 
either sodium, potassium, or calcium aluminosilicates, the 
formulas of which may be shown as combinations of metallic 
and nonmetallic oxides: 


Feldspars Chemical formula 
Orthoclase K,0-Al,03-6Si0, 
Albite Na- Al: Og:6Si0 
Anorthite CaO- AlzO3· 28102 


Ground water attacks feldspars by acting both as an acid 
and as a hydrolyzing agent. Orthoclase, for instance, may be 
decomposed by water alone, or by the weakly acidic solu- 
tion of COs in water (carbonic acid). It is difficult to write 
adequate chemical equations describing the weathering proc- 
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ess, but the final products include silicic acid and clay, along 
with soluble ionic substances. With the complexity of these 
reactions in mind, the hydrolysis of orthoclase may be ap- 
proximately represented by the equation: 


K»O-Al,03°6SiO2 + 11H20 > (Intermediate products such as 
hydrous oxides and cations ) 


p 
AlOz'2SiO0x2H:0 + 4H,SiO, + 2K+ + 20H- 


kaolinite clay silicic acid 


Part of the soluble ionic products are carried away in solu- 
tion by streams and rivers to the ocean, but a great part of 
it combines with clays and is used up by plants as soil nutri- 
ents before it gets to the sea. The silicic acid may remain in 
solution, but it frequently polymerizes (see p. 314) to large 
sized aggregates of chalcedony or opal. The silicic acid does 
not form sand, but the sand from the weathering of granite 
comes principally from the quartz in granite. Other types 
of feldspars are similarly attacked by ground waters to pro- 
duce sodium ions and calcium ions, and, as we might expect, 
these products take part in natural processes similar to those 
involved in the decomposition of orthoclase. 

The second component of granite—quartz—is only slightly 
attacked by water. Some of it is dissolved or carried off as 
fine, suspended particles, but larger particles are left be- 
hind as grains of sand. As we have already noted, a large 
number of these sand grains have been compacted and ce- 
mented together in the geological past, forming sandstone. 

The third component of granite is the ferromagnesium 
silicates, and they undergo hydrolysis as ground water at- 
tacks them, These rocks contain iron, magnesium, and cal- 
cium as aluminosilicates, and they are decomposed into 
soluble salts, silica, clay, and occasionally into iron and 
magnesium compounds of industrial significance. The iron 
may eventually be found as red hematite, FezOs, an im- 
portant iron ore, or as limonite, 2Fe,033H20, a yellow, or 
sometimes brown, substance. All these reactions, though 
sometimes complex, are essentially ionic reactions. 

Because of the wide variations in the composition of other 
kinds of rocks that are attacked by ground water, we can 
anticipate that a wide variety of chemical reactions occurs 
in this realm. However, not only does ample geological evi- 
dence exist for many of these reactions, but laboratory con- 
ditions can be set up to simulate the natural processes, and 
many of these complex reactions can thereby be studied 
more intimately, For instance, in the decomposition of vol- 
canic rocks and in particular the ash that is erupted from 
volcanoes—called volcanic ash—the rocks and ash are be- 
lieved to react almost instantly with water as they fall to 
earth. The product of this rather rapid reaction is a special 
kind of clay called montmorillonite, which is found in de- 


posits near old volcanic regions. 
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15-13 Summary 


Electrolytes are characterized by their ability to conduct 
electricity, either when melted or in solution, They affect the 
freezing point of solutions to an abnormal extent, and they 
react instantaneously, These three fundamental properties of 
electrolytes are attributed to the ionic character of these 
substances and were first explained in the Arrhenius theory 
of ionization, 

An important extension of the Arrhenius theory concerns 
the effect ions exert on one another—the so-called interionic 
forces that make them appear to be slightly associated. 

A solution is a molecular or ionic dispersion of two or 
more components, which may be dilute or concentrated 
(relative terms), or saturated, unsaturated, and supersatu- 
rated, 

Solubility of one substance in another follows the general 
rule of like dissolves like. Ionic and polar substances are 
soluble in polar solvents, and nonpolar substances are solu- 
ble in other nonpolar substances if they are similar in con- 
stitution and make-up. 

Metal oxides dissolve in water to form bases, and non- 
metallic oxides react with water to form acids. Bases contain 
the hydroxyl ion and acids contain a hydrogen ion. Modern 
concepts of acids and bases view an acid as a proton donor 
and a base as a proton acceptor. 

An acid and a base neutralize each other and form a salt 
and water, The neutralization reaction is essentially an in- 
teraction between a hydrogen ion and a hydroxyl ion, form- 
ing water, The salt is composed of the metal ion of the base 
and the negative ion of the acid. 

The pH of an aqueous solution is the negative exponent 
of the hydrogen ion concentration. 

Hydrolysis is the decomposing action of water upon a sub- 
stance, Salts are quite commonly hydrolyzed to correspond- 
ing acids and bases. 

Water in nature is a dilute solution of carbonic acid and 
acts as an acid and hydrolyzing agent upon limestone, gran- 
ite, and other rocks, The formation of caves, karst lakes, and 
hard water are directly attributed to the action of ground 
waters in dissolving limestone. Granite is converted by 
ground waters to clays, silicic acid, and various soluble salts. 


EXERCISES 


A. KEY WORDS TO REMEMBER 


acid hydrolysis sink 
base ionization solute 
cavern karst lake solution 
chemical erosion neutralization solvent 
electrolyte oxide stalactite 
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feldspar pH stalagmite 

granite salt supersaturated solution 
ground water saturated solution unsaturated solution 
hard water silica 


B. QUESTIONS ABOUT IONIC STRUCTURE 


1, List three major differences between electrolytes and non- 
electrolytes, 


2, Show how the theory of ionization explains the differences 
between electrolytes and nonelectrolytes, 


3. If you were given a solution of a salt and a small crystal of 
the same salt, tell how you could test the solution to learn if it 
were saturated, unsaturated, or supersaturated, 


4. When solutions of copper sulfate and sodium sulfide react, 
a precipitate of copper sulfide is formed, The other product, 
sodium sulfate, is still soluble. Rewrite the equation to show 
only those ions that are involved in the chemical reaction: 
CuSO, + NagS— CuS | + Na,SO,. 


5. Write chemical equations to show how oxygen is liberated 
by heating these compounds: HgO, KCIOy, Au Ag,O. 


6. Which of the following substances are acids, which are 
bases, and which are salts? 


HNO, CuSO, HCO, Al(OH), CuCl, HBr, 
Mg(OH), HSO, CaCO, NaCO, HPO, NH,OH 
AlCl,  HyBO, NaOH KCI HCIO, NU. 


7, Name the substances in the previous question. 


8. Explain why the same amount of energy is released by the 
neutralization of any strong acid by any strong base, 


9. Tell what acid and what base may be used to make each of 
these salts: 


sodium chloride potassium nitrate 
sodium acetate aluminum chloride 
calcium sulfate sodium borate 
magnesium carbonate sodium carbonate 


10. Classify each of the following systems as either acidic, 


basic, or neutral: 


( lution of sodium (e) a solution with pH 2 
1 (f) a solution of sodium 
(b) pure water carbonate 

(c) a solution with pH 7.5 (g) vinegar 

(d) a solution with pH 14 (h) rain water 


11. Explain how calcium carbonate is dissolved by ground 
water. Is it dangerous to use limestone as a building stone where 
rain water comes in contact with it? 
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12. If you visited a strange country and found many small 
lakes, how could you decide if these were karst lakes? What in- 
formation would you need in addition to the evidence available 
from surface observations? 
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Covalent Substances 


Noa we turn to substances that are held together pri- 
marily by covalent bonds. In contrast to electrolytes, 
which are composed of ions, the properties of covalent com- 
pounds are determined by the behavior of discrete molecules 
that act much more independently of each other than do 
the ions in an ionic substance. The molecules in water, for 
instance, determine the properties of water, while, with 
ordinary salt it is the sodium ions and chloride ions—not 
molecules of sodium chloride—that determine the properties 
of salt, For this reason, we will find a whole set of properties 
of covalent substances—melting point, boiling point, and 
electrical conductivity—that are the result of weak forces 
between neighboring molecules, while similar properties for 
ionic substances will be radically different because there are 
strong electrical forces that act between the ions composing 
the substance. 

In our study of covalent substanc 
a few elements that form covalent 
amine some of the common carbon compounds that a 
resentative of covalency. 

In contrast to the metallic bond (see p. 257) that a 
for the strength, ductility, and conductivity of metals, non- 
metallic elements are usually held together by covalent 
bonds, and the difference in these bonds is largely respon- 
sible for the difference between metals and nonmetals. The 
covalent nonmetals are usually brittle, colored, and low in 
mechanical strength. Their melting points vary widely, At 
room temperature, some nonmetals are gaseous, some are 
liquid, and some are solid. As we examine a few of the more 
common elements that exist as covalent molecules, we shall 
learn more about these contrasting properties of the non- 


metals, 


es, we will first consider 
bonds; then we will ex- 
re rep- 


ccounts 
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16-1 Elementary Covalent Substances 


The hydrogen molecule (see p. 228) is an excellent ex- 
ample of a purely covalent bond. In it, the two hydrogen 
atoms share their single electrons, which form a bond that 
holds the two atoms together, and are fixed in space with 
respect to each other. Once the two hydrogen atoms are 
joined, they remain united until a vigorous reaction sepa- 
rates them. They may vibrate, and they may spin or rotate 
around a point midway between them, but they remain 
firmly attached to each other, and, until the molecule is 
broken apart, the average distance between their centers is 
a constant 0.74 A. The boiling point of hydrogen is ex- 
tremely low—253° below zero Celsius—where the kinetic 
energy of the hydrogen molecules becomes small enough so 
that the extremely weak forces between the hydrogen mole- 
cules may draw these molecules into a liquid form. 

Hydrogen has captivated the interest of scientists for many 
years, It was one of the first elementary gases to be dis- 
covered and made in the laboratory. Since hydrogen gas is 
easy to prepare—the hydrogen is displaced from an acid by 
a metal that is above hydrogen in the activity series—and 
since the gas is highly inflammable, its combustion properties 
were intensively studied by many early scientists. When hy- 
drogen burns in air, or with oxygen, it is converted to water: 

2H, + Os 2120 
hydrogen oxygen water 
Because of the strength of the hydrogen-oxygen bonds in 
water, hydrogen frequently reacts with oxygen even when 
it is already bonded to other elements. For example, at 
elevated temperatures, hydrogen removes the oxygen from 
iron oxide, forming water vapor and free iron. Many other 
metal oxides can be similarly converted to the free metal, 
and since this reduces the valence number of the metal it 
is called a reduction reaction (p. 279). 

Several other elements are held together by covalent bonds 
in diatomic molecules. In Group VII of the periodic table, 
there are four covalent elements that we call the halogens. 
They are fluorine, Fa, chlorine, Cle, bromine, Bra, and iodine, 
Ie. The covalent bonds in them are similar to one another. 
In fluorine, each atom originally has seven electrons in its 
outer energy level, and it readily shares one of its electrons 
with another fluorine atom. By completing the outer rings of 
both atoms, the two electrons form a covalent chemical bond 
between the atoms. 


CD i Š 


Since all the other halogens have seven electrons in their 
outer electron levels, the molecules of these elements are 
bonded by covalence in the same way as the fluorine mole- 
cule, 
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Sulfur is an element that has some unusual characteristics 
in its covalent bonding. With atomic number 16, it has six 
electrons in its outer orbit and finds two more electrons by 
sharing two electrons in covalent bonds with other sulfur 
atoms—with more than one, because a single molecule of 
ordinary sulfur (a pale yellow, brittle substance) contains 
eight sulfur atoms (Ss). In place of a simple covalent bond, 
each sulfur atom is tied by a shared pair of electrons to two 
other sulfur atoms, for the sulfur molecule is a ring of eight 
sulfur atoms (Fig. 16-la). 


Fig. 16-1, The sulfur molecule, Sc, and 
the linear sulfur molecule, 


Sulfur melts at approximately 120°C, and as it is further 
heated, the pale yellow color changes to a deep red color 
and the liquid becomes very viscous, so that it no longer 
flows as an ordinary liquid. This great change in the prop- 
erties of sulfur is explained by the fact that the Ss rings open 
up and form long chains of sulfur atoms (Fig. 16-1b), Hun- 
dreds of sulfur atoms are now attached to one another 
through covalent bonds, and as these long molecules become 
entwined with each other they account for the viscous na- 
ture of sulfur, When molten sulfur is quenched in cold water 
it forms a plastic, rubbery mass that is called amorphous 
sulfur which, according to recent X-ray studies, is still com- 
posed of long chain molecules but they are coiled up into 
helices with eight sulfur atoms in each turn of the ee 
Upon standing, the helical structure gives way to individua 
Ss rings and ordinary crystalline sulfur is re-formed. 

No doubt the most interesting element that is held to- 
gether with covalent bonds is carbon, which occurs in two 
different forms: diamond, the hardest substance known, and 
graphite, one of the softest substances known. Diamonds are 
often clear, brilliant, and highly refractive gems; graphite 
is black, slippery, and crumbly. The vast differences be- 
tween diamond and graphite are caused by the differences 


in their crystal structure. ne f 
In the diamond structure, each carbon atom is tied by a 
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regular covalent bond to four neighboring carbon atoms 
(Fig. 16-2). Since each carbon atom is only 1.54 A from its 
neighbor, the bond in diamond is one of the shortest and 
strongest known. Although you might think that the unusual 
hardness of diamond is explained by its close-packed struc- 
ture, the density of diamond is actually only half that of the 
tightest close-packed system; it is a relatively open struc- 
ture, as is shown in Fig, 16-2. The hardness of diamond is 


Fig. 16-2. The crystal structure of dia- 
mond, 


caused by two factors: the strong carbon-carbon bonds in 
the crystal and their unique arrangement, which provides a 
very rigid network of atoms within the crystal. A diamond, 
in effect, is one huge molecule, since all the atoms in a single 
gem are held together in an unbroken covalent bond. The 
size of the molecule depends upon the size of the gem, and 
for this reason we cannot write a precise formula for the 
whole molecule. When all the atoms in a crystal are con- 
nected in this fashion, we call it a giant molecule. 

The conditions under which diamonds are now made in- 
dustrially provides a clue to the conditions that must have 
prevailed when natural diamonds were made. In the manu- 
facture of diamonds a pressure of one and a half million 
pounds per square inch and a temperature above 2800°C— 
conditions that probably prevail at a depth of 240 miles be- 
low the earth’s surface—are required in order to orient the 
carbon atoms into the diamond crystal. Synthetic diamonds 
are identical to natural diamonds, except that they are small 
and contain impurities that rule them out as gem quality di- 
amonds. 

Graphite consists of layers or sheets of carbon atoms. Al- 
though the atoms in these layers are only 1.42 A apart— 
closer to each other than are the carbon atoms in the dia- 
mond—they are exactly in a plane, which produces the 
smoothest surface known. The sheets are 3.41 A from each 
other and have little attraction or bonding between them 
(Fig. 16-3). Since the layers may slip over each other very 
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Fig. 16-3. The crystal structure of graph- 
ite. 


easily, graphite is an extremely uncohesive, or soft, sub- 
stance. Another quality of graphite is its ability to conduct 
electricity in a direction parallel to the layers but not at 
right angles to them. This indicates that graphite must have 
electrons that are free to migrate through the crystal. The 
diagram of the structure of graphite shows that each carbon 
atom has only three regular covalent bonds. The fourth elec- 
tron forms another kind of bond in which the electrons may 
shift easily from one pair of atoms to another. The unstable 
nature of this fourth valence bond for each carbon atom ac- 
counts for the electrical properties of graphite. Since carbon 
is near the middle of the periodic table, it is not surprising 
to find that it has certain metallic properties, but neverthe- 
less it is basically a nonmetal. 

Silicon, an element directly below carbon in the periodic 
table, has many properties similar to carbon. It has a co- 
valence of 4 and the structure of its crystal is identical to 
that of the diamond. It is considerably softer than diamond 
because its atoms are much larger than carbon atoms, and 
thus much further apart. The most important use of silicon 
is as a deoxidizer in the manufacture of high-grade steel: 
Silicon reacts vigorously with the dissolved oxygen in melted 
steel to form a very stable compound, silicon dioxide (which 
is insoluble in the steel), thus removing dissolved and com- 
bined oxygen from the steel. 

As a rule, the larger the atoms in a crystal and the farther 
they are from each other, the weaker the covalent bond that 
holds them together. This is especially noticeable among 
the elements in Group IVA in the periodic table. Crystals 
of the elements below carbon and silicon become progres- 
sively softer. These elements commonly show a covalence 
of 4, and most of them form the diamond-type crystal, but 
the covalent bonds become so weak that in the case of tin 
the crystal hardly holds itself together. Tin in the diamond 
structure is actually in the form of a dust. Ordinarily, how- 
ever, tin is more a metal than a nonmetal; we usually see 
it as a shiny, soft, malleable metal, frequently plated onto 
steel to make the common “tin” can. But at temperatures 
below 18°C, tin slowly changes into the nonmetallic struc- 
ture of the diamond, and this transformation can be quite 
dramatic. Once, during a long, cold winter in northern Eu- 
rope, a cathedral’s organ pipes, afflicted with what is known 
as “tin disease,” crumpled to dust. The tin, in short, changed 
from a metallic crystal to a nonmetallic, diamond-type crystal. 
When tin is heated to temperatures above 18°C, the tran- 
sition is reversed. When tin is mixed with other metals or 
plated in a thin layer on other metals, such as in the ordinary 
tin can, tin shows very little tendency to change to the dia- 


mond form at low temperatures. 
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16-2 Organic and Inorganic Substances 


We have seen how substances may have primarily electro- 
valent or primarily covalent properties. Before going further 
in our study of covalent substances, we should briefly con- 
sider another kind of classification of substances. Carbon 
and silicon occupy unique positions in this classification: car- 
bon is the central element in one class, silicon the central 
element in the other. At one time it was believed that com- 
pounds of carbon could be prepared only by a plant or an 
animal. Hence, the name “organic” was applied to the study 
of those substances that contain carbon. Organic substances 
include such common compounds as sugar, alcohol, and 
benzene. Possibly a million organic compounds are now 
known, and most of them have been synthesized in the lab- 
oratory. Although the idea that carbon componds must be 
derived through organic or living processes is now long obso- 
lete, the study of carbon compounds is still called organic 
chemistry. 

In contrast to the carbon compounds are all those sub- 
stances that do not contain carbon—we call them inorganic 
compounds. The simpler inorganic compounds include many 
salts, acids, bases, and oxides, which were discussed in the 
last chapter. Among the more complex inorganic compounds 
are those that contain silicon, an element that most of us 
have never seen although, since most of the rocks of the 
earth’s crust are complex silicates, we encounter many of its 
compounds every day. Let us now examine some of the im- 
portant properties of this element as it exists in covalent, in- 
organic substances. 


16-3 Silicon Compounds 


Silicon commonly occurs in nature as the oxide, SiO». The 
most familiar form of silicon dioxide, or silica, is the quartz 
crystal (Fig. 16-4), which shows us that silica is not com- 
posed of simple SiO. molecules, but is rather a giant mole- 
cule, with each quartz crystal being a huge, single molecule. 

Silica possesses several unique properties. When melted 
it can be shaped into various pieces of laboratory ware 
much like glass. However, the high melting point of silica, 
about 1600°C, makes it especially useful for high-tempera- 
ture experiments where ordinary glass, which melts or softens 
at 600-800°C, would be useless. Fused silica glass also has 
the ability to withstand sudden temperature changes. The 
shock of plunging a red-hot silica vessel into icewater, for 
instance, fails to crack the glass. Another useful property of 
silica glass is its transparency to ultraviolet light; most com- 
mon glasses are almost opaque to ultrayiolet light. Silica’s 
extreme stability makes it chemically inert, and laboratory 
apparatus made of silica glass is attacked only by the most 
vigorous reagents. 
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Several giant molecules of SiO, 
in the form of quartz crystals. 
Courtesy Ward’s Natural Sci- 
ence Establishment. 
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The valence bonds in silica are all covalent bonds, and 
no more than one pair of electrons is ever shared between 
each pair of silicon and oxygen atoms. The arrangement of 
four oxygen atoms around each silicon atom reminds us of 
the arrangement of the carbon atoms in the diamond crystal. 
This so-called tetrahedral arrangement is an important aspect 
of the structure of all silicas, simple as well as complex. Silica 
contains uninterrupted chains of silicon-oxygen-silicon-oxy- 
gen bonds, and by introducing other constituents such as 
metal oxides into the silica, we can obtain complex silicates 
such as feldspar, mica, and clay. Let us examine some simple 
and complex silicates to see how they are related to the 
original silica structure. 

Here is a single silicon atom surrounded by four oxygen 


atoms: 


| 
POS O— Oe e 


If four sodium ions are attached to this simple silicate radi- 
cal, we have sodium silicate, Na,SiO,. A solution of sodium 
silicate, sometimes called water glass, serves as a cheap ad- 
hesive and as a fireproofing agent, Among the naturally oc- 
curring minerals that contain the SiO, radical are the 
olivines, a type of mineral of which garnet is an example, In 
these minerals, a divalent metal, magnesium or iron, is at- 
tached to the silicate group, and the Vg“ or the Fe“, 
with its capacity to form two bonds, holds two silicate groups 
together. The result is a continuing network of silicate 


groups: 
| 
i ° i 4 
0 d-o. Mg—O d-o Fe—O—Si—O—Mg—O—Si—O— etc. 


0 o ò 6 
Mg Mg 1 
l à ö 


Since the similarity of the ionic radii of Mg** and Fe“! 
permits these two ions to be substituted for each other in 
the crystal, the links between the silicate groups may be 
occupied with either iron or magnesium, or by a pag 
of the two. This arrangement produces a wide variety o 
olivines, olive green in color. T 
If the simple silicate groups are con 
through an ea atom that is mutually shared by 75 
silicon atoms an oxygen bridge—we may expect to find t e 
silicate groups attached directly to each other in long chains 


by covalent bonds: 


ted to each other 
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| | | | 
Since the silicon atom is surrounded by four oxygen atoms 
in a tetrahedral arrangement, this silicate chain would ap- 
pear as in Fig. 16-5. The unfilled positions on the oxygen 


Fig. 16-5. A silicate chain, The small black spheres are silicon atoms and 
the larger spheres are oxygen atoms, Note that each silicon 
atom is bonded to four oxygen atoms, and that each oxygen 
atom is bonded to two silicon atoms or has an unbonded valence 
that may be bonded to another silicate. 


atoms along the side of the silicate chain may be occupied 
by metal ions, such as magnesium and iron, which in turn 
may be bonded to another chain of silicate groups. This 
structure obviously leads into some extremely complex ar- 
rangements, and by means of X-ray diffraction analysis, the 
electron microscope, and other methods we have been able 
to confirm that these complex structures do exist. The natu- 
rally occurring amphiboles, such as asbestos and pyroxenes— 
for example, the ferromagnesium silicate in granite—are ex- 
amples of these silicate chain structures. 

The most complex silicates, and the most interesting, are 
those that are bonded in a plane or sheet. If several silicate 
chains such as those in Fig. 16-5 are attached to each other 
as they lie side by side, a broad silicate sheet is formed that 
may be hundreds of times longer and wider than it is thick 
(Fig, 16-6), These thin crystalline layers supply the pri- 


Fig. 16-6, A silicate sheet. Each silicate 
tetrahedron is surrounded by 
three others. This structure is 
found in the micas and in many 
clays. 
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mary structure found in clays, In the last chapter we saw 
how water attacks the components of granite and produces 
sand, clay, and soluble salts, Now we see that clays, as de- 
rived from the feldspar in granite, are complex silicates held 
together by covalent bonds with definite crystal structures. 

Silicon is not uncommonly found in plant and animal 
life—in the stems of some grasses and horsetails, in birds’ 
feathers, and in connective tissue, the inelastic fibers that 
hold together the muscles, joints, and most of the structural 
parts of our bodies. The silicon in these organisms is in a 
complex substance often related to similar carbon com- 
pounds, We may view this similarity between silicon com- 
pounds and carbon compounds as a bridge between organic 
carbon chemistry and inorganic silicon chemistry, This re- 
lationship shows the difficulty in setting up strict classifica- 
tions without considering the fact that there are usually 
substances in between these classes that erase any sharp 
distinction between them, 

Ordinary glass is a silicate system consisting primarily of 
silicon attached by covalent bonds to oxygen and then to 
certain metals, Window, or lime, glass contains calcium and 
sodium in addition to silicon and oxygen. Pyrex glass is 
mostly boron, silicon, and oxygen, with small amounts of 
sodium and aluminum, Although the bonds in glass are 
covalent, the atoms in glass are not arranged in crystal form. 
Instead, when glass cools from a fluid state, it becomes more 
and more rigid, but retains the lack of order that charac- 
terizes liquids. Glass, in short, has a liquid structure, but at 
ordinary temperatures it becomes too stiff or viscous to flow 
and retains a rigid structure permanently, 


16-4 Structure in Carbon Compounds 


The study of carbon compounds is a large undertaking 
because peal can form so many bonds both with itself 
and with other elements. There are certain simple rules, 
however, that the carbon atom obeys, and a brief review of 
them will greatly assist us to become acquainted with at 
least some of the common carbon compounds, 

In the first place, carbon almost always has a covalence 
of 4. That is, in organic compounds the carbon atom is at- 


4 b ＋ oe 


the covalent bonds of the carbon 
. ES Hat there K 0 delate 
relationship between the angles at which these bonds exist. 
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For example, the first combination of carbon’s valence bonds 
above is a tetrahedral arrangement (Fig. 16-7), but when 


Fig. 16-7. The tetrahedral arrangement of 
the four covalent bonds of the 
carbon atom. 


two or more of the bonds are attached to another atom the 
tetrahedral space relationship is distorted, and this distortion 
produces a variety of space structures in carbon that are 
unique with this element, 

Most carbon compounds contain, in addition to one or 
more carbon atoms, atoms of hydrogen, the halogens, oxy- 
gen, and nitrogen. By investigating the spacing of the co- 
valent bonds of these elements, we can get an idea of how 
all the other elements are attached in organic compounds. 
Hydrogen and the halogens have a single covalent bond: 


II. Cl Br F. 


Oxygen, with a covalence of 2, has two bonds spaced in 
either of two ways: 


—0— ( 


You will recall that in the water molecule the two hydrogen 
atoms are attached to the oxygen atom at an angle of 105°. 
This same angle exists between the two covalent bonds of 
oxygen in almost all compounds where oxygen is attached 
to two different atoms. 

Nitrogen has a covalence of 3, and the three bonds may 
be represented in this way: 


| | 
—N— N= N= 
If we construct a simple molecule of nitrogen and hydro- 
gen, we have: 
H 


u n 
This is the ammonia molecule. A careful study of its struc- 
ture reveals a striking phenomenon: the three hydrogen 
atoms lie in a plane at the corners of an equilateral triangle, 
and the nitrogen atom is either above or below the center of 
this plane (Fig. 16-8). When radar waves (with wave lengths 
of 1-5 cm) are passed through a balloon filled with ammonia 


Fig. 16-8. The ammonia molecule. 


316 


Covalent Substances 


gas, most of the radar waves pass through unaffected. How- 
ever, the radar waves of precisely 1.2861 em wave length 
are absorbed by the ammonia molecules because the fre- 
quency of this particular wave is exactly the frequency of 
the oscillating nitrogen atom as it jumps back and forth 
through the plane of the hydrogen atoms. This is an example 
of interference of wave motion as described in Chapter 10. 
Since the nitrogen atom moves regularly like the pendulum 
of a clock, its vibrations can be used to stabilize a radar wave 
generator, which in turn can check the passage of time, We 
saw in Chapter 2 that measuring time by the solar day is 
accurate only to within one second in every 30 million sec- 
onds. Our “ammonia clock,” on the other hand, can measure 
time to within one second in ten billion seconds: Needless 
to say, this molecular clock is a big improvement over our 
astronomical clocks, and we are now able to check closely 
the accuracy of the solar day and the sidereal day, The fact 
that the oscillations inside a tiny molecule can be used to 
measure the sweeping movement of the earth in the solar 
system indicates that movements within molecules are more 
precise than movements on the grand scale of the solar sys- 
tem. 

Bear in mind the rules of valence the carbon atom obeys 
as we examine the structure and behavior of the simpler or- 
ganic compounds, 


16-5 Hydrocarbons 


A large group of carbon compounds consist of only car- 
bon and hydrogen, and we call these substances hydrocar- 
bons, The simplest hydrocarbons are those containing carbon 
atoms attached to each other in an open chain structure, but 
let us begin with the hydrocarbon that contains only one 
carbon atom—methane: 


H 
n-en 


` | 


H 
A three-dimensional picture of the methane molecule would 


show the four hydrogen atoms in a tetrahedral arrangement 


about the central carbon atom. i 
Methane is the chief component of natural gas. When use 
as a fuel it burns with oxygen from the air to form carbon 


dioxide and water: 
CH, + 20: > CO: + 2110 


When methane is burned in a limited amount of air, a form 
of graphite carbon, called carbon black, is produced: 


CH, + 02> C + 2H:0 
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Carbon black is used as a black paint pigment and in proc- 
essing rubber for automobile tires. 

Closely related to methane is a series of hydrocarbons 
having the general formula C, Ha,. The first eight members 
of this series are: 


Methane CH, 

Ethane C,H, 
Propane C3Hg 
Butane C. Hi0 
Pentane C;H;2 
Hexane CoH, 
Heptane Cr Ais 
Octane CsH;s 


Higher members of this series include the components of 
gasoline (C;Hyg to Cy Hao) and kerosene (C1H2 to CioHa4). 
Heavy fuel oils, lubricating oils, petroleum jelly, and solid 
paraffin contain still larger molecules of hydrocarbons. 

The structure of the hydrocarbons makes the space re- 
lationships among the atoms in them extremely important. 
When two or more substances contain the same number of 
atoms, but the atoms in them are arranged differently, they 
are called isomers. The smallest hydrocarbon in the preced- 
ing list that exhibits isomerism is butane, the atoms of which 
may be arranged in two different structures: 


H HHH 


-- n 


In keeping with the tetrahedral arrangement of the four 
bonds of the carbon atom, the two butane isomers have the 
structure shown in Fig. 16-9. The zigzag shape of the carbon 
chain results from the directional bonding of the carbon 
atoms. The greater the number of carbon atoms in the hy- 
drocarbon, the greater the number of isomers. Heptane, for 
example, has 9 isomers; octane has 18 isomers; and the hy- 
drocarbon CsoHsa theoretically can have almost 63 trillion 
possible isomers. 

The origin of petroleum deposits is not definitely known, 
but it is believed that petroleum and natural gas are the re- 
mains of marine sediments that have rotted or putrefied over 
a long period of time. The floor of the Black Sea may at this 
time be generating a petroleum deposit, because 35 per cent 
of the sediments on its bottom is organic matter, over a 
dozen times that found in normal sediments. When such 
black, slimy, organic muds are subsequently overlaid by a 
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Fig. 16-9, The structures of normal and 
isobutane isomers. 
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porous rock such as sandstone, then capped with an im- 
permeable shale, a dome is formed that serves to trap the 
petroleum, The anticline in Fig, 16-10 is an ideal example 
of this sort of trap. The shape of a subterranean anticline 
enables oil prospectors to sound out the petroleum deposit 
by sending wave motions through the earth's crust (see 
Chapter 10). 

Petroleum is divided into its various components by a 
process known as distillation, in which the fact that the com- 
ponents with small molecular weights vaporize at lower tem- 
peratures than do the components with high molecular 
weights is utilized to obtain gasoline, kerosene, gas oil, and 
lubricating oil. In view of the tremendous demand for gaso- 
line, however, much of the kerosene and gas oil is converted 
to gasoline by a method called cracking (Fig. 16-11). In 


Combination of 


Straight cracking ond 
distillation distillation 
23% Gosoline 40% 
14% Kerosene 6% 
44% Gos oil 41% 
13% Lub oil 3% 
6% Others 10% 


this process, a typical molecule of kerosene, CyoHy,, which 
is a long hydrocarbon chain: 


HHHHHHUHUH 


-C- CEE 


her) me aS UE | 

h 1 i H H H H H 

is broken down into smaller fragments at elevated tempera- 

tures and pressures, These fragments may include the hydro- 

carbons hexane, heptane, and octane, and in addition the 

hydrocarbons such as C,H, (butylene) and C,H, (ethylene) 

may be split off from the larger molecules, The structural 

formulas for these last two hydrocarbons show that two of 
the carbons are bonded with double covalent bonds: 


H H H H 
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Fig. 16-10, 


Fig. 16-11, 


An anticlinal trap for petro- 
leum. Water, being more dense 
than petroleum, forces the pe- 


troleum upwards into the 


“dome,” 


Products from petroleum: (a) 
from straight distillation, and 
(b) from a combination of 
cracking and distillation, 
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These compounds are called unsaturated hydrocarbons be- 
cause they are capable of taking more atoms into their struc- 
ture. Hydrogen, for instance, may be added to ethylene to 
give ethane: 


H 5 H 
os Ha H a 

| 

H H 


Under suitable conditions, we may add a molecule of water 
to ethylene and thereby introduce a hydroxyl group into the 
hydrocarbon molecule; 


H H HAH 
bu — 
H—C=C_H + HZO H—C_C_H 

| 
H OH 
ethylene water ethyl alcohol 


Such a hydroxylated compound is called an alcohol, and this 
particular one is ethyl alcohol. The petroleum industry, by 
providing large quantities of cheap ethylene as a by-product 
of the cracking operation, is responsible for the large-scale 
production of many common substances, a few of which are 
ethylene glycol (antifreeze), ethyl ether (an anesthetic), 
polyethylene (a plastic), mustard gas, and refrigerating 
agents. 


16-6 Polymers 


Another type of substance in organic chemistry is one 
known as a high polymer, These substances are similar to 
the giant molecules we encountered earlier in this chapter, 
for a polymer is formed of recurring units, each unit being 
capable of combining with another like it. A simple example 
of a polymer is the one formed by ethylene combining with 
itself in which the number n may be several hundred or 
more: 


= 


(n+ 2) 


.— es 
* — aH 
＋— 0. 
. — a 


The ethylene molecules continue to combine with each other 
until long molecular chains are formed. Several thousand 
ethylene molecules may combine to form a single, huge 
molecule, and one such substance, called polyethylene, is a 
plastic that is widely used in sheets and in many molded ob- 
jects; chemically it is similar to paraffin. 
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Rubber is a high polymer, The basic unit—called isoprene 
—in a natural rubber molecule is a hydrocarbon that is 
somewhat more complex than ethylene and, since it contains 
two carbon-carbon double bonds, is readily subject to poly- 
merization: 


isoprene 


Although natural rubber contains small quantities of other 
substances, it is made up chiefly of long chains of thousands 
of isoprene units: 


H H H 
H 0 H H 0 H H 0 H 
H | HH II | lpi e dal | II H 
bob bb bbb b bbe 
Te ee 


In the process of vulcanization, an atom of sulfur is added 
to the double bond in each isoprene unit, and since the sulfur 
atom has a covalence of 2, it unites two adjacent rubber 
molecules, thus increasing the strength of the rubber polymer. 
Under normal conditions, the long rubber molecules are 
twisted and coiled, Rubber is able to stretch because the 
molecules can uncoil, and, when the rubber snaps back to 
its original length, the molecules return to their coiled shape. 

Synthetic rubber, on the other hand, although similar to 
natural rubber, is composed of somewhat different units of 
hydrocarbons that are derived from petroleum cracking. A 
common form of synthetic rubber is made by polymerizing a 
mixture of two substances—styrene and butadiene. Styrene 
is closely related to ethylene, and butadiene, which is quite 
similar to isoprene, contains two double bonds, Each of these 
are capable of forming their own polymers; but by polymer- 
izing a mixture of them the polymer chain contains alter- 
nately one kind of unit and then the other. This imparts 
properties to the polymer not possible to achieve with a 
single component. Such a polymer is called a copolymer, and 
nylon, dacron, and other modern synthetics are copoly- 
mers. In a later section, after we become acquainted with 
the chemistry of the units in these polymers, we will examine 
these interesting materials in more detail. i i 

A recent improvement in polymers—sometimes viewed as 
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a revolution in this area—has stemmed from our new ability 
to orient the units to each other as they become part of the 
polymer chain, For example, imagine a parking lot where 
each patron is permitted to park his car any place he wishes 
and contrast that to the case where the attendant carefully 
parks each car bumper to bumper and all headed the same 
way. Obviously, in the latter arrangement more cars can be 
parked in the area and in a more orderly way. Likewise, 
with polymers, the older methods of bringing the units to- 
gether resulted in a lack of order, and the resulting polymers 
were not closely packed and strong. Recently, however, 
methods of orienting the units “bumper to bumper” in a 
crystalline fashion have been found, and the resulting poly- 
mers are notably stronger, more dense, and in general greatly 
improved. The structure of natural rubber itself has at last 
been duplicated by this new method, and the process prom- 
ises to lead to greatly improved synthetic polymers that can 
be used as rubbers, fibers, films, and moldings. 

In addition to synthetic polymers which have become 
almost indispensable to modern man, there are many natural 
polymers such as cellulose, starch, pectins, and proteins, 
These biological polymers are essential to the foundation of 
life and intelligence, and we depend on many of them for 
food. The structure of some of these natural polymers is 
discussed in Chapter 18. 


16-7 Cyclic Hydrocarbons 


If we heat some soft coal in the absence of air, almost 
200 different compounds may be obtained. The most impor- 
tant product of this heating, however, is a liquid that is of 
great interest in organic chemistry—benzene—which is an 
inflammable, colorless liquid with a rather pleasant odor. A 
ton of coal yields about 2 gallons of benzene. Benzene baf- 
fled the early chemists because from its formula, Coo, they 
expected it, like ethylene, to have several double covalent 
bonds. But benzene is contrary, for it does not act as though 
it contained ordinary double bonds: it does not polymerize 
and is indeed a rather inert substance. After many years of 
careful study and much theorizing, chemists developed a 
picture of the benzene molecule that revealed its inner 
secret, A formula for the benzene ring was proposed by 
August Kekule in 1865 that did for organic chemistry what 
Mendeleev’s periodic table did for inorganic chemistry in 
1869. Both men opened doors for the next big advance in 
their respective fields. 

Benzene has probably been investigated more thoroughly 
than any other chemical substance. Each hydrogen atom in 
benzene is located at a corner of the hexagonal ring, and if 
we add chlorine to benzene in the presence of ferric chlo- 
ride, the hydrogen atoms will, one by one, be substituted 
by chlorine atoms; 
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H H H Cl 
Be \ 4 Ne \ 4% 

l b + C= l 6 + HCl 
115 Gl. I g Naf I 


| 
h i 


When benzene has two chlorine atoms attached to opposite 
corners of the ring, it is in the form called paradichloro- 
benzene, or moth crystals. If six chlorine atoms replace all 
the hydrogen atoms in the ring, we have hexachlorobenzene, 
a powerful insecticide widely used in agriculture. 

We have shown three double bonds in the benzene for- 
mula in order to account for the double covalent bonds for 
all six of the carbon atoms. These bonds, however, are not 
ordinary double bonds; they are believed to be capable of 
readily changing their positions: 


II H 


H H H H 
NANT NA RITA 
„ f 
Q : * Vax 
ra Eo Ni Hig Ce eH 


i h 


(A) (B) 


This ability of the bonds to switch between atoms is called 
resonance, which is a modern concept that explains why the 
benzene molecule is more stable than an ordinary hydro- 
carbon molecule containing three single and three double 
carbon-carbon bonds. Both the (A) and (B) structures for 
benzene are equally probable, and it is assumed that the 
molecule is a hybrid that lies somewhere between these two 
structures. Associated with this so-called hybrid structure is a 
certain amount of energy, called resonance energy, which is 
equal to 198,000 joules per mole of benzene. This is the 
amount of energy in the molecule in addition to the energy 
of the regular covalent bonds, and it accounts for the fact 
that the benzene molecule is more stable than we would 
expect it to be if it were exactly like either formula (A) or 
(B) above. The ammonia molecule, considered earlier in 
this chapter, is a resonating structure though much simpler 
in arrangement than the benzene resonance. b 

Since we will encounter more compounds that contain the 
benzene ring, in order to simplify the writing of its formula, 
we shall indicate benzene by a hexagon: 
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or 


When hydrocarbon chains are substituted for the hydrogen 
atoms in benzene, a vast array of different compounds re- 
sults, For instance, to each corner of the benzene ring we 
may attach hydrocarbon groups that are derived from the 
simple hydrocarbons. These groups, or radicals, are related 
to their corresponding hydrocarbons as follows: 


Hydrocarbon Radical (R) 

CH, methane CH;—, methyl group 
C,H, ethane C,H;—, ethyl group 

C3Hs, propane CH;—, propyl group 


A methyl group, attached to one corner of the benzene ring 
gives toluene: 
CH; 


One of the most common commercial and military explosives, 
trinitrotoluene (TNT), is made from toluene and nitric acid: 


NO: 
CH; CH; 


+ 3HNO; > + 3H20 


NO, NO, 


toluene nitric acid TNT 


TNT is an exceptionally effective explosive. It may be han- 
dled and transported safely, yet when detonated it releases 
a tremendous amount of energy. Although the chemical re- 
action in an explosion of this sort is primarily one of com- 
bustion, TNT does not require oxygen from the air in order 
to explode because it contains sufficient oxygen in itself to 
cause an explosion, Since the combustion products are all 
gases such as carbon dioxide, water vapor, and nitrogen, the 
detonation of an explosive is a rapid conversion of a solid 
substance into a gas mixture, accompanied by large me- 
chanical forces of expansion. 


16-8 Alcohols, Acids, and Esters 


The study of organic chemistry is to a great extent a study 
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of functional groups, which are those groups of atoms in an 
organic compound that are responsible for the compound's 
distinctive properties. The properties of an alcohol, for ex- 
ample, result in large part from the fact that it contains an 
—OH group. Table 16-1 lists the more important functional 
groups. To appreciate the following discussion, it is advis- 
able to become acquainted with these groups, and, although 
there are several other kinds of functional groups among or- 
ganic substances, the list in the table will suffice for our 
present interest. 

Alcohols are organic substances that contain one or more 
hydroxyl (OH) groups. Note that the formula of a simple 
alcohol, such as ethyl alcohol, is much like that of a base: 


C,H;—OH ethyl alcohol 
Na—OH sodium hydroxide 


TABLE 16-1 


Beyond their similar formulas, however, these two sub- 
stances have very little in common, Alcohols are covalent, 
whereas sodium hydroxide and other typical bases are ionic 
substances. It is more proper to compare alcohols to water 
because alcohol, like water, is essentially a covalent sub- 
stance; 


CH,—OH methyl alcohol 
H—OH water 


Methyl alcohol is sometimes called wood alcohol because 
it may be obtained through the destructive distillation of 
wood, but it can now be made more cheaply from coal. The 
coal is first converted to coke, then steam is passed over the 
hot coke, which, being composed chiefly of carbon, reacts 
with the steam to form “water gas,” a mixture of hydrogen 
and carbon monoxide: 

C+ H:0 > CO + H: 

The water gas is then passed over a mixture of zine and 
chromium oxides at high pressure and at a temperature of 
400°C. The metallic oxides serve as a catalyst, which is a 
substance that influences the rate of a chemical change and 
is recovered unchanged after the reaction has occurred. The 
water gas is converted into methyl alcohol in the presence 
of this catalyst: 
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spect they are quite similar to ammonia. Amines are often 
formed in the decomposition of animal tissue, and their odor 
is a “fishy” one, which is an indication of their organic com- 
position, 

Because amines are basic they may be expected to react 
with organic acids to form an organic salt comparable to 
the acid-base-salt reaction that we encountered in the last 
chapter. Here, however, the combination of an amine with 
an organic acid is called an amide instead of a salt. This re- 
action is similar to the interaction of an acid and an alcohol 
where an ester is formed. That is, a water molecule is split 
out between the amine and acid, as shown by the box in the 
equation: 

CH,CO[OH + H|NHCH; > CH,—CO—NH—CH; + H.O 


acetic methylamine methylacetamide water 

acid 
The functional group in an amide,—-CO—NH-, is very im- 
portant in the formation of synthetic polymers between an 
acid and an amine, such as nylon, and the amide group is 
also essential to the primary unit that makes up animal tissue 
(protein). 

In making nylon, an acid that contains two carboxyl 
groups and an amine that contains two amine groups are 
attached to each other, giving long chainlike molecules. 
Several different acids and amines may be used, although 
one of the more popular nylons is composed of adipic acid 
and hexamethylenediamine. Here is the equation showing 
how these two react: 


FP 
adipic acid hexamethyle: mine 
HOOC—C,H,—CO—NH—C,H,, NH, T H20 


— 
amide linkage 


In this equation only one molecule of acid is linked to one 
molecule of amine, but you can readily see that there is yet 
an unused carboxyl group in the acid and an unused amine 
group in the amine, both of which can further react with 
either another amine or acid molecule to give a long chain 
polymer. As a result, a single nylon molecule may contain 
over a hundred molecules of an acid and a like number of 
amine molecules attached to each other through a series of 
amide linkages. Since the mechanical strength of nylon is 
very high, we can conclude that the amide linkage is quite 
strong. In a later chapter we shall see the importance of the 
amide linkage in the structure of proteins. 


16-10 Summary 


Nonmetallic elements, such as hydrogen, oxygen, sulfur, 
and carbon, are covalent substances, the properties of which 
are largely related to the covalent structure of their molecu- 
lar units. 

Graphite and diamond are both composed of carbon, but 


328 


ee 


Covalent Substances 


their radically different properties stem from their different 
crystal structures, The extreme hardness of diamond results 
from the fact that its small atoms are held together by short 
covalent bonds and arranged in a very rigid crystal order 
whereas graphite is composed of thin sheets. 

Organic substances are carbon compounds and inorganic 
substances are noncarbon compounds. 

Silicon forms tetrahedral bonds with oxygen and is capable 
of entering into both simple and complex substances ranging 
from quartz to clays and glass. 

Carbon also forms tetrahedral covalent bonds and is 
notably capable of forming a great number of different kinds 
of molecules, The more important groups of carbon com- 
pounds include the hydrocarbons, alcohols, acids, esters, 
amines, and amides, Carbon, too, forms covalent bonds with 
itself, 

Resonance, as shown by the benzene and ammonia mole- 
cules, is a concept that explains the stability and structure 
of molecules that have two or more alternate structures. 

Polymers are giant molecules made up of simple, repetitive 
units, They occur naturally in rubber, quartz, and the com- 
plex silicates, and are produced in a wide variety of syn- 
thetics such as synthetic rubber, nylon, and plastics. 


EXERCISES 


A. KEY TERMS TO REMEMBER 


acid (organic) ester isomer 

alcohol functional group organic compounds 
amide giant molecule polymer 

amine graphite quartz 

ammonia “clock” high polymers resonance 

benzene hydrocarbon tetrahedral arrangement 
diamond inorganic compounds 


B. QUESTIONS ABOUT COVALENT SUBSTANCES 


1. Write electronic formulas to show the covalent bond in the 
molecules: Fo, Cle, Bra, Ip. 

2. Explain the hardness of diamond in terms of its crystal struc- 
ture. 


3. With its diamondlike structure, why is tin only a dust at low 
temperatures? Would it be advisable to use tin pipes in a re- 


frigerator? 

4. Starting with a diagram of a silicate chain, as in Fig. 16-5, 
show how two silicate chains may be attached to each other by 
magnesium ions. What kind of metal ions would best terminate 


the chains? 
5. Prepare a list of household items that contain silica in one 
form or another. 
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6. Draw structural formulas for the isomers of pentane, C;Hjp». 


7. Assuming that the regular rules of covalency apply to each 
of the following substances, draw structural formulas for: 


a, CH,O d. GsH,O, g Ces J. Cell: N 
b. CHO e. CyH,Os B. Cris k. C;H,O. 
c CH202 f. CH aN i, CgH,O 1 


8. Name as many of the substances in the preceding exercise 
as you can, 


9. Prepare a list of household items that are made of synthetic 
polymers. Trace as many of these as you can to the raw materials 
from which they are made. 


10. How many seconds would the “ammonia clock” gain or 
lose in 300 years? 


11. In view of its crystal structure explain why graphite is a 
very poor electrical conductor in the direction perpendicular to 
the plane of the crystal layer. 


12. The ring of six carbon atoms in a benzene molecule is 
thought to be an excellent conductor of electricity. That is, there 
would be very little resistance to an electrical current if it were 
induced to flow around the ring. Explain. 


13. Construct diagrams that show the electronic formulas of 
the following covalent substances: 


a. Sg, an eight-membered ring of sulfur atoms. 

b. Pi, with each phosphorous atom at the corners of a tetra- 
hedron. 

c. Na, involving three pairs of shared electrons. 

d. AsH; 

e. Graphite, showing a portion of the layer crystal. 


14, What evidence is there that glass is not a true crystalline 
substance? 


15. Explain how the ammonia molecule which is a neutral 
molecule can form chemical bonds with a molecule of another 
substance. 


16. Using the equation for the partial combustion of methane 
to carbon and water as a guide, write an equation describing the 
formation of carbon when a cold surface such as glass or china is 
placed in a candle flame. Candle paraffin is a mixture, but you 
may assume the hydrocarbon Cy 9H,» to be representative of its 
composition. 


17. Why should a molecule that has a resonance structure be 
more stable than a similar one without this kind of structure? 


18. Write an equation which represents the self-combustion of 
TNT. 


19. Write an equation to show the cracking of C,gH3,4 into two 
smaller molecules. Show the structures of the products and ex- 
plain why one of the products must be unsaturated. 
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In previous chapters we have become acquainted with the 

composition of various simple and compound substances, 
and we now turn to a key aspect of these substances—how 
they react with each other in chemical changes. We know 
that iron tends to rust but gold remains bright and lustrous 
for years. We also know that wood burns, yet we build 
houses of it. Many have dreamed of finding a magic pill 
which, when dissolved in water, would convert the water to 
a fuel for an engine, and there have been numerous attempts 
to design an engine that would operate on a fuel that it itself 
manufactures. But we know that water, sand, concrete, and 
the various rocks are so littfe inclined to serve as fuels that 
these substances are handy to have around as a means of 
preventing or controlling undesirable combustion reactions. 
Upon closer examination, it becomes apparent that all chemi- 
cal reactions involve changes in energy, and the greater this 
change in energy the greater the tendency for a chemical 
reaction to occur. 

Certain reactions take place very rapidly and with little 
coaxing on our part. An acid, for example, neutralizes a base 
almost instantly, and most of the reactions involving ionic 
substances are rapid reactions and require little of our at- 
tention other than mixing the reactants together. Other 
reactions, however, such as the digestion of food and the 
disintegration of rocks by natural waters, are slow reactions. 
Wood must be kindled or heated to its ignition temperature 
before it burns, and iron rusts slowly. 

In this chapter we will be concerned with two major prob- 
lems: why does a chemical reaction take place, and what 
determines how fast a reaction goes? We will find that the \ 
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answers to these problems involve a serious consideration 
of the energy changes that accompany chemical reactions. 
At times we may be more interested in the energy released 
in a reaction than in the products of the reaction. Neverthe- 
less, in order to obtain this energy, whether it drives our 
cars, flies our jet planes, or lights a flashlight, chemical reac- 
tions occur and the mechanism of these changes supplies a 
fundamental understanding of why the reaction takes place. 
Let us seek the relationship between chemical reactions and 
energy. 


17-1 Kinds of Energy 


Up to this point we have encountered several types of 
energy which we defined as the ability to do work. Mechani- 
cal energy (kinetic and potential) is measured in terms of 
force and distance (Chapter 2) and is probably the one we 
are most familiar with in our everyday lives. 

Radiant energy is the energy that is transmitted as an 
electromagnetic wave. We commonly associate the energy 
of light, gamma rays, X rays, infrared rays, radar, and radio 
with this form of energy (Fig. 10-27). Radiant energy is 
composed of quanta or photons, and, according to the 
quantum theory (Chapter 12), the energy of a photon is 
directly proportional to the frequency of the radiation. Thus, 
a photon of ultraviolet radiation has much more energy than 
does a photon in the infrared portion of the electromagnetic 
spectrum. 

A third kind of energy is heat energy. It is measured in 
terms of a calorie, which is the amount of heat required to 
raise the temperature of one gram of water from 14.5°C 
to 15.5°C, The concepts of heat energy are so important in 
physical science that two later chapters will be devoted to a 
more complete discussion of it. Heat energy—like mechani- 
cal energy and radiant energy—is capable of doing work. 

A fourth kind of energy is electrical energy. Although we 
became acquainted with electrical energy in Chapter 9, it 
is often associated with chemical processes, and it, like heat 
energy, is important enough to warrant a more thorough dis- 
cussion later in the book. 

The next energy we encounter, and the subject of this 
chapter, is chemical energy. Chemical energy is a sort of 
potential energy—not the energy of position as is potential 
mechanical energy, but the energy of electrons in atoms and 
molecules. A pound of dynamite, for instance, contains a 
great deal of chemical energy stored up in its molecules, and 
when the dynamite is exploded, the stored-up chemical en- 
ergy is released or transformed into other forms of energy. 
Besides chemical energy, mechanical energy is, of course, 
produced by the explosion of the dynamite, and heat energy 
and radiant energy are also involved. Another example of 
chemical energy is to be seen in the operation of an electrical 
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dry cell, When we press the switch of a flashlight, we start 
a chemical reaction that liberates stored-up chemical energy 
in the form of electrical energy, Chemical processes that 
produce energy are all about us and, indeed, inside us. The 
burning of gasoline in an engine, the digestion of food, the 
heating of our homes with fuels are all examples of chemical 
energy being released in the form of heat, light, mechanical, 
or radiant energy. 

All these forms of energy can be related to each other 
through conversion factors whose actual values are not as 
important as the idea that all forms of energy are equivalent 
to each other, For example, a calorie of heat energy is 
equivalent to 3.087 foot-pounds or 4.186 joules, and a calorie 
of heat energy is equivalent to 0.00116 watt hours of elec- 
trical energy. Chemical energy is frequently measured in 
terms of calories or joules. 


17-2 Exothermal and Endothermal Reactions 


All chemical reactions involve energy changes, but some 
give off energy while others use up energy, Let us analyze 
more closely the important difference between these two 
kinds of reactions. When we burn coal in a furnace, we are 
primarily interested in producing heat energy. A pound of 
high quality coal may release as much as 3,500,000 calories 
of heat, or 5.5 horsepower-hours. The rusting of iron is a 
reaction that also gives off heat, though this process is so 
slow we would need a sensitive instrument to measure the 
amount of energy released, These two reactions are called 
exothermal reactions because they give off energy when they 
oceur, 

It is sometimes convenient to express these reactions in a 
regular chemical equation, The burning of coal (or carbon) 
may be described as follows: 

C -+ Oz —> CO; + 94,052 cal 
This expression says that one gram atom (12 g) of carbon, 
when — to carbon dioxide, gives off 94,052 cal of heat, 
and it is called a thermochemical equation because it shows 
the energy transformation as well as the chemical change. 
There is no way to predict the amount of energy that will 
be released in such a reaction—it must be measured by ex. 


periment. = 
A reaction, on the other hand, that uses fd yg wl 

it takes place is called an endothermal reaction. In the prep- 

aration of aluminum metal from its ore, AlOs, a Tea e 

amount of energy must be supplied in order to make t 


reaction occur: 
2A1,05 + 815,900 cal 4Al + 303 


To obtain the aluminum from two moles of aluminum oxide 
(204 g), we must supply 815,900 cal of heat or an equivalent 
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amount of some other form of energy. In an aluminum re- 
duction plant, this energy is usually supplied by electrical 
energy, and to make the four gram atoms of aluminum (108 
g), about 0.9 kilowatt-hour of electrical energy is required, 
assuming that the operation is 100 per cent efficient. Since 
the process is only 30 per cent efficient, it is little wonder 
that aluminum reduction plants must be located near large 
sources of electrical power. 


17-3 The Mechanism of Chemical Reactions 


The question at the crux of this section is: “How do two 
substances react with each other?” You may be surprised to 
learn that the answer to this question is not fully known, 
and that many chemical changes are intricate puzzles which 
the scientist has not yet resolved, He is finding out new 
things all the time, however, Let us see now what we do 
know about reactions, 

Reactions between ionic substances occur almost instantly. 
The reason for this lies in the fact that an ion is a charged 
atom or group of atoms and that the electrical field extends, 
because of the ion’s charge, uniformly in all directions. Sup- 
pose we mix a solution of sodium sulfate with a solution of 
calcium chloride. A white precipitate of calcium sulfate oc- 
curs immediately; 


Na,SO, -+ CaCl, —> CaSO,| + 2NaCl 


Since ionic substances are involved here, the equation may 
be more correctly shown: 


Ca“ -4 S0. = CaSO,] 


The only ions that take part in the reaction are the calcium 
fon and the sulfate ion, so when we combine the solutions 
of sodium sulfate and calcium chloride we are, in effect, 
merely bringing these two ions into contact with each other. 
Their opposite electrical charge produces a mutual attrac- 
tion between these ions, with the result that they interact 
with each other immediately, Generally speaking, if in a mix- 
ture there is a combination of ions that may form an in- 
soluble substance, a precipitate of this substance will occur 
immediately. In this case, when the calcium ions and the 
sulfate ions are mixed they form calcium sulfate, an insoluble 
salt, and the reaction is very rapid because it involves op- 
positely charged ions that attract each other strongly and 
quickly. The reaction, caused by the coulombic forces be- 
tween the ions, is so rapid, in fact, that it is impossible to 
measure the time interval during which the calcium and 
sulfate ions react with each other. 

Not all reactions between ions produce insoluble precipi- 
tates; some produce a gaseous product. For example, the re- 
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action botwoon baking soda and an acid produces carbon 
dioxide: 


Na HCO; + HOOCCH, > NsOOCCH, + 
EA = = — 


Carbonic acid is an unstable substance that immediately 
forms carbon dioxide and water; 


H. C0. . + CO, 


If we rewrite this equation in terms of the lonie substances 
present, we have; 


Na* + HCO + H* + OOCCH,- + 
: Na* + OOCCH,~ + HCO, 


By simplifying the equation so that only the fons that react 
are included, we get: 


CO = 


Here the coulombic forces between two lons of opposite 
charge bring the ions together to form a new 
bonic acid, which in turn decomposes into carbon dioxide 
and water, Because of the limited solubility of carbon di- 
oxide, it is evolved as a gas. This 
baking soda and an acid are used in baking. The 
be supplied by vinegar (acetic acid 
acid), or by lemon juice acid 
ide that is evolved forms tiny gas bubbles in the pastry 
1 * U 
A third kind of product may 
reaction is a slightly ionized or an-ionized 
best example of such a reaction is that 
a base which, as we saw in Chapter 
reaction between a hydrogen jon and 


Ht ron HO 
Since water is an un-onized substance, once the 
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will now see, carbon dioxide is also a polar molecule. The 
three atoms in carbon dioxide form a linear pattern: 


-0::C::0: 


The slightest disturbance of the electron structure of this 
molecule, however, causes the electrons to vibrate within the 
molecule and to move first toward one end and then toward 
the other, At a particular instant, a pair of electrons may 
shift to the right end: 


on oe — + oa 
nO G2 Oe OO: 
SS et 


This change makes the carbon atom positively charged and 
the oxygen atom on the right negatively charged. If, at this 
moment, a water molecule happens to collide with the car- 
bon dioxide molecule in such a manner that their polarities 
are favorably oriented, a molecule of carbonic acid is 
formed: 


OO :0::C:0: 
T — 6 H — 
-:0:H H 
H + 
0::C:0:H 
“Or 
ii, 
acid 


The force of attraction between the unlike poles of water 
and carbon dioxide bring these two molecules together. Note 
that two steps are involved in this process—the shift of a 
pair of electrons in the carbon dioxide molecule and a favor- 
able collision with a water molecule. Since the probability 
of these favorable conditions happening is not high, the re- 
actions of this type take place slowly. 

Other reactions are explained by a principle known as the 
free radical theory. It says that when a molecule absorbs a 
certain amount of energy, in the form of either heat or radi- 
ant energy, it can enter into a chemical reaction because the 
molecule will break in two and will form fragments or radi- 
cals that possess an odd number of electrons. The reaction 
between methane and chlorine provides an example of this 
mechanism, A mixture of chlorine and methane may be 
stored in the dark for a long time and not show any evidence 
of reaction. However, when this mixture is exposed to sun- 
light a reaction occurs at a rate that is proportional to the 
intensity of the light. The chlorine molecule first absorbs a 
quantum of light energy: 
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Cl: Cl: + photon 2: Cl- 


free radical 
(two free chlorine atoms) 


The chlorine atom then reacts with a molecule of methane: 


H H 
CI. H:; G: HH: : EH: G 
H = H 

free radical 


The free methyl radical goes on to unite with a chlorine 
molecule to produce a new chlorine atom and a molecule of 
methyl chloride: 


H H 
H: G. : CI: C: H: G: UM: ＋ : C 
1 a AT 1 55 


The new chlorine atom will then carry on this process 
called a chain reaction—until all the free radicals combine 
with one another, with the walls of the container, or with 
the reactants. This type of reaction, which involves radiant 
energy, is called a photochemical process, and we will have 
an opportunity to become better acquainted with it in the 
next chaper on photosynthesis. 

Although there are other ways in which reactions may oc- 
cur, they are mostly of too special or narrow an interest to 
be included in this general study. It is sufficient to note here 
that reactions between ions are usually very rapid, that most 
reactions involving covalent bonds and dipolar molecules 
are measurably slow, and that special kinds of reactions, 
such as photochemical reactions, may be either rapid or slow, 
depending upon the nature of the reactants. 


17-4 Activation Energy and Catalysts 


Have you ever wondered why a match does not suddenly 
and spontaneously burst into flame? Or a log, or a piece of 
paper, or even a wooden house? These combustion reactions 
are all exothermic which means that once started, they will 
take place rapidly, and sometimes disastrously. Fortunately 
for us, most of these reactions do not occur spontaneously 
without the addition of some outside energy. We must strike 
the match, kindle the log, or set fire to the house before they 
will burn. This energy required to get a reaction started is 
called the activation energy. Sometimes the activation en- 
ergy needed is quite great, as we find when we try to burn 
a log, and sometimes it is quite small, as we quickly see 
when we strike a match. In both cases, however, we must 
supply energy to get the reactions going. 

The deen in Tig 17-1 will help us understand the con- 
cept of activation energy. Let us examine the reaction in 
which carbon and oxygen combine to form carbon dioxide. 
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At ordinary room temperature, these two reactants may be 
in contact with each other for a long time and nothing will 
happen. If we want them to react, we must supply some en- 
ergy to them, and we usually accomplish this by adding some 
heat energy to raise their temperature. Enough heat energy 
must be supplied to elevate the energy of the reactants over 
the barrier (of activation energy) that prevents them from 
reacting at lower temperatures. Once the reactants are over 
the barrier, they will react on their own and give off both 
the energy of activation and the energy of reaction. Since 
this is an exothermal reaction, the energy of reaction will 
supply enough energy to activate new reactants, and the 
reaction will proceed until the reactants are exhausted. 

Examples of activation energy are common in our every- 
day experience. A spark plug, when sparked, supplies the 
activation energy needed to set off an explosion of the gaso- 
line-air mixture in an automobile engine. The mechanical 
energy that we expend in striking a match supplies the acti- 
vation energy, in the form of heat, necessary to set off the 
match. 

Endothermal reactions also require activation energy, but 
these reactions are not self-sustaining. An examination of 
Fig, 17-2 shows that the reactants, nitrogen and oxygen, will 
react if we supply both the activation energy and enough 
additional energy to provide the energy that is used up by 
the reaction itself. Few endothermal reactions require as 
much activation energy as the one illustrated in the figure, 
for the reaction between nitrogen and oxygen is a very slug- 
gish one. When the air, which is composed of a mixture of 
nitrogen and oxygen, is occasionally rent by a bolt of light- 
ning, the tremendous amount of energy supplied by the 
electrical discharge is sufficient to activate nitrogen and oxy- 
gen in a reaction that produces a small amount of nitric 
oxide. The nitric oxide (NO) then reacts with water and 
falls to the earth as nitric acid. Small amounts of this acid 

can usually be found in the vicinity of thunderstorms. At one 
time, this process was used commercially to make nitric acid, 
but the electrical energy required proved too costly, and 
the process was discontinued. 

To help overcome the “activation” barrier, a substance 
called a catalyst is often introduced into chemical reactions. 
A catalyst is any substance that changes the rate of a chemi- 
cal reaction. To see the effect of a catalyst upon the activa- 
tion energy needed for a reaction, let us re-examine Fig. 
17-1 in which the activation energy has been reduced by 
the presence of a catalyst (note the dotted curve), Here, 
the catalyst reduces the height of the “activation” barrier, 
and, in lowering the activation energy required, thus enables 
the reaction to occur more easily than it would otherwise. 
And, with the height of the “activation” barrier lowered, less 
energy is needed to initiate the reaction. 

Catalysts serve an important function in many industrial 
processes: they are used to speed up the reactions in the 
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manufacture of ammonia, sulfuric acid, synthetic gasoline, 
aviation gasoline, synthetic rubber, hydrogenated oils and 
fats, and many other useful products. On the other hand, 
the gasoline we use in our automobiles contains catalysts 
that elevate the “activation” barrier, thus preventing a pre- 
mature explosion, or “ping,” in the fuel-air mixture. 

Although many scientists have studied the way in which 
catalysts change the speed of a chemical reaction, they have 
as yet failed to develop a theory that satisfactorily explains 
how catalysts do it. Some catalysts apparently form a kind 
of intermediate “reaction complex,” which works in this way. 
If two substances A and B react to form the product AB, 
catalyst C assists this reaction by forming an intermediate 
substance “AC” or “BC,” and this intermediate substance 
then reacts to form the final product: 


“ 


“A+ Gop “AC* 
“AC” + B— AB -+-C 
The catalyst C is regenerated and may be used over and 
over again, Seldom, however, has the intermediate substance 
“AC” been isolated and examined, and it is usually difficult 
to prove whether these intermediate substances were ever 
present in the reaction. 

A special breed of catalysts are those called surface cata- 
lysts, which provide surfaces or areas on which reactions 
can more readily take place, A platinum wire, for example, 
if hung in alcohol vapor glows with a red heat, because the 
surface of the platinum absorbs alcohol molecules and oxy- 
gen molecules and thus brings them close enough together 
to react with each other in an exothermal reaction that is 
sufficient to make the platinum wire glow (Fig. 17-3). Since 
the heat of the reaction causes the products to evaporate, 
the metal surface is left clean and ready to adsorb more 
alcohol and oxygen molecules. 


Fig. 17.3. A probable mechanism for a 


face catalyst. 8 
0 
| 


17-5 Rate of Chemical Reaction 


As we know, some reactions occur rapidly, and some 
slowly, In our industrial society, the ability to an ka 
rate of reaction is becoming increasingly desirable, 
indeed, indispensable. When we make a substance by a 
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at a boy on the outside, the boy on the outside cannot throw 
any apples back until he can pick up some of the apples 
thrown over by the first boy. If we sit on the wall and count 
the number of apples going both ways and find that just as 
many are going one way as are going the other, we can con- 
clude that a state of dynamic equilibrium exists—one boy, 
in effect, is undoing the other boy’s work. 

As in the case of the two boys throwing apples across the 
wall, many chemical reactions reach such a condition of dy- 
namic equilibrium. For example, if we bring live steam and 
hot iron together, they will react to produce iron oxide and 
hydrogen: 


3Fe + 4H.O — Fe,O, + 4H2 (A) 


But if we keep the hot iron oxide and hydrogen in the same 
container, they will react and form iron and steam again: 


Fe,0, + 4H: > 3Fe + 4H,O (B) 


The second reaction is exactly the opposite of the first one; 
each reaction undoes the effect of the other, and we speak 
of this kind of a chemical reaction system as a reversible 
reaction. 

At first, when the hot iron and live steam are brought to- 
gether, only reaction (A) occurs, but as this reaction pro- 
ceeds, the amounts of iron and steam become smaller and, 
accordingly, reaction (A) slows down. During reaction (A), 
increasing amounts of iron oxide and hydrogen are formed 
until the point is reached at which their amounts become 
significant enough to react with each other in reaction (B). 
At the time when reaction (A) has slowed down and reac- 
tion (B) has speeded up till they are both operating at the 
same speed, the reaction system has reached what we call 
chemical equilibrium. Such a condition is indicated by 
double arrows. These double arrows tell us that this reac- 
tion, 


3Fe + 4H2O s Fe;0, + 4H (C) 


ends up in equilibrium no matter whether it starts with re- 
action (A) or reaction (B). 

At the point of chemical equilibrium, all substances are 
not present in equal amounts, for each reversible chemical 
reaction has its own peculiar equilibrium point, which de- 
pends on a number of factors. The forward reaction—reac- 
tion (A)—may go almost to completion before the reverse 
reaction—reaction (B)—starts to take place, in which case 
the equilibrium point of reaction (C) is said to be displaced 
far to the right. Or, conversely, the equilibrium point may 
be displaced to the left. The essential feature in chemical 
equilibrium is that the forward and reverse reactions operate 
at the same speeds. Even after the equilibrium point has 
been reached, both forward and reverse reactions continue 
to take place, and the system exists in a state of dynamic 
equilibrium. 
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Many chemical reactions used in industrial processes—in, 
for example, the manufacture of sulfuric acid, ammonia, 
nitric acid, alcohol, steel, and many other products—are re- 
versible reactions and hence obey the principles of dynamic 
equilibrium. Because the equilibrium point is of great im- 
portance in the making of these substances, let us examine 
the factors that influence it in reversible chemical reactions. 


17-7 Factors That Affect Chemical Equilibrium 


Since chemical equilibrium consists of two opposing reac- 
tions, any change we make that favors one of these reactions 
will tend to displace the equilibrium point; that is, a change 
in conditions usually favors one of the reactions more than 
the other and thus causes a disturbance of the equilibrium. 
An important guide to predicting the behavior of an equi- 
librium reaction in these circumstances was formulated in 
1888 by a Frenchman, Henri Le Chatelier, and is called 
the rule of Le Chatelier after him. After observing many 
chemical equilibria, Le Chatelier concluded that if an equi- 
librium system is subjected to a change of conditions, the 
new equilibrium point established as a result of the change 
tends to undo the effect of the change. In other words, al- 
though a change of conditions favors one reaction in an 
equilibrium more than it does the other, the equilibrium 
point will shift in such a direction as to undo the effect of 
the changed conditions. Let us now examine those changes 
of conditions that affect a system in equilibrium. 

A change in the concentration of any of the substances in 
an equilibrium mixture causes a displacement of the equi- 
librium. As we saw earlier in this chapter, the rate of a 
chemical reaction may be influenced by the concentration 
of the reacting substances, and, consequently, in an equi- 
librium system a change of the concentration of any of the 
substances speeds up or slows down one of the reactions and 
therefore disturbs the equilibrium point. For example, in the 
reversible reaction between nitrogen and oxygen, an increase 
in the concentration of oxygen increases the number of 
chances for the forward reaction and thus speeds up the for- 
ward reaction. Since the speed of the forward reaction now 
exceeds that of the reverse reaction, the equilibrium is dis- 
turbed, or shifted to the right. However, the system, 


N: + O2 2NO 


overcomes this imbalance, because as the forward reaction 
produces more product, the concentration of NO becomes 
large enough to produce a more rapid reverse 8 
Eventually the reverse reaction is able to undo the effect 0 
the forward reaction and a new equilibrium point is estab- 
lished. 95 7 5 
A change in temperature always affects an equilibrium 
system, You will recall that all chemical reactions are either 
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exothermal or endothermal, and, in a reversible chemical 
reaction, one reaction is exothermal and the other is endo- 
thermal, If the forward reaction evolves a certain amount 
of heat energy, the reverse reaction uses up exactly the same 
amount of heat energy. If we raise the temperature in such 
a reaction system, we add heat and this disfavors the for- 
ward, or exothermal, reaction. For example, in the following 
equilibrium reaction: 


Zn + S S ZnS + 46,000 cal 


each mole of zinc sulfide, when made from zinc and sulfur, 
releases 46,000 cal of heat energy, but when a mole of zinc 
sulfide is decomposed into zinc and sulfur, 46,000 cal of 
energy is used up. Since in the forward reaction, heat is a 
product of the reaction, as we add heat we discourage the 
forward reaction and at the same time encourage the re- 
verse reaction. The equilibrium, therefore, is shifted to the 
left when the temperature is raised. 

A change in pressure affects an equilibrium system if there 
is a change in volume as the reaction takes place. In the 
decomposition of calcium carbonate into calcium oxide and 
carbon dioxide, a solid is changed into another solid and a 
gas: 


CaCO; S CaO + CO» 


Since a mole of gas occupies several hundred times the vol- 
ume of a mole of solid, as this reaction goes forward there 
is a great increase in volume. If we subject this reaction 
system to an increased pressure, the forward reaction is dis- 
favored, the reverse reaction is favored, and the original 
equilibrium is shifted to the left, toward the side that occu- 
pies the smaller volume. If a reaction is not accompanied by 
a change in volume, then a change in pressure has no effect 
upon the equilibrium point. 

The presence of a catalyst in a reversible chemical reac- 
tion has no effect upon the equilibrium point. Although a 
catalyst may reduce the time required to reach a state of 
equilibrium, no catalyst known favors one reaction more than 
the other in an equilibrium system, so its presence does not 
affect the relative amounts of reactants and products at equi- 
librium. If a catalyst were discovered that favored one, but 
not the other, of the reactions in an equilibrium system, it 
would be a truly great discovery, because such a catalyst 
would enable the scientist to conduct many chemical reac- 
tions that are now impossible or extremely inefficient. 


17-8 The Ammonia Synthesis 


In many industrial chemical processes, the proper control 
of reaction rates and chemical equilibrium makes the dif- 
ference between success and failure. To see how these reac- 
tions are controlled, let us examine a particular industrial 
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process—the synthesis of ammonia. Prior to 1900, nitrogen 
compounds were obtained principally from natural sources 
—coal and nitrates, Then in 1906, the cyanamide process was 
developed, followed in 1913 by the Haber process (a method 
of making ammonia from air and water), which today pro- 
duces most of the world’s supply of nitrogen compounds. 
From the air comes nitrogen and from water comes hydrogen 
and they are brought together in the following reaction: 


Ne + 3H» < 2NH; + 22,000 cal 


This reaction supplies us with the ammonia that we convert 
into a multitude of useful substances: fertilizers, nitric acid, 
explosives, lacquers, plastics such as nylon, and a host of 
others. It is, indeed, of considerable strategic importance in 
both war and peace. 

When a mixture of one mole of nitrogen and three moles 
of hydrogen is subjected to various temperatures and pres- 
sures, a certain percentage of the mixture is converted into 
ammonia (Table 17-1). From this table it is quite evident 
that temperature and pressure have a great effect upon the 
yield of ammonia, and, ideally, it looks like we should run 
the reaction at a temperature of 200°C and at a pressure of 
1000 atm to get a 99 per cent yield of ammonia. But at tem- 
peratures as low as 200°C, we would have to wait some time 


TABLE 17-1 


for the equilibrium point to be reached, and, even if we 
used the best catalysts available, the stockholders of a com- 
pany making ammonia under these conditions would be up 
in arms. Therefore, the reaction is speeded up by increasing 
its temperature, even though this reduces the percentage 
yield. Most of the synthetic ammonia plants in the United 
States operate at a temperature of about 450°C, using an 
iron-potassium oxide-aluminum oxide catalyst. ; 

From the equation for the ammonia synthesis reaction, we 
see that four molecules of reactants are converted into two 
molecules of product, which means that as the two gases 
react with each other there will be a decrease in volume. 
An increased pressure, therefore, favors the forward reac- 
tion, and this is confirmed in Table 17-1 where we can see 
that an increase in pressure increases the percentage yield of 
ammonia and therefore moves the equilibrium point to the 
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right. For instance, at 700°C, only 4 per cent of the reactants 
are converted into ammonia at 200 atm pressure, while at 
1000 atm the yield is four times greater, for 16 per cent of 
the reactants are converted into product. Consequently, to 
produce the largest quantity of ammonia possible, the reac- 
tion should operate under a high pressure, but, because of 
the costly equipment required for such pressures, most of 
our ammonia is produced at no more than 800 atm pressure. 
From the table, we can see that at 450°C and 800 atm the 
maximum yield of ammonia is approximately 65 per cent. A 
catalyst is always used in the Haber synthesis to reduce the 
time required to reach equilibrium; it has no effect, how- 
ever, upon the yield of ammonia at equilibrium. 

The concepts of equilibrium and reaction rates are essen- 
tial ones in most chemical manufacturing, and careful atten- 
tion to the four factors—temperature, pressure, catalyst, and 
the nature of the reacting materials—is a prerequisite to 
successful operation of the chemical industry, 


17-9 Reaction Mechanisms in Natural Processes 


In Chapter 15, we saw briefly how ground waters attack 
limestone, feldspars, and other rocks and minerals. These 
reactions, though sometimes complex, are subject to the same 
principles that govern the speed of reactions in the labora- 
tory, and we are now in a position to examine some of the 
factors that control the speed of such natural processes as 
chemical weathering, sedimentation, and other geochemical 
changes. 

The formation of the earth’s crust may be divided into 
three stages. The first stage, in which all materials were 
either liquids or gases, occurred at high temperatures, and 
the less dense substances, such as aluminum, silicon, and 
oxygen, goes to the surface while the heavier iron and nickel 
sank to the core of the earth. Because of the high tempera- 
tures, these reactions proceeded rapidly, and this stage was 
of shorter duration than the later stages that operated at 
much lower temperatures. In the second stage, the earth’s 
surface cooled, and the solid crust that was thereby formed 
was well above its present temperature. There is ample evi- 
dence to show that the hot solid crust of the earth under- 
went vigorous reactions, some of which no doubt consisted 
of the reaction between the atmosphere and the earth’s crust, 
and during this second stage most of the elements were con- 
verted into their oxides. 

The third stage in the development of the earth’s crust, 
now in progress, is operating at a temperature below the 
boiling point of water, As a consequence, the reactions are 
much slower than those that took place in the earlier stages, 
and, in addition, they depend primarily upon the presence of 
water, carbon dioxide, and oxygen. It is the action of these 
three upon rocks and minerals at typical crustal temperatures 
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that is called weathering, a process that we shall now ex- 
amine in the light of what we know about reaction rates and 
equilibrium. 

Natural waters, you will recall, contain a small amount of 
carbon dioxide. There are two equilibria in the interaction 
of these two substances because two interdependent reac- 
tions are involved: 


H:O + CO s HCO; s H+ + HCO,- (D) 
water carbon carbonic hydrogen bicarbonate 
dioxide acid ion ion 


This equilibrium system contains five substances, and a 
change in the concentration of any one of them causes both 
equilibria to shift. For instance, if some of the hydrogen 
ions are removed from the system, both equilibria will be 
shifted to the right because removal of hydrogen ions dis- 
favors the reverse reaction, Or, since carbon dioxide is the 
only gas in this reaction, an increase in pressure favors the 
reaction that uses up the carbon dioxide and hence produces 
more carbonic acid and, in turn, more hydrogen and bi- 
carbonate ions. An increase in temperature decreases the 
solubility of carbon dioxide in water which, in effect, re- 
moves some of the carbon dioxide from the environment of 
the reaction and disfavors the forward reaction. Therefore, 
the equilibria are shifted to the left at higher temperatures. 
All these deductions are based on the Le Chatelier rule. 

Suppose we investigate what happens when limestone is 
attacked by water. Limestone is chiefly calcite (calcium 
carbonate), and in pure water only a small amount of it 
dissolves, producing a dilute solution of calcium and car- 
bonate ions: 


CaCO; Ca++ + CO;-- (E) 


However, natural waters in which the calcite dissolves may 
contain carbon dioxide, and some of the hydrogen ions in 
the natural water (see Equation D) react with the carbonate 
ion, forming the bicarbonate ion: 


H+ + CO = HCO;— (F) 
hydrogen carbonate bicarbonate 
ion ion ion 


In contrast to the very slight solubility of calcium carbonate, 
calcium bicarbonate is quite soluble, Thus, the small amount 
of carbonate ion supplied in Equation (E) is steadily con- 
verted into the bicarbonate ion in Equation (F), with the 
result that more calcite may dissolve. The weathering of 
limestone, then, is essentially the slow dissolution of calcite 
by the carbon dioxide in natural water. We were introduced 
to this process in Chapter 15, but we can now more fully 
examine it because it involves several basic ideas of chemical 
equilibrium. 925 

The speed with which water dissolves calcite is largely 
determined by the concentration of hydrogen ions in the 
water. In the laboratory, we can dissolve a piece of lime- 
stone in an acid such as hydrochloric acid in only a few 
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minutes, but in nature the concentration of hydrogen ions 
supplied by reaction (D) above is only about a millionth of 
that in hydrochloric acid, so it takes nature a much longer 
time to dissolve the same piece of limestone. Nevertheless, 
wherever ground water comes in contact with limestone or 
other calcium carbonate rocks, it slowly dissolves them. 

Although the weathering of feldspars and other silicate 
rocks is a complex process, the decomposition of feldspar by 
an acidic system is a rather simple mechanism, called ion 
exchange. The feldspar, KAISi;Os, may be converted into 
clay by the reaction: 


2K AlSisOs + 2H+ + HO — [Intermediate products such 
as hydrous oxides and cations] 


Al,O3"2Si02.2H2O + 2K+ + 4H,SiO, 


kaolinite clay silicic acid 


In this reaction, the potassium ions in the feldspar are dis- 
placed or exchanged by hydrogen ions. Along with this ex- 
change of ions, the feldspar undergoes a major change in 
crystal structure, but this complex change need not concern 
us here. It is the presence of hydrogen ions, supplied by 
natural waters in Equation (D), that makes reaction (G) 
possible. 

The decomposition of feldspar by reaction (G) is also 
achieved by plants. There are hydrogen ions in the organic 
material of which the plant’s roots are composed, and these 
hydrogen ions are available for exchange with the potas- 
sium ion in the feldspar (Fig. 17-5). The plant requires the 
potassium ion as a nutrient, and in the growing process the 
plant obtains this ion, along with other metallic ions, from 
the feldspar in the soil. A significant amount of clay is made 
from feldspar by this process. Although the effects of pres- 
sure are not obvious, temperature and concentration are 
critically important in plant growth. We know, for example, 
that plants can take up soil nutrients much more rapidly in 
warmer weather, and the farmer is seriously concerned about 
the concentration of hydrogen ions (the pH) in his soil, be- 
cause if the soil is too acid the reaction shown in Fig. 17-5 
will be impaired. 


17-10 Summary 


In addition to mechanical, radiant, electrical, and heat en- 
ergy, there is chemical energy—a form of potential energy 
that is associated with the electrons in the atoms of sub- 
stances. 

All chemical reactions involve a change in chemical en- 
ergy. When energy is released in a chemical change it is an 
exothermic process, and when energy is used up it is an 
endothermic process. 

Two substances may react with each other in a variety of 
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by plant roots. The hydrogen 
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changed with the potassium ion 
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clay. The potassium ions are 
utilized by the plant. Redrawn 
from Keller and Frederickson, 
American Journal of Science, 
250 (1952), 603. 
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mechanisms. The most common mechanisms include the in- 
teraction of ions of opposite charge (rapid reaction), the 
interaction of dipolar substances (rapid or slow reactions ), 
and the activation of free radicals by either heat or radiant 
energy (rapid or slow reactions). Reactions tend to go to 
completion when the product is either a gas, an insoluble 
substance, or a slightly or nonionized product. 

Before a reaction will occur it must be supplied with out- 
side energy called activation energy. A catalyst may either 
decrease or increase the amount of activation energy needed 
to make a reaction occur. Catalysts may simply furnish a 
surface on which the reaction occurs, or they may enter into 
the process and form an intermediate substance, from which 
the catalyst is finally recovered. 

The rate of a chemical reaction is influenced by the nature 
and the concentration of the reactants, the temperature, and 
the pressure. The effect of these factors is governed by Le 
Chatelier’s rule. 

Chemical equilibrium is a dynamic balance of the forward 
and reverse reactions in a reversible chemical process. The 
equilibrium point may be shifted by a change in concentra- 
tion, temperature, or pressure. 

Natural weathering processes involve the basic concepts 
of reaction rates and chemica] equilibrium. The dissolution 
of limestone and the conversion of feldspar to clay are two 
examples of the weathering process. 


EXERCISES 


A. KEY TERMS TO REMEMBER 


activation energy endothermal reaction Le Chatelier’s rule 
catalyst equilibrium point reaction rate 
chemical energy exothermal reaction reversible reaction 
chemical equilibrium free radical theory static equilibrium 


dynamic equilibrium law of mass action 
B. QUESTIONS ABOUT CHEMICAL REACTIONS 


1, What is meant by the expression “mechanical equivalent of 
heat,” and, in general, the “interconvertability of energy”? 


2. Classify the following changes as either exothermal or endo- 
thermal: 


melting of ice 

. burning of gasoline 

„ neutralization of an acid by a base 
. rusting of an iron nail 

. winding a clock 


ono wp 


3. Explain why ionic substances, such as acids and bases, ae: 
with each other mych more rapidly than do covalent substances. 


4. What is the role of activation energy in the striking of a 
match? 
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5. Is it possible for a catalyst to increase the activation energy 
of a reaction and, at the same time, slow the reaction down? What 
is the purpose of the tetraethyl lead in gasoline? 


6. What are four factors that may alter the rate of a chemical 
reaction? 


7. Indicate the effects of increased temperature and increased 
pressure upon the following gaseous equilibria: 


2802 + Oy = 2S0; + 45,000 cal 
H, + ly = 2HI + 4,000 cal 
2H, + Oy = 21H20 + 136,000 cal 
CO, + 2S0; = CS, + 40, — 265,000 cal 


8. Why is a synthetic ammonia plant operated at 450°C when 
a much greater yield of ammonia could be obtained at lower 
temperatures? 


9, Explain the mechanism by which calcium carbonate is dis- 
solved by natural water. 


10. A common sedimentary rock is limestone, which is chiefly 
calcium carbonate. Explain how limestone, on the basis of reac- 
tion (E) on p. 347, may have been deposited from the water in 
a great inland sea. 


11. Catalysts frequently are capable of speeding up certain 
chemical reactions, but why is it unlikely that a catalyst will be 
found that can displace an equilibrium point? 


C. PROBLEMS ABOUT CHEMICAL REACTIONS 


1. How many kilowatt-hours of electricity are needed to make 
a ton of aluminum, assuming that the process is 100 per cent 
efficient? How much electricity would actually be needed? 


2. How much faster will a reaction occur at a temperature of 
40°C than at 10°C? Ans. Eight times faster. Is there any advan- 
tage in storing rubber tires, flashlight batteries, and camera film 
in a cool instead of a warm place? Why? 


3. One of the simpler reaction mechanisms is apparently in- 
volved when hydrogen and iodine react to form hydrogen iodide: 
Hə + I, > 2HI. This involves a favorable collision between Ha 
and I, and an intermediate substance, (Helz), is supposedly 
formed. Sketch this favorable collision and show the structure of 
the intermediate substance and how it breaks up to form two 
molecules of hydrogen iodide. 


4, What would be the maximum percentage yield of ammonia 
in the Haber process if it were operated at 600 atm and 500°C? 
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W: may not travel far in certain fields of physical science 
before we cross over into areas of biological science. For 
instance, the more intimately we become acquainted with 
organic substances the closer we come to botany, zoology, 
and bacteriology—the life, sciences. Even those areas of 
physical science dealing with atomic structure, light energy, 
and intermolecular forces are productively applied to the 
major problems in the life sciences. Not content to stop with 
the discovery of fundamental knowledge within a narrow 
field, scientists have utilized the discoveries in one field in 
other, seemingly unrelated fields, and, consequently, some 
amazing advances have been made. Through these efforts, 
for instance, our life span has been considerably extended 
through the control of diseases such as tuberculosis, pneu- 
monia, and poliomyelitis, which are now on the wane; and 
we can live healthier, happier lives because vitamins essen- 
tial to our diets have been identified, produced synthetically, 
and added to our foods when necessary. 

In this chapter we will only be able to survey some of 
these bridge areas between the physical and the biological 
sciences, but such an introduction should at least open the 
door enough to provide a glimpse into the fascinating region 
that lies between these two sciences. In this new region we 
encounter areas of study called biophysics, biochemistry, 


r areas so new that scientists themselves 


biogeology, and othe: 
t that the 


have yet to name them. There is general agreemen 
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breakthroughs necessary to solve the problems of cancer, 
heart disease, mental disorders, and old age will probably 
come with the application of basic, scientific principles to 
the problem at hand. Thus, we may see a physicist studying 
the relationship of radiation and cancer, or a chemist mak- 
ing a new complex organic compound with which to combat 
heart disease, or a physical chemist examining the molecular 
structure of the genes and chromosomes within the living 
cells of a mental patient, or a biochemist probing into the 
chemistry of metabolism. 

Even though life itself remains a mystery, certain facets 
of life processes have been revealed. The basic unit of living 
systems, the cell, contains substances whose specific purposes 
have been defined, and even in larger organisms such as 
man, many of the chemical changes that occur are well 
enough understood to merit our attention here. In all these 
processes we should be mindful of the fact that energy is 
always associated with chemical changes. Plants synthesize 
many substances such as carbohydrates by using up energy 
from the sun, and one of the primary needs of our bodies is 
the energy derived from the foods we eat. 


18-1 Autotrophic and Heterotrophic Organisms 


An autotrophic organism is a living unit capable of nour- 
ishing itself from the simple materials in its environment, 
and a heterotrophic organism is one that depends upon or- 
ganic substances for nourishment. 

Those cells in growing plants that utilize carbon dioxide 
and water, along with solar energy, are autotrophic. They 
nourish themselves from CO» and in doing so are capable 
of storing up energy in the form of plant products such as 
carbohydrates, fats, and proteins. There are other autotrophic 
cells that use energy derived from chemical reactions as they 
feed on the simple materials in the environment. The source 
of chemical energy for these cells is frequently oxygen. In 
general, autotrophic organisms add to the storehouse of po- 
tential energy, and the energy-rich products of their activity 
become the source of energy for heterotrophic organisms. 
Thus, as heterotrophic organisms we must depend upon these 
products of autotrophic organisms, either directly through 
plant foods or indirectly through other heterotrophic or- 
ganisms that feed on energy-rich autotrophic products. Ulti- 
mately, the energy we obtain from foods can be traced to the 
radiant energy (usually from the sun) stored up by auto- 
trophic organisms. 

Living cells are the basic units of all organic processes, 
and, after examining the composition of several common 
types of organic substances encountered as cell components 
and cell products, we will return to some of the chemical 
processes that take place in living cells. 
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18-2 Carbohydrates 


Carbohydrates, the most common foodstuff in the world, 
are composed of carbon, hydrogen, and oxygen. The name 
for this type of food comes down to us from the old days 
when it was first noted that the ratio of hydrogen to oxygen 
in these substances is 2:1, the same as that in water, These 
substances were thus called hydrates of carbon, or carbo- 
hydrates, although more recent studies of their composition 
show that this idea has nothing to do with their actual prop- 
erties. The simplest carbohydrate is a sugar, and one of the 
commonest sugars is glucose, CoHi2Oq. Chemical examina- 
tion of glucose reveals that it contains five alcohol (hydroxyl) 
groups and an aldehyde group: 


HHEH HHH 


u éb ¢ bo 


lal 
oH OH OH OH OH 


alcohol groups aldehyde 
group 


Glucose behaves both as an alcohol and as an aldehyde, 
though in acidic media the glucose molecule acts as a ring 
compound that has, as we can note, the same number of 
carbon, hydrogen, and oxygen atoms: 


CH.OH 


H EN 2 
on H C 
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H OH 


The glucose molecule, in the cyclic form, is the primary 
building block in starch and cellulose, two abundant com- 
ponents of plants. 9 

One of the many isomers of glucose is fructose, which is 
the sweetest of the simple sugars. Fructose, or fruit sugar, 
may be combined with glucose to produce the common sugar, 
sucrose: 

C5205 + CoH1206 > Cy2H 22011 + H20 


glucose fructose sucrose 
Fructose has a ring structure similar to that of glucose, and 
the sucrose molecule contains these two rings attached to 
each other through an oxygen bridge: 
CH:OH CHOH H 
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Among other naturally occurring sugars similar to sucrose 
are maltose (malt sugar), gentiobiose (in gentian root), and 
lactose (milk sugar). 

Starch is another common carbohydrate and is represented 
by the formula (CgH100;),. You will recall that when many 
small units are tied together in a giant molecule we have a 
polymer. Starch is a polymer composed of units of glucose. 
The simpler starch molecules contain about a hundred glu- 
cose units, whereas the more complex starches contain up- 
ward of several thousand glucose rings attached to each other 
through a series of oxygen bridges similar to the oxygen 
atom that holds the two simple sugar rings together in Su- 
crose. By a simple experiment we can readily prove that 
starch is composed of glucose rings. When we boil starch 
in dilute hydrochloric acid, the big polymer is broken down 
first into dextrin (used for the mucilage on postage stamps), 
then into maltose, which is a sugar containing two units of 
the sugar rings, and finally into glucose. The over-all change, 
which is essentially a reaction of starch and water, is shown 
in the equation: 


HCL 
(CgH105)« + tH20 > xCgHi205 
starch glucose 
We are all familiar with starch as a food that occurs in 
grains, potatoes, and many vegetables. 

The most abundant plant product, cellulose, is a carbo- 
hydrate that is the essential component of the cell walls of 
plants—hence its name. About 60 per cent of wood is cellu- 
lose, over 90 per cent of cotton is cellulose, and the paper 
on which this book is printed is almost pure cellulose com- 
bined with clays and other fillers to make it smooth and 
opaque, Cellulose is again a polymer made up of glucose 
units, but, unlike starch, cellulose can be broken down into 
glucose only with a much more vigorous reaction. Cellulose 
is present in many foods, but, in contrast to starches and 
sugars, it is not digested—it merely provides bulk in our diet. 
In the next section we will see what happens to the simpler 
carbohydrates, such as sugar and starch, when they are di- 
gested, 

Before leaving cellulose, it may be interesting to note that 
it has, in spite of its apparent inertness, several chemical 
properties that lead to useful applications. The glucose rings 
in cellulose still have three hydroxyl or alcohol groups, and 
these may be converted into esters by treating cellulose with 
various acids. For instance, when cellulose reacts with nitric 
acid, an ester called cellulose nitrate is formed. Varying de- 
grees of esterification of cellulose with nitric acid give us 
guncotton which is the base of smokeless gunpowders, and 
pyroxylin, which has fewer nitrate groups than guncotton 
and when dissolved in quick-drying solvents makes lacquers 
that are used on our automobiles and when mixed with 
camphor gives celluloid, an early, popular plastic. When 
cellulose reacts with acetic acid we get cellulose acetate, one 
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of the most common plastics for making inexpensive mold- 
ings, and thin fibers of it make one kind of rayon (celanese). 
The most common form of rayon, as well as cellophane, is de- 
rived from cellulose xanthate, another derivative of cellulose 
made by dissolving cellulose in sodium hydroxide solution 
and carbon disulfide (CSz). This solution, which contains 
cellulose xanthate, is squirted through small holes into an 
acid bath where the original cellulose is regenerated. It is 
chemically the same as the original cellulose except that it is 
now in the form of a continuous filament. If the xanthate 
solution is extruded into the acid bath as a sheet, we get 
cellophane. 


18-3 Lipids 


Simple lipids are called fats and they constitute another 
type of foodstuff. Fats are esters composed of so-called fatty 
acids and glycerol. Typical fatty acids are palmitic acid, 
CısHzı COOH (palm oil), stearic acid, C;;H;;COOH (beef 
fat), and oleic acid, C,;H;;,COOH (cottonseed oil). Al- 
though these esters are usually mixed—that is, a molecule 
of fat may contain two or three different acids attached to 
the glyceryl group—the predominance of one or two acids 
gives the fat a rather distinctive characteristic. For instance, 
many vegetable fats, such as olive oil, palm oil, and cotton- 
seed oil are liquids, while animal fats, such as beef tallow 
and pork fat (lard), are solids, Let us consider two common 
fats, cottonseed oil and beef tallow. 

Cottonseed oil contains chiefly the fat, glyceryl trioleate, 
and a molecule of this fat may be represented by the for- 
mula: 


H 
Se 
CuHaCOO CEH 
CuHaCOO OH 

i 


If we examine the oleate groups we find hydrocarbon chains 
similar to those in beef tallow, but with a notable exception: 
the oleate groups contain a double bond ee 
way in their carbon chain, and it is this unsaturation t vat is 
primarily the reason for this fat being a liquid. Anman 
usually prefer solid fats for food, and these liquid . 
oils, such as cottonseed and corn oil, are converted into soli 
fats by a relatively simple process of hydrogenation: 
(C1;H33COO )3—C;H; + 3H: > (CszHasCOO)sCsHs 
c ei (solid) 
le by the presence of a nickel 


This process, made possibl ally and 


catalyst, produces a food product that is nutrition 
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esthetically equivalent to animal fats, and, because of its 
lower cost, has become a popular source of fat in our diets, 
For instance, Crisco is hydrogenated cottonseed oil and 
Snowdrift is hydrogenated corn oil. 

Beef tallow is mostly the ester glyceryl tristearate, and its 
structure can be verified by synthesizing it in the laboratory 
from stearic acid and glycerol; 

H H 
j | 
CyHyCOOH HO—C-—H C,;H,COO—C—H 


| 
Cy;Hy,COOH + HO—C—H -+CyHyCOO—C—H + 3H,0 


Ci:HasCOOH no- Gu CH, OO -- 
| 
H 


meari seid glycerol ahyoery! stearate 
(3 molecules) itm) 


The stearate groups contain long hydrocarbon chains of 
seventeen carbon atoms, 

Complex lipids are important components of cells and, for 
example, may contain, in addition to fatty acids and glycerol, 
a phosphate group (—HPO,) and a nitrogen-containing base 
such as choline or serine, The detailed composition of the 
lipids need not concern us here, except to gain an idea of 
the similarity between the simple lipids or fats, and the com- 
plex ones. A fat contains three fatty acids, but lipids contain 
only two fatty acids, and the third one may be replaced 
with the phosphate-base group: 


CH,O—fatty acid 
HO—fatty acid 


0 
H,O—P—O—Gholine 
OH 
the phospholipid, lecithin 
The cell membranes are apparently composed of phospho- 


lipids associated with proteins, and the uptake of nutrients 
a membranes is crucial to the life processes of the 


18-4 Proteins and Amino Acids 


In Chapter 16 we became acquainted with two types 
of organic compounds: acids that contain the carboxyl 
(—COOH) group and amines that contain the —NH, group. 
We further saw that the acid and the amine groups may 
react with each other to form a linkage called the amide 
group, and you will recall that the amide group is respon- 
sible for the formation of the high polymer, nylon. 

In a similar way, proteins are composed of various groups 
of carbon atoms held together by an amide linkage. If we 
take a natural protein apart by hydrolyzing it, we obtain the 
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acid and the amine groups that make up these amide bab 
iges, and in the process we encounter a new kind of ab 
tance—an amino acid, which is an organic compound thet 
ns both an amine group and an acid group The sm 
amino acid is glycine 


ont 


H 
H.-C..COOH 
NH, 


More complex amino acids may be derived from glycine by 


replacing one of the hydrogen atoms on the carbon with 
various organic groups. For example, an important amine 


acid in human proteins is phenylalanine 


H 
Co CH, —C—COOH 

l 

NH, 


In all, there are at least nine different amino acids that are 
essential in the human diet, and upward of thirty amine 
leid are known to occur in nature in plant and animal pro 
teins. In addition to the amino . proteim contain unesl! 
but important amounts of sulfur and phosphorus 

Protein molecules are of high molecular weight, the sim 
plest ones being more than a hundred times the sive of a flat 
or a sugar molecule, Not only are the protein moba ub 
large, they have a complex physical structure that has 
roused the curiosity of many scientists and whieh we will 


now briefly investigate 

A protein whose structure has only recently been deter 
mined is insulin (Fig 18-1), This partionlar protein is a 
hormone that assists in the oxidation of mugari in the tah 
and has a molecular weight of 0000. A single imulis mak 
cule contains 51 amino acid groups attached to one 2 
by amide linkages, and, as in a typical protein eee 
the amine group of one amine acid ie attached to the act 


group of the next amino acid, Dy removing one amino ered 
out pt whet i imik 


1 


after another, chemists have found 
an insulin molecule, but, like the schoolboy who divmanther 
his first alarm clock, they find it is quite another matter te 
put all the parte—in this case, the amine oc the —-trnget bore 
again in their proper places. Proteins are ede ccampbes 
s one of the fow whow total etrectere i 1 = of 
get an ides of fave mem coembimetionn 
tale that the bumen 


Invulin t 
the present time. To 
of amino acids there can be, you mart 
body contains upward of 50,000 different proteint : 

A single protein molecule may be epbertcal, rad 4 
of an elongated ellipotd (Fig 18-2). i we were & — 
a protein molecule, we might obtain a Bons n * A 
long. and, at the same time, this protein, ia it setora) com 


dition, may only be a sphere 25 A ip Aer Somme pre 
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teins have been found to be made up of chains that are folded 
back and forth, or possibly coiled up much like a wire spring 
(Fig. 18-3). The protein that comprises hair and fingernails 
is such a coiled-up molecule. The mechanical strength of 
these coiled molecules is believed to be the result of hydro- 
gen bonds between the —NH— groups in one spiral and the 
—CO— groups in a neighboring spiral. Just as the hydrogen 
bond accounts for the unusual properties of ordinary water, 
so here it explains some of the protein’s special character- 
istics. For instance, the contraction and relaxation of the 
protein in muscle may be due to the breaking of certain 
hydrogen bonds and the reforming of others. 

With the composition of these three types of biophysical 
substances—carbohydrates, fats, and proteins—let us now 
turn to some of the mechanisms by which organisms use up 
or produce these materials at the level of the living cell. 
First, let us examine the process of fermentation of carbo- 
hydrates. 


18-5 Fermentation 


A biophysical process that has been used for centuries for 
converting complex carbohydrates to simpler substances is 
fermentation. This process is one of the oldest of chemical 
industries, very likely because the raw materials—molasses, 
fruit juices, and even wood, along with the requisite en- 
zymes—are so readily available. For instance, when juice 
is pressed from grapes, the fruit sugars in the juice undergo 
fermentation because the enzymes required for this process 
are produced by yeast cells that adhere to the grape hull. 

Ordinarily, in producing ethyl alcohol by fermentation, a 
special culture of yeast is added to a solution of molasses (a 
mixture of sugars). The yeast contains a mixture of enzymes 
called zymase which attacks the sugar and converts it into 
alcohol and carbon dioxide. For example, glucose would un- 
dergo the change: 


CHO > 2C,H,OH + 2CO, 


glucose ethyl alcohol 


However, for the large amounts of alcohol required by mod- 
ern industry, fermentation methods of making ethyl alcohol 
are steadily giving way to cheaper ways that synthesize 
alcohol from petroleum by-products. 

In order to understand the mechanism of a simple fer- 
mentation, which is the breakdown of glucose in the absence 
of air or oxygen, we must become acquainted with a funda- 
mental reaction that is capable of carrying energy from one 
point to another in the living cell. This reaction involves a 
substance known as adenosine triphosphate, called ATP, for 
short: 


adenine — ribose — P ~ P ~ P 
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Fig. 18-3. Part of a coil of a protein mole- 
cule, 
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Ribose is a simple sugar, the P’s stand for phosphate groups 
and the adenine is a complex nitrogen base whose specific 
composition need not concern us here, The bonds indicated 
by ~ between the phosphate groups are high energy bonds 
because they absorb large amounts of energy upon forma- 
tion. When they are ruptured they release about 8000 cal- 
ories per mole, For example, adenosine diphosphate (ADP) 
is converted to adenosine triphosphate (ATP) by using up 
energy and holding it in a high energy P ~ P bond: 


ADP + inorganic P + energy > ATP 


and conversely; ATP ADP + P + energy (for use by the 
cell). ADP and ATP are called coenzymes, and, in con- 
junction with certain enzymes such as zymase, previously 
mentioned, these substances are critically important in the 
fermentation process. 

In the fermentation of glucose to alcohol the ADP — ATP 
reaction is involved at least four times, sometimes adding 
energy, other times removing it. In the initial step, glucose 
is phosphated by ATP: 


glucose + ATP > glucose-P +- ADP 


An enzyme then converts the glucose-P to fructose-P which 
is further phosphated to fructose-P,. This six-carbon sub- 
stance is split into two three-carbon molecules which, after 
going through several additional intermediates, are attacked 
by an enzyme that splits off a carbon atom as CO»: 


COOH CHO CO, 
b-o a CHOH 
enzyme reduction 
I.. EE E 
CH; 


pyruvic acid acetaldehyde ethyl alcohol 


Other substances are involved in fermentation, but it is evi- 
dent that ATP “sparks” the reaction. Because ATP is re- 
generated during the fermentation process, the reactions 
continue as long as there is glucose and the enzymes are ca- 
pable of performing their functions. Eventually, the con- 
centration of alcohol in the “brew” reaches a point where 
the enzymes can no longer function and fermentation ceases. 
Fermentation can be performed in cell-free media, but it is 
more rapid in the presence of living yeast cells. 

If we wish to break down large starch molecules by fer- 
mentation, another enzyme particularly suited for this pur- 
pose, called diastase, is needed. Diastase occurs in the 
sprouts of barley seeds (the malting process) and accounts 
for the large quantities of barley that are used in the brew- 
ing industry. Each carhohydrate is best fermented by a 
special enzyme, and, as a result, there are a host of different 
kinds of enzymes employed in the fermentation process. 

In addition to alcohol fermentation, enzymes bring about 
the synthesis of other substances. They account for the for- 
mation of vinegar from apple juice and lactic acid in sour 
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milk, and those produced by mold growth give us many fine 
cheese flavors, such as Roquefort and blue cheeses. In in- 
dustry, enzymes are essential in the manufacture of butyl 
alcohol and acetone, two widely used organic solvents for 
paints and lacquers. 

One spectacular example of mold synthesis of particular 
modern interest in penicillin. Although penicillium molds 
had been known for many years—Pasteur in France in 1858 
found that these molds would differentiate between the two 
isomers of tartaric acid—it remained for Sir Alexander Flem- 
ing of England to discover in 1929 that penicillium molds 
contain an antibacterial substance. In his laboratory one day 
Fleming was studying culture plates of common bacteria of 
the coccaceae family—of which pneumonia and strepto- 
coccus are members—and by chance a stray mold moved in 
on one of the cultures and stopped its growth. Fortunately, 
Fleming was prepared to make the most of the accident; 
he isolated the mold, found it to be penicillium, and, as a 
result, introduced the first practical antibiotic. When the 
substances in the mold were later separated, it was found 
that the chemical substance responsible for killing the bac- 
teria is a single, complex organic substance—penicillin. Al- 
though it yielded the secret of its structure only after several 
years’ research by many scientists, we can see in its formula 
several familiar groups—the benzine ring, two smaller rings 
that contain nitrogen and sulfur atoms, and an acid group: 


i 
o CT n coon 
| sie 
c- cen G 
D 
SC 
penicillin 


Fabulously expensive during World War II, the cost of 
penicillin has today fallen to only a few cents a dose be- 
cause the methods of growing the mold that makes this en- 
zyme have been greatly improved. However, a cheap method 
of synthesis has still not been found, and, unlike our ability 
to produce ethyl alcohol by more convenient means than 
fermentation, we will likely have to depend on improved 
strains of penicillium mold to produce penicillin for many 
years. So this is indeed an exciting frontier in biophysical 
science, 


18-6 Respiration 


The fermentation of glucose occurs in the absence of oxy- 
gen and is called an anaerobic process. Respiration, on the 
other hand, uses oxygen, and the over-all reaction for the 
complete respiration of glucose may be represented: 


360 


Biophysical Processes 


Callao + 602 6002 + 6HeO + energy 
This is a stepwise process in living cells, and the energy is 
released in small amounts along the way. If the energy were 
released in one large burst, so much heat would be released 
that the temperature would rise to the point where it would 
exceed that tolerated by living organisms. Fortunately, res- 
piration is a comfortably slow process. 

When we eat glucose or other digestible carbohydrates 
such as other sugars and starch, much of the glucose ob- 
tained from them is not burned up immediately, but large 
amounts of it are stored up as glycogen (animal starch). In 
an adult, over 100 grams of glycogen may be stored in the 
liver and 250 grams may be stored in muscle tissue. In 
plants, glucose is stored up by chemically converting the 
glucose formed in photosynthesis to carbohydrates such as 
cellulose or starch, 

In terms of over-all efficiency, the cell is about 55 per 
cent efficient in converting the energy in glucose to a useful 
form of energy in the form of ATP which the cell may use 
for its work. Since ordinary machines such as gasoline en- 
gines rarely operate with an efficiency greater than 25 or 
30 per cent, the cell is uniquely equipped to supply us with 
a large portion of the energy in our foods. It is of interest 
to note that cells metabolize other foodstuffs such as fats and 
proteins, but the mechanisms for these processes are beyond 
our concern in this book. 


18-7 Photosynthesis 


Through photosynthesis an estimated billion tons of or- 
ganic substances burned up by living systems are regener- 
ated daily, The autotrophic cells in plants put in a long day 
converting carbon dioxide and water into carbohydrates, fats, 
proteins, and other organic products in plants. The energy 
for this huge task is provided by the sun, but before con- 
sidering some of the details, let us explore some factors that 
enable us to better understand and appreciate this most 
unique and interesting of physical science topics. In Chapter 
12 we became acquainted with the quantum concept of en- 
ergy and saw that light emitted by an excited atom reveals 
the energy states within the atom. Further, we saw that 
light itself is a stream of tiny bundles of energy, called pho- 
tons, and that each photon possesses energy that is pro- 
portional to the frequency of the light. The energy of each 
photon, or quantum of energy, is given by the equation 
(Equation 12.1): 


E=hn 


The energy of a photon may be sufficient to initiate certain 
chemical reactions. For example, a mixture of hydrogen and 
chlorine gas may be kept in a glass container for some time 
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in the dark, but if this mixture is exposed to sunlight, a 
violent explosion oceurs. We may describe this reaction by 
the equation: 


Ha + Cla + photons - 2HCI energy 


The photons supply the necessary activation energy, and 
once the reaction is started, the energy produced by the 
exothermal change is sufficient to sustain the reaction until 
one or the other of the reactants is used up. 

Two important laws that apply to the effect of light upon 
chemical processes are relevant here. One of these states that 
only the light that is absorbed can be effective in initiating 
a reaction. Thus, at least one of the substances in the reac- 
tion mixture must be colored so that it will absorb light. In 
the hydrogen-chlorine reaction, the greenish-yellow color of 
the chlorine is responsible for absorbing light, and in plants 
the green chlorophyll absorbs light. The second law says 
that one photon is sufficient to start one molecule reacting. 

If we apply this second law to an important reaction that 
occurs in nature, we will find that when light of very short 
wave length (ultraviolet light) passes through oxygen, some 
of it is absorbed—that is, oxygen molecules, although trans- 
parent to visible light, are capable of absorbing light be- 
tween 1600 and 1800 A wave length—and for each photon 
of light energy absorbed, an oxygen molecule is split in two: 


Oz + photon > 20 
This is spontaneously followed by the reaction: 
O + O: > O: 


oxygen oxygen orone 
atom molecule 


The ozone may eventually react with one of the oxygen 
atoms; 


O; + O> 20, 


Hence, in the atmosphere about 15 miles above the earth’s 
surface, there is an ozone layer in which these reactions 
absorb practically all the ultraviolet light that comes to the 
earth from the sun. If it were not for this protective layer, 
life processes as we know them on the earth would not exist, 
because ultraviolet light is severely destructive to the many 
organic substances that support life—including our own 
bodies, We can also see the effects of light energy in such 
processes as the fading of dyes in sunlight, sunburn of the 
skin, the darkening of silver salts in photographic film, and 
the making of blueprints. 

The most important chemical process that is initiated by 
light energy is photosynthesis. We know that green plants 
require the presence of sunlight in order to grow, and we 
also know that green plants are responsible for keeping the 
atmosphere fresh, by regenerating oxygen from the carbon 
dioxide that is continuously being added to the atmosphere. 
The over-all reaction in photosynthesis is the conversion of 
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carbon dioxide and water into carbohydrates and oxygen, in 
the presence of chlorophyll. This may be shown briefly by 
the equation: 


6CO, + 61H20 +- energy > CoH 20. + 60: 
glucose 


Glucose, as we know, is a representative carbohydrate to 
which many of the more complex carbohydrates, such as 
starch and cellulose, are related. It is interesting to note 
that the energy we derive from these foods is essentially the 
energy of sunlight stored up by means of the endothermic 
process of photosynthesis. It is believed that one photon of 
energy is sufficient to start one molecule of carbon dioxide 
on its way to forming glucose. 

The photosynthesis process is by no means as simple as 
implied in the equation. Nor are all the details of the photo- 
synthesis process understood and agreed upon by investi- 
gators in this area of study, One of the favorite procedures 
for studying photosynthesis makes use of one of the simplest 
plants—green algae—by exposing it to light for short inter- 
vals. The reactions are stopped and the intermediate steps 
are examined, Much of the mystery of photosynthesis was re- 
solved by Melvin Calvin and his associates at the University 
of California, using this procedure. 

In addition to the familiar ATP — ADP pair, photosyn- 
thesis involves another pair of substances, namely diphos- 
phopyridine nucleotide, called DPN*, and its partner DPNH. 
In the initial step of photosynthesis (see Fig. 18-4), chloro- 
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Fig. 18-4. Some of the steps in photosyn- 
thesis, 
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phyll makes possible the splitting of water into hydrogen 
and oxygen. The oxygen is evolved as gas and the hydrogen 
is carried by an acceptor, A (which may be chlorophyll it- 
self), to DPN*: 


DPN+ + AH: —> A+ DPNH + H+ 


The DPNH then enters a cycle as shown in Fig. 18-4. It is 
interesting to note the several places where the ATP — ADP 
pair injects energy into the process and that the high- 
energy ATP required for these steps is derived from a res- 
piratory side chain. Light energy is required only for the 
initial steps in photosynthesis, and once the DPNH is formed, 
the succeeding steps proceed in the dark. The traditional ob- 
servation that one can hear the corn grow in a field at night 
may be attributed to those parts of the photosynthesis re- 
actions that do not require light energy. 

The chief product of photosynthesis is the class of sub- 
stances called carbohydrates. Many other plant products, 
such as proteins, fats, phospholipids, and vitamins, are 
synthesized in reactions related to photosynthesis. The 
mechanisms for many of these have been studied, but a 
consideration of them is much too complex to include here. 

As we learn more about the mechanism of photosynthesis 
we will have a better chance to harness this process and 
perhaps to improve it. Plants apparently house the most 
efficient means of converting solar energy into other forms 
of energy, and since algae are one of the most efficient plants 
in this respect, we might improve considerably on conven- 
tional methods of producing foods by growing algae in tanks 
containing nitrogen, phosphorus, and other essential plant 
nutrients. In contrast to conventional farming, where less than 
1 per cent of the solar energy falling on an acre of ground 
is converted into edible food, algae can capture up to 20 
per cent of this energy and store it in food products. Such 
a development may be required as world populations rapidly 
increase, About as much solar energy falls in one day on 
75 square miles of the earth as is released by a hydrogen 
bomb, and the most likely method of using this is through 
photosynthesis. In a later chapter we shall refer again to the 
possibilities of harnessing this vast store of energy and of 
putting it to work for us. 


18-8 Minerals and Vitamins 


In addition to proteins, carbohydrates, and fats, we need 
small but definite amounts of minerals and vitamins in our 
diet. Our needs for these vary from individual to individual, 
and certain difficulties, such as alcoholism and premature 
aging have been traced to a person’s greater demand for 
some of these substances than the so-called normal require- 
ments. In much the same way that people are tall and short 
or fat and thin, so there are also wide variations in our 
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needs for vitamins and minerals. The minerals required in 
our diets include compounds of sodium, potassium, calcium, 
magnesium, iron, and copper and also chloride, iodide, and 
phosphate compounds. From sodium chloride, for instance, 
comes the hydrochloric acid for the gastric juice in the stom- 
ach, and iron is needed primarily to form the red hemoglobin 
in the blood. Iodine is used to synthesize thyroxine, an 
amino acid essential to thyroglobulin, which is a protein that 
controls the rate of growth and metabolism in our bodies. 
Calcium and phosphorus are needed to make teeth and 
bones. Even traces of copper, cobalt, and molybdenum are 
necessary, and for this reason we should not limit our diet 
to the most highly purified foods because we may not get 
these important traces. 

Of more complex nature are the vitamins. It has been 
known for a hundred years that certain foods contain sub- 
stances that prevent such diseases as scurvy, rickets, pellagra, 
and beriberi. In recent years, small quantities of these special 
substances, or vitamins, have been detected in our foods, 
and, although we usually eat enough of them, occasionally 
it is advisable to supplement our diet with vitamin pills or 
capsules. 

Our bodies require at least thirteen known vitamins, but 
because of their complex chemical nature, we will consider 
only a few representative ones. Vitamin A, an alcohol whose 
formula is CHOH, is an oily, yellow substance that is 
derived from the red and yellow pigmented material in 
tomatoes, carrots, green vegetables, eggs, and milk. It pre- 
vents skin disorders and infection, and is apparently re- 
sponsible for supplying our eyes with the substances required 
for night vision. 

There are at least four essential B vitamins, and they con- 
tain nitrogen or amine groups that suggested to early workers 
that these are “vital amines,” hence the origin of the word 
“vitamin.” The most recently discovered vitamin in this 
group, vitamin Biss assists in the production of red corpuscles 
and in the control of disease. We need only 1 X 10-* g of 
this vitamin per day, but, with a molecular weight of about 
1400, including an atom of cobalt, it possesses by far the 
most complex structure of all the vitamins thus far discov- 
ered. 

The vitamin that is necessary to preserve healthy bones 
and teeth is vitamin D, and to appreciate its complexity let 
us inspect the chemical structure of one form of it, vitamin 


Da: CH 
c Ch 
CH 
TANS 
CH; CH; 
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The structure of this vitamin, in view of our limited intro- 
duction to organic compounds in Chapter 16, may be a bit 
confusing, but if we examine this formula, we will find that 
the vitamin consists of an alcohol group, several methyl 
groups, and typical carbon-carbon bonding. It is beyond our 
interest at this point to retrace the steps that were taken to 
find this formula, but the study of these complex substances 
has captured the interest of many scientists, and, since their 
methods and techniques have been based upon sound con- 
cepts, we may have confidence in their results, In fact, so 
dependable have these results been that we often prefer the 
substance produced in the laboratory to that produced in 
nature. This is true in the case of drugs and medicinals, 
which we will now consider, as well as of vitamins. 


18-9 Chemotherapy 


Along with the normal processes of metabolism of ordi- 
nary foods, it is appropriate to consider here some of the 
biophysical aspects of abnormal processes such as disease. 
The practice of treating diseases by means of special sub- 
stances has been pursued for centuries, and this practice is 
called chemotherapy—the treatment of disease with chemi- 
cals. 

Even in primitive civilizations there were favorite remedies 
for the prevalent diseases. Some of these were undoubtedly 
effective, others not, but through trial and error a store of 
knowledge regarding the therapeutic effects of many of these 
substances was gradually accumulated. Although the extracts 
of certain roots, barks, and herbs have long been favorite 
sources of medicants, only in recent years, with the applica- 
tion of scientific analysis, have we learned of their effective 
components. For example, the bark of the cinchona tree in 
Central America was found to provide an extract that is a 
specific remedy for malaria. The extract is quinine, a chemi- 
cal substance having the formula Czo0H24N202. Through care- 
ful studies of the structure of quinine, scientists have 
succeeded in synthesizing many similar substances that are 
even more effective for the treatment of malaria and similar 
diseases. 

A good example of the application of modern research 
techniques to chemotherapeutic substances is the research 
that led to the discovery of “sulfa” drugs. Early in the 
twentieth century scientists noted that certain dyes, such as 
crystal violet and methyl violet, were effective in the control 
of certain bacteria. Later, through studies of the structure 
of these dye molecules, they found that certain groups of 
atoms in these dyes were responsible for the bacterial ac- 
tion. With this in mind, new compounds containing these 
groups were prepared in the hope of finding a more potent 
bactericide, and, oddly enough, the most effective compound 
turned out to be a much simpler one than the original dye. 
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In contrast to methyl violet, which has the complex formula 
C23H3oN3Cl, sulfanilamide, with a relatively simple formula 
of CsHsO2N2S, became the first really successful sulfa drug. 
It was immediately put to wide use because of its rapid ac- 
tion upon pneumococci, streptococci, and similar bacteria, 
and during World War II it greatly lowered the number of 
fatalities from wounds by preventing infection by bacteria. 

The mechanism by which sulfa drugs kill bacteria is an 
exciting story in the progress of science. The “sulfas” do not 
wage a frontal attack on bacteria; they trick the bacteria into 
a trap. Bacteria regularly feed upon a substance called para- 
aminobenzoic acid, which is necessary for their growth, and, 
since the sulfa drugs have a structure quite similar to that 
of para-aminobenzoic acid: 


COOH 


a 
| 


para-aminobenzoic acid 


1 oo wu. 


sulfanilamide 


the bacteria will absorb either of these substances. The sulfa 
compound, however, cannot be utilized by the bacteria and 
therefore it stops their growth, prevents them from repro- 
ducing, and allows the normal body functions of the host 
to take over and defend the body against the bacteria. 

Even more effective than the sulfas are the so-called broad 
spectrum antibiotics, so named because they are effective in 
the treatment of a broad group of bacteria or infectious or- 
ganisms. One of these is penicillin, which we have already 
examined, The pre-eminent success of penicillin in chemo- 
therapy has fostered a widespread search in recent years 
for other naturally occurring substances of this type, and, 
as a result, we now have streptomycin, aureomycin, and 
chloromycetin for treating bacterial and virus infection. An- 
other potent antibiotic is terramycin, derived from the soil, 
and although most of these have been synthesized it is usu- 
ally more economical to- obtain them through a natural 
process. 

In their persistent search for substances that may benefit 
man, scientists are continuing to add new ones to the list of 
chemotherapeutic agents. The discovery of two complex 
substances, one occurring naturally in the juices of the snake- 
root plant and the other produced synthetically, give promise 
of relief to many who are afflicted with mental illness and 
high blood pressure. The naturally occurring substance is 
reserpine, crude extracts of which have been used for cen- 
turies by the medicine men of India, but only recently has it 
been identified as the active component in the root juices 
used for treating insanity, insomnia, epilepsy, and related 
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disorders. Once separated from its natural source, reserpine 
has been identified as: 


CH,O 
OCH, 

oO OCH, 
OCH, OCH, 


The synthetic compound is chloropromazine, and it and 
reserpine are called tranquilizers. Together they have ush- 
ered in a revolution in the treatment of mental illness and 
hold considerable promise for treatment of insomnia, alco- 
holism, and obesity. 


18-10 Fossilization of Carbohydrates 


In the geological realm, a biophysical process that is pri- 
marily concerned with carbohydrates is the conversion of 
carbohydrates into fossils. When plants, or parts of plants 
such as leaves, die they undergo one of two changes. If ex- 
posed to air and acted upon by enzymes, they may be fer- 
mented and eventually converted into carbon dioxide and 
water. On the other hand, if they accumulate in swampy 
regions they may be transformed into various kinds of coals 
by a process known as fossilization. Although coals have 
been formed in more recent times, it was during the late 
Paleozoic era, some 200 million years ago, that conditions 
were most favorable to fossilization of plants, and most coals 
of the Appalachian and Midwest regions were formed at 
that time. 


Fig. 18-5. The imprint of a leaf as a fossil 
in coal found near Trinidad, 
Colorado. (U. S. Geological 
Survey ) 
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A fossil is an imprint, a trace, or the actual remains of a 
living organism that has been deposited during the geologi- 
cal past. The footprint of an animal now preserved in rock, 
the skeleton of an animal, an insect captured in a resinous 
deposit, petrified wood—all these are fossils. That coal is a 
fossilized plant material is indicated by two observations. 
First, coal often contains the imprints of leaves and stems 
of plants that grew long ago in broad, swampy regions (Fig, 
18-5). Second, the composition of coals shows a gradual 
change as they are stored for longer and longer periods of 
time. Referring to Table 18-1, which lists materials in the 


TABLE 18-1 


order of their age, we note that the percentage of carbon 
increases while the percentage of hydrogen and oxygen de- 
creases, The composition of the original wood, and of each 
of the substances in the chain from wood to graphite, is 
altered in the following manner: the volatile elements such 
as hydrogen and oxygen, which are probably in the form of 
water, are lost, while carbon, which is nonvolatile, remains 
behind, Obviously, long periods of time and favorable con- 
ditions of temperature and pressure are necessary for these 
changes. 

Most of the substances in Table 18-1 may be viewed as 
sedimentary rocks that are laid down and gradually covered 
by later sediments. After being subjected to the action of 
increased pressures and temperatures, ordinary soft coals, 
such as bituminous coal, are converted into hard, or anthra- 
cite, coal. Since this is essentially a metamorphic process, 
anthracite is a metamorphic rock. 

We should not leave the topic of fossilization without 
bearing in mind that plants contain other organic materials 
in addition to carbohydrates. Coal, for instance, contains 
small amounts of nitrogen and sulfur, and these elements are 
found in many of the nearly 200 organic compounds that can 
be recovered from coal. The recovery of these compounds 
from coal is a big industry, and because of the large deposits 
of coal available we should have a dependable source of 
these useful materials for many years. 


18-11 Summary 


The unit of living processes in plants and animals is the 
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cell. Cells capable of nourishing themselves directly from 
the environment are autotrophic and those that must depend 
upon organic substances for food are heterotrophic. 

Carbohydrates include sugars, starch, and cellulose, with 
glucose being somewhat the common denominator of them 
all. Carbohydrates are the most common substances in the 
biophysical world. They are stored as cellulose in plants and 
as glycogen in animals, and they supply energy through 
respiration or fermentation processes. 

Lipids may be simple (fats) or complex (such as phos- 
pholipids) and they serve as a storehouse of energy and as 
important components of cells. Fats are glyceryl esters of 
fatty acids, and the complex lipids contain in place of a fatty 
acid a phosphate group and an organic base. 

Proteins are composed of amino acids attached to each 
other through amide links. Proteins in our diet are needed to 
repair and maintain the muscle, tissue, skin, hair, and nails. 

Fermentation is the enzyme-catalyzed decomposition of 
organic substances, frequently occurring in the absence of 
oxygen. When oxygen is present the enzymes support a 
process called respiration which burns the substances to CO» 
and H:O. 

Photosynthesis is the process by which solar energy is 
stored up in energy rich substances such as the various plant 
products, The main materials for this process are carbon di- 
oxide, water, phosphorus, nitrogen, and less common sub- 
stances, and the photosynthetic reaction is “sparked” by 
several complex substances such as chlorophyll, DPN+ and 
ATP. 

Vitamins and minerals, though required in small amounts 
in the diet, are essential to regulate normal cell functions. 
The treatment of disease with chemical substances is called 
chemotherapy. Both natural and synthetic substances have 
been found to be effective for certain diseases. 

Fossilization of plant products is a geological process that 
results in the formation of peat, lignite, and coal, which con- 
tain progressively higher amounts of carbon and lower 
amounts of hydrogen and oxygen. 


EXERCISES 


A. KEY TERMS TO REMEMBER 


ADP enzyme penicillin 
amino acid fat photosynthesis 
ATP fermentation protein 
autotrophic fossil respiration 
carbohydrate glucose starch 
cellulose heterotrophic sulfa drug 
DPN+, DPNH lipid vitamin 


B. QUESTIONS ABOUT BIOPHYSICAL SUBSTANCES 


1, What are the differences between autotrophic and hetero- 
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trophic organisms in the sources of nourishment and their met- 
abolic products? 


2. List the primary differences between glucose, sucrose, 
starch, and cellulose. 


3. How are guncotton, rayon, cellophane, and pyroxylin de- 
rived from cellulose? 


4, What is the chemical difference between a liquid fat such 
as cottonseed oil and a solid fat such as stearin? 


5. Explain in general how some thirty amino acids may form 
more than 50,000 different proteins in the human body. 


6. List several natural and synthetic processes that are essen- 
tially fermentation processes. 


7. When we burn wood in the fireplace, we obtain a certain 
amount of heat. Could we expect to obtain about the same total 
amount of heat for our bodies by the consumption of an equiva- 
lent amount of glucose or starch? What is the fundamental dif- 
ference between these two processes? 


8. State two laws that have been derived from the effect of 
light upon chemical reactions. 


9. List several changes that might occur on the earth if the 


ozone layer in the upper atmosphere did not absorb the major 
portion of the ultraviolet light coming from the sun. 


10, Discuss the role of the ATP — ADP pair in fermentation, 
respiration, and photosynthesis. 

11. What is the specific role of chlorophyll in photosynthesis? 
What is meant by the “dark reactions” in photosynthesis? 


12. If a piece of filter paper (cellulose) is placed in moist soil 
for a few days, then removed and examined, it will be found to 
contain some glucose. What is the source of the glucose? 


13. A thermos jug is filled with wheat or barley and the seeds 
are moistened with water. A thermometer is inserted in the jug 
and observed frequently over a period of several hours. The tem- 
perature is noted to rise. Explain the source of this heat energy. 


14, Design a simple experiment by which you could prove 
that light striking a green, growing plant leaf causes the evolu- 
tion of oxygen. Hint: Oxygen is only slightly soluble in water. 


C. PROBLEMS ABOUT BIOPHYSICAL SUBSTANCES 


1. Calculate the molecular weight of glucose, glyceryl tri- 
stearate, and penicillin. Ans. 180. 


2. About how many glucose units would be in a starch whose 
molecular weight is approximately 15,900? 
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iE times in earlier chapters we have encountered the 
concept that matter and electricity are closely related to 
each other. Electricity is a flow of electrons; matter is made 
up of atoms whose outer structures consist of electrons. It 
has been pointed out frequently that when substances react 
chemically with one another there is a rearrangement of 
the outer electrons of the atoms that are in the reaction. 
Hence, chemical reactions also involve a movement of elec- 
trons; indeed, we might say that all chemical reactions may 
be viewed as electrical phenomena. Even the prosaic com- 
bustion of coal can be considered as essentially an electrical 
process—not, however, to be confused with the process by 
which coal is burned to supply the heat used to drive steam 
turbines (electrogenerators). In fact, several partially suc- 
cessful attempts have been made to generate electricity di- 
rectly from coal as it undergoes a chemical reaction. Let us 
examine more closely the electrical energy that may be ob- 
tained from chemical processes. 

Whenever we place a piece of metal in water, the metal 
tends to go into solution. Some metals, such as sodium and 
calcium, dissolve so readily that they react quite vigorously 
with the water. Other metals, such as iron, lead, and copper, 
show less tendency to dissolve. Although when we place 
these last three metals in water we might conclude that there 
is no reaction whatsoever, a small amount of these metals do 
dissolve, even though the process is not visible to the naked 
eye. The sensitive electrical instruments available to the 
scientist can detect even the small amount—and it is indeed 
slight—of silver and gold that dissolves in water. 

Before going further, it may be well to refresh in our minds 
the meaning of the electrical terms: volt, coulomb, ampere, 
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and ohm. The most important of these in our present dis- 
cussion is the volt. 

When one joule of work is needed to move one coulomb 
of electrical charge between two points, a difference of po- 
tential of one volt exists between these points. That is, when 
one coulomb (6.23 X 10'S electrons) of charge drops in po- 
tential by one volt, it can do one joule of work for us. The 
volt represents a potential energy per unit of charge, that is, 
the energy difference between the two points, and this con- 
cept is in keeping with the idea of potential mechanical 
energy, for that energy is proportional to the mass and to 
the height (difference in elevation). 


19-1 Electrochemical Energy 


In the discussion that follows, electrochemical energy is 
expressed with respect to two points—one before a reaction 
has occurred and the other after it has occurred. For ex- 
ample, when metallic sodium is placed in water, the sodium 
atoms become sodium ions according to the equation: 

Na > Nat + e- 

atom ion electron 
We may say that the sodium atom has a certain amount of 
electrochemical energy and that the sodium ion together 
with the electron have a different amount of electrochemical 
energy. The difference between these two amounts of energy 
is a potential difference, or a certain voltage. 

The most precise method of measuritig the voltage in the 
ionization of a sodium atom is to place gaseous sodium atoms 
in a special vacuum tube in which the sodium atoms are 
made to dissociate by bombarding them with electrons. The 
bombarding electrons are energized from an outside source 
of voltage, the amount of which gives us a measure of the 
energy required to pull an electron away from a sodium 
atom. It requires 5.14 electron-volts to remove an electron 
completely from a sodium atom, and this method of meas- 
uring the ionization potential of various atoms provides ex- 
perimental proof of the existence of energy levels in atomic 
structure (Chapter 12). However, these experiments are 
limited to gaseous atoms. Since we are presently more con- 
cerned with reaction in solutions, let us examine the methods 
of measuring the tendency for metals to go into solution. s 

Suppose we place a piece of zinc in a solution of zinc 
sulfate and a piece of copper in a solution of copper sulfate 
(Fig. 19-1). Between the two solutions is a porous a 
which prevents the solutions from mixing with each 5 ut 
which permits ions to migrate from one solution to the other. 
When the zinc and copper are attached to a voltmeter, we 
find a potential of 1.10 volts between these two metals. 1 
does this potential arise? An examination of this system wil 
enable us to find the mechanism by which it operates. 
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Copper sulfate- 
Zinc sulfate- 1 mole per liter 
1 mole per liter 


Fig. 19-1. A zinc-copper electrolytic cell. 


The zinc is negative and the copper is positive, that is, 
there is an excess of electrons on the zinc, a lack of electrons 
on the copper. Since electrons on the zinc have 1.10 volts 
greater potential energy than do electrons on the copper, 
electrons will flow through the outside circuit from the zine 
to the copper. If we wish, we may make use of this energy 
by placing a suitable motor or a lamp between the zinc and 
copper. If we let the electrons flow from the zinc to the 
copper for an extended period of time, we will note three 
results: first, the piece of zine will become smaller because 
some of it will dissolve; second, the piece of copper will be- 
come larger; and third, the copper sulfate solution will lose 
some of its intense blue color. This last result tells us that 
the copper is leaving the solution and plating out on the 
piece of copper. For each copper atom that plates out, a 
zine atom goes into solution. This is possible because zinc 
loses two electrons to form a zinc ion (Zn*++) while the 
copper ion (Cut) gains two electrons to form a copper 
atom, The over-all process is described in the diagram in 
Fig. 19-2. Since the loss of electrons is an oxidation process 
and the gain of electrons is reduction, the zinc becomes oxi- 
dized and the copper becomes reduced. The basic reason 
why this is a spontaneous process lies in the fact that elec- 
trons possessed by zinc have more energy than electrons 
possessed by copper, and this fact is the driving force in the 
transfer of electrons from the zinc to the copper. 

There is no way that we can experimentally measure the 
tendency of a single metal to go into solution, We must al- 
ways compare the solution tendency of one metal to that of 
another, In the above example, we examined the solution 
tendency of zine compared to that of copper and found 
further evidence that an oxidation process is accompanied 
by a reduction process. Indeed, one of these processes can 
never occur without the other, As a standard reference, the 
oxidation of hydrogen has been selected as the basis for 
comparing the measurements of the electrochemical poten- 
tials of all the elements. When we compare the tendency of 
hydrogen to dissolve to the tendency of zinc to dissolve, we 
find that zinc’s tendency is the greater. That is, zinc loses 
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Fig. 19-2. 


In the zinc-copper cell, the zinc 
becomes oxidized and the cop- 
per ion becomes reduced. 
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two electrons with 0.76 volt greater energy than does hy- Hydrogen 


drogen, If we say, arbitrarily, that the hydrogen potential is a 
°C 


zero, then the zine potential compared to hydrogen is 0.76 
volt (Fig. 19-3). In all the comparative measurements with 
hydrogen, the concentration of the solution, the temperature, 
and the pressure of the hydrogen should be at the standard 
conditions shown in the figure. 

If a metal shows less tendency to go into solution than 
does hydrogen, then its electrochemical potential is ex- 
pressed as a negative voltage. A list of the electrochemical 1 molor 
potentials of the elements is useful in describing the solution zinc solution g, 
tendency of the elements as well as to define their chemical acid solution 
reactivity in general. From such a list (Table 19-1), we can 
find that the voltage of a standard magnesium-copper cell 8 y 
would be 2.34— (034) volts, or 369 volis, Tu weine “ 1°% The meanurment of the sands 
would provide ample energy to operate a flashlight lamp, zine by comparing it to the 
as is demonstrated in Fig. 19-4. Since the conditions of the standard hydrogen cell. 


Platinum surrounded 
with hydrogen bubbles 


Dilute hydrochloric 
acid containing 
copper sulfate 


Fig. 19-4, A magnesium-copper cell. 


cell shown in the figure are not standard, the voltage will 
not be that predicted from Table 19-1, but it will be suf- 
ficient to light up the small bulb for a short time until the 
magnesium is used up. 


TABLE 19-1 
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19-2 Electrochemical Cells 


When we deal with electrochemical processes, there are 
a few terms that we should know in order to understand the 
discussion that follows. The two conductors that form the 
positive and negative poles are called electrodes. The posi- 
tive electrode is usually called the anode, the negative elec- 
trode the cathode. In an electrochemical cell, oxidation 
occurs at the cathode, reduction at the anode. The liquid 
portion of an electrochemical cell is called the electrolyte, 
an ionic substance whose positive ions (cations) migrate 
toward the negative pole (cathode) and whose negative ions 
(anions) migrate toward the positive pole (anode), Some- 
times the reaction that occurs at one of the electrodes is 
called a half-cell reaction because two of these reactions— 
one oxidation and the other reduction—are needed to make 
a complete electrochemical cell. Table 19-1 is essentially a 
list of half-cell reactions. 

Almost all chemical reactions that involve oxidation and 
reduction can be adapted to create an electrochemical po- 
tential in a process in which the oxidation reaction produces 
the negative pole and the reduction reaction the positive 
pole. However, most of these chemical processes would be 
too expensive or too inconvenient for practical use. Only a 
relatively small number of these reactions have been suc- 
cessfully adapted to the production of a convenient, portable 
source of electrical energy. Let us examine two common 
examples, 

The so-called dry cell is an electrochemical cell that pro- 
duces approximately 1.5 volts of electrical energy (Fig. 
19-5). We are all familiar with the ordinary flashlight cell 
that provides us with a convenient source of electrical en- 
ergy. The active components of the dry cell include the zinc 
can that serves as the negative pole, a paste containing am- 
monium chloride and manganese dioxide, and a carbon rod 
that serves as the positive pole at the center of the cell. The 
chemical reactions that take place when the cell is being 
used are not fully understood, but it is quite certain that 
the zinc goes into solution, forms zinc ions, and gives up 
electrons that account for the negative charge at this pole: 


Paste containing 
ammonium chloride 
and manganese 
dioxide 


Fig. 19-5. The ordinary dry cell. 


Zn > Zn++ + 2e- 


The electrons move through an outside circuit to the carbon 
rod where they reduce the ammonium and manganese ions 
in the paste electrolyte. The products of the reactions at both 
poles diffuse into the paste, until eventually the reactants 
are used up and the cell is no longer useful. 

Other combinations of oxidation-reduction reactions may 
serve as electrochemical cells, but their application to prac- 
tical uses is limited by their cost and electrical capacity. A 
particular type of electrochemical cell that is attracting much 
interest because of its high efficiency and low cost is called 
a fuel cell. These cells require a continuous supply of raw 
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materials that are used up at the electrodes without chang- 
ing the electrodes themselves. Favorite raw materials for 
the fuel cell include fuel gases such as natural gas and even 
powdered coal. One of the simpler fuel cells consumes hy- 
drogen and oxygen which are “burned up” at porous carbon 
electrodes as shown in Fig. 19-6, The hydrogen undergoes 
oxidation at the left-hand electrode (—) and the oxygen 
undergoes reduction at the right-hand electrode (+). The 
electrolyte is an alkaline solution and the chemical product 
of this electrochemical cell is water. The efficiency of a fuel 
cell may be nearly twice that obtained from similar fuels 
when burned in the steam turbine or conventional internal 
combustion engine. 

The dry cell and the fuel cell are examples of primary 
cells, which are cells whose reactions are not readily reversi- 
ble and consequently cannot be recharged. An electrochemi- 
cal cell that can be recharged is called a secondary cell, and 
the most common secondary cell is the lead storage battery. 

The common storage battery is a collection of at least three 
cells attached to each other in a series circuit. Each cell is 
capable of putting out slightly over 2 volts. A charged lead 
storage cell consists essentially of an electrode of lead (the 
negative pole), an electrode of lead dioxide (the positive 
pole), and an electrolyte of sulfuric acid (Fig. 19-7). When 
we use a lead storage battery, say, to start our car in the 
morning, we are making use of the energy difference that 
electrons have on these two electrodes. At the negative pole, 
lead goes into solution according to the reaction: 


Pb Pb++ + 2e- 


At the positive pole, electrons are used up in the reaction: 
PbO, + 4H+ + 2e- —> Pb++ + 21H20 


The hydrogen ions are supplied by the sulfuric acid. Both 
electrode reactions produce lead ions, but in the presence 
of sulfate ions from the sulfuric acid, lead sulfate is found 
at each electrode. Since lead sulfate, PbSO,, is extremely in- 
soluble, it remains mechanically attached to each electrode. 
The voltage of the lead cell arises from the fact that electrons 
on the lead possess 2 volts more energy than they do on the 
lead dioxide, and the resulting electrochemical potential ac- 
counts for the energy that may be obtained from the lead 
cell. 

In recharging the lead cell, all the reactions that occur 
above are reversed by placing an outside voltage on the cell 
which forces electrons back in the opposite direction. The 
lead sulfate at the negative pole is reduced back to free lead 
while the lead sulfate at the positive pole is oxidized to 
PbO». The original sulfuric acid is regenerated, giving an 
electrolyte with a higher density than that of the electrolyte 
when the cell is discharged. In fact, a common method of 
examining the charge on a lead storage cell is to measure 
the density of the electrolyte. 
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Fig. 19-6. A hydrogen-oxygen fuel cell. 
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Fig. 19-7. The lead storage battery. 
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The lead storage battery provides a convenient source of 
electrical energy. In addition to its use in automobiles, the 
lead battery is widely used in commercial trucks, telephones, 
mines, submarines, railway signals, and in emergency light- 
ing equipment. We occasionally hear of other kinds of sec- 
ondary cells that might be superior to the lead cell, but for 
economy, popularity, and general performance, the lead stor- 
age cell has never been exceeded. 


19.3 Electrolysis 


In Chapter 14 we saw how the early work of Faraday 
provided a firm basis for the further development of the 
concept of valence. In view of our modern notion of atomic 
structure, this concept is not difficult to appreciate, for va- 
lence is the manifestation of the electron gain or loss of an 
element, and Faraday’s laws (p. 265) provided the quanti- 
tative relationship between valence and electrolysis. Elec- 
trolysis, you will recall, is the decomposition of a substance 
by electrical energy. That is, an outside source of electrical 
energy is placed on a chemical system to overcome or undo 
the effects that might occur in an electrochemical cell. For 
example, if we pass electricity through a solution of salt 
water, through melted sodium chloride, or through a solu- 
tion of any electrolyte, the result is the decomposition of the 
system. At each electrode a certain chemical change occurs, 
provided that the voltage of the applied electricity exceeds 
the electrochemical potential of the substances that undergo 
chemical decomposition. Let us now look at the electrolysis 
of melted sodium chloride. 

Melted sodium chloride consists of an equal number of 
sodium and chloride ions, which are free to move inde- 
pendently of each other. When we place two inert elec- 
trodes, such as graphite or platinum, into the melted sodium 
chloride, we find that an electric current flows through the 
melted salt quite easily (Fig. 19-8). In a short time, bubbles 
of chlorine gas will appear at the positive electrode, and 
at the negative electrode, a bright, shiny deposit of metallic 
sodium will appear. In order to explain the appearance of 
these two elements, let us digress a moment or two. 

We are well acquainted with the intense chemical reac- 
tivity of sodium and chlorine. Sodium has a high positive 
electrochemical potential and hence undergoes oxidation 
readily. Chlorine, on the other hand, has a very low posi- 
tive, or a high negative, electrochemical potential; its stand- 
ard potential is —1.36 volts, compared to sodium’s +2.71 
volts. Thus, chlorine undergoes reduction, or electron gain, 
very easily. Since an electrochemical cell that provides for 
the simultaneous oxidation of sodium and the reduction of 
chlorine would, at standard conditions, yield 4.07 volts of 
electrical energy, in the electrolysis of sodium chloride we 
must supply electrical energy at a voltage in excess of that 


378 


Battery 


Carbon 
electrodes 


Melted 
sodium 
chloride 


Metallic sodium formed 
Chlorine gas evolved 


Fig. 19-8. The electrolysis of fused sodium 
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produced in the sodium-chlorine electrochemical cell, That 
is, we must reverse the oxidation-reduction process that ordi- 
narily would occur spontaneously. 

The mechanism of electrolysis of sodium chloride is essen- 
tially the migration of ions—cations to the cathode and 
anions to the anode—followed by reduction at one electrode 
and oxidation at the other. The sodium ions, attracted to 
the negative pole, pick up electrons and form sodium atoms: 


Nat + e~ > Na 


Chloride ions migrate to the positive pole, lose electrons, and 
thus produce chlorine atoms: 


Cl- > Cl + e- 


The sodium is reduced and the chlorine is oxidized, exactly 
the opposite of what would happen spontaneously. The only 
reason it can happen here is that we have supplied an out- 
side source of energy in the form of an electrical potential 
that overcomes this natural tendency. Note that the melted 
sodium chloride does not conduct electrons through itself. 
It acts as an electrical conductor because the ions migrate 
independently and subsequently gain or lose electrons at 
the electrodes. 

A solution of sodium chloride conducts electricity in a 
manner similar to that of the melted sodium chloride above. 
There is one important difference, however, and it becomes 
evident when we examine the products of the electrolysis 
process. A solution of sodium chloride contains, in addition 
to sodium ions and chloride ions, water molecules and a 
small quantity of hydrogen ions and hydroxyl ions, which 
result from the small but definite ionization of water. When 
suitable electrodes are placed in a salt solution, both the 
sodium ions and the hydrogen ions migrate toward the 
cathode (Fig. 19-9). But at the cathode only hydrogen is 
found; there is no evidence of any free sodium. With both 
sodium ions and hydrogen ions coming in contact with the 
cathode, we may expect the reactions: 


Na+ +e- Na 
H+ +e7>H 


Yet, only the hydrogen reaction occurs. From the list of 
electrochemical potentials, we see that sodium has a much 
higher solution tendency than does hydrogen. Conversely, 
hydrogen ions take up electrons and come out of solution 
much more readily than do sodium ions. Hence, only the 
hydrogen plates out at the cathode. Here we have an ex- 
cellent example of an important principle in physical science 
that is often applied as well to other areas of knowledge. 
Although in the electrolysis of a sodium chloride solution 
two reactions may occur simultaneously at the cathode, the 
one that goes easier—the one that requires the lesser en- 
ergy—is the one that takes place. Thus, in any natural proc- 
ess where there is a choice between two or more paths, the 


easiest path is the one taken. 
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19-4 Electrolytic Production of Elements 


We have seen how the electrolysis of melted sodium chlo- 
ride produces sodium metal and chlorine gas, and electrolysis 
is essentially the industrial method of making both these 
elementary substances. Chlorine, however, is more commonly 
made by the electrolysis of a sodium chloride solution, pri- 
marily because hydrogen and sodium hydroxide are pro- 
duced at the same time. Many other elements, such as 
fluorine, bromine, lithium, aluminum, calcium, and most of 
the magnesium used today, are produced by electrolysis. 
Other metals such as nickel, copper, and zinc are purified 
or recovered by electrolytic methods. Because the process 
for each metal is somewhat unique, we will not take time 
here to consider all of them in detail. However, a brief ex- 
amination of the production of magnesium from sea water 
will provide us with an idea of the importance of electrolysis 
in modern metallurgy. 

Almost three. pounds of magnesium ions are present in 
each ton of sea water, in which the magnesium is dissolved 
as a salt. A quantity of sea water is first treated with lime, 
which is obtained from the huge banks of oyster shells that 
are readily available along certain seashores: 

Ca(OH): + Mgt++— Cat+ + Mg(OH): 


lime magnesium calcium magnesium 
ion ion hydroxide 


Magnesium hydroxide is quite insoluble, so it settles as a 
precipitate, and, after being separated from the sea water, 
it is dissolved in hydrochloric acid: 

Mg(OH): + 2HCI> MgCl. + 2H,O 


hydrochloric magnesium 
acid chloride 


The solution of magnesium chloride is then evaporated to 
the point where the solid magnesium chloride salt can be 
obtained. This salt is melted and then electrolyzed, giving 
magnesium metal and chlorine: 
MgCl. > Mg + Clo 
electrolysis 

Precisely the same mechanism of electrolysis is involved 
here as in the electrolysis of melted sodium chloride. The 
by-product, chlorine, is used in an interesting fashion to 
produce hydrochloric acid. This is accomplished by burning 
natural gas, primarily methane, in a chlorine atmosphere: 


CH, + 2Cl, > AHCI C 

methane 

The hydrochloric acid is recovered and used to dissolve 
magnesium hydroxide in an earlier step in the process. The 
carbon that is formed here is of the finely divided kind some- 
times called carbon black or lampblack. It finds wide use 
as a pigment and as a component of ordinary black rubber. 
A magnesium plant using this method must be located near 
ample supplies of calcium carbonate (or oyster shells), 
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natural gas, and cheap electrical power. Such a situation 
exists along the Gulf Coast of Texas, where successful plants 
of this type have been in operation since the advent of 
World War II. 

Another important application of electrolysis is in the 
electroplating of metals. Since most of us prefer to see a 
bright, shiny surface on metallic objects, much of our 
jewelry, the ornaments on our automobiles, and many use- 
ful industrial tools are electroplated. The plating of silver is 
one of the most common applications of electrolysis in this 
field. Silver-plated tableware is first fashioned of copper or 
brass, then placed as a cathode in an electrolysis system. A 
piece of pure silver serves as the anode, and the electrolyte 
is a solution of silver cyanide. As electrical current passes 
through the electrolysis system, silver dissolves at the anode 
and plates out at the cathode. The temperature, amperage, 
and concentration of the electrolyte are carefully controlled 
in order to achieve a uniform, fine-grained deposit of silver 
on the object. After buffing and polishing, the silver-plated 
object may appear as attractive as if it were made of solid 
silver. 

A widely used method of studying the structure of sub- 
surface rocks and minerals relies upon electrolysis. This 
method is known as electric well logging. When an oil well 
is being drilled, electrodes are placed in the well along with 
the drill. An electrical voltage is placed on the two elec- 
trodes, and the amount of current that passes between the 
electrodes is a measure of the quantity and type of elec- 
trolyte between the electrodes. In sandstone formations, only 
a small amount of current flows, but in a limestone or shale 
zone there are more soluble electrolytes and considerably 
more current passes through the electrolysis system. A rec- 
ord of this information kept as the well is being drilled (Fig. 
19-10) gives valuable information about the rocks, their 
porosity, and the nature of the liquid that fills the rock pores. 


19-5 Corrosion 


etals to react chemically with 


The natural tendency of m 
on- 


their environment is called corrosion. When the envir 
possibly some electrolytes, 


ment consists of air, moisture, and 
an electrochemical cell. 


all the essentials are present for 
Furthermore, the corrosion tendencies of metals are closely 
related to their electrochemical potentials. Even the less 
active metals, such as copper and silver, undergo corrosion. 
However, we will concern ourselves mostly with the cor- 
rosion of iron because this metal is vital to our modern 
culture and at the same time is very susceptible to corrosion. 
The tremendous expenses incurred to prevent or halt the 
corrosion of iron is indicative of the importance of this 
roblem. 

9 Iron corrodes, according to our best knowledge, by an 
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Fig. 19-10. A geological structure studied 
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electrochemical process. Impurities or stresses in the metal 
cause certain areas to show greater solution tendencies than 
others, and these areas become anodes, where oxidation oc- 
curs (Fig, 19-11). Here the iron goes into solution as the 
ferrous ion with a loss of two electrons: 

Fe Fet+ + 2e- 


ferrous ion 


The less reactive areas become cathodes, where reduction 
occurs. Either or both of two simple reduction processes may 
occur, depending upon the acidity and the presence of oxy- 
gen and other substances: 


2H+ + 2e- > He 
O: + 21H20 + 4e = 40H 
The ferrous ions (Fett) are further oxidized to ferric ions 
(Fe+++), which react with the hydroxyl ions formed at the 
cathode and eventually form ferric hydroxide, Fe(OH)s, or 
ferric oxide Fer On. It is these last two substances that con- 
stitute what we commonly call rust. 

In order to prevent or control corrosion, we must inhibit 
the electrochemical process. A very direct method of doing 
this is to superpose an outside voltage upon the iron so that 
it is made cathodic, for it is only at the anode that the iron 
goes into solution. Thus, pipelines, bridges, and ships have 
been effectively protected from corrosion by making their 
entire iron structures cathodic. The outside voltage may be 
supplied by an electrical generator or by attaching the iron 
to a metal, such as magnesium and zinc, that has a higher 
electrochemical potential than iron. Other methods of con- 
trolling corrosion usually involve a barrier such as paint or 
a thin plate of another metal which isolates the iron from its 
environment. The paint usually contains pigments such as 
red lead or zinc chromate that inhibit corrosion. 


19-6 Semiconductors 


Up to now we have become acquainted with two kinds of 
electrical conductors—metals and electrolytes. Metals, we 
found, conduct electricity by merely passing electrons along 
from atom to atom through their solid structure. But elec- 
tricity passes through a solution of an electrolyte by the 
movement of ions and the chemical change of these ions at 
the electrodes, A third kind of conductor, sometimes called 
a semiconductor, conducts electricity by a mechanism en- 
tirely different than that of either metals or electrolytes. 

Metals are characterized by the presence of many freely 
moving electrons, whereas good insulators have virtually no 
electrons that can be easily moved—all their outer electrons 
are tied up in covalent bonds. The gradation between me- 
tallic elements and nonmetallic elements on the periodic 
table (p. 254) appears in those elements that are interme- 
diate between conductors and insulators. These are the ele- 
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ments in Group IVB: carbon, silicon, and germanium. All 
of them may exist in the diamond structure in which each 
atom shares its four valence electrons with four other atoms. 
Thus, all the available electrons of each atom are tied up in 
four covalent bonds. 

Pure germanium, in the diamond structure, is ordinarily 
a good insulator, but when very small amounts of impurities 
—less than one atom in one hundred million—are purposely 
added to it, it becomes a semiconductor. Suppose we add to 
it a small amount of an element that has five valence elec- 
trons, such as phosphorus, arsenic, or antimony. Each time 
one of these atoms enters the structure there will be an extra 
electron that is not tied up in covalent bonds (Fig. 19-12). 


n-type 


Extra 
electron 


Fig. 19-12. The structure of a semicon- 
ductor. 


As a result, this system has enough free electrons in its struc- 
ture to make it a conductor. 

Suppose we now add to the germanium an impurity that 
has only three valence electrons. Each time an atom of such 
an impurity as boron, aluminum, or gallium enters the struc- 
ture, there will be a shortage of one electron and thus a 
vacancy for an electron at each of the substituted atoms. If 
we place a small electrical potential on this system, electrons 
will migrate to these vacancies, creating new vacancies at 
the same time. This process of “give-and-take” amounts to 
electrical conduction of a sort and is called conduction by 
“holes.” This kind of semiconductor with a deficiency of 
electrons is called a p-type (positive ), and one having excess 
electrons is called an n-type (negative). 

When n-type and p-type semiconductors are placed next 
to each other, a very powerful and efficient means of chang- 
ing alternating to direct current is created. For instance, in 
Fig. 19-13a, two semiconductors are joined intimately in an 
electrical circuit, When a voltage is applied to the p and n 
pair, electrons in the n-type material move from right to left 
toward the p-n boundary at the same time that holes move 
from left to right toward the boundary. If the voltage is ap- 
plied in the opposite direction, as shown in Fig. 19-13b, the 
electrons and the holes move away from the boundary, but 
practically no current passes through the junction. Conse- 
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Fig. 19-13. A simple combination of a p- and an n-type semi- 
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quently, such a system serves as a valve that permits elec- 
trons to flow only in one direction, and in this respect it can 
be used to convert alternating current to direct current. This 
is called rectification. 

A more interesting arrangement of semiconductors is 
shown in Fig. 19-14, where a p-type is sandwiched between 


Fig. 19-14. A multiple combination of p- 
and n-type semiconductors, 
commonly called a transistor. 


two n-types. In this arrangement, the p-type semiconductor 
is extremely thin—only a thousandth of an inch thick—and, 
compared to its n-type neighbors, it is sparsely populated 
with holes, The rule that electrons can flow in the n to p 
direction at a junction, and not in the opposite direction is 
now modified by virtue of the presence of a third component 
in the system. For example, at the junction on the left— 
called the emitter junction—electrons can readily move 
across the boundary from left to right, and a relatively 
smaller number of holes move in the opposite direction. The 
electrons crossing the emitter junction traverse the thin sec- 
tion of the p-type semiconductor and readily cross over the 
collector junction into the n-type material on the right. How- 
ever, if no electrons passed through the emitter junction, 
none would flow through the collector junction. Accordingly, 
as the diagram shows, a low voltage across the emitter junc- 
tion controls a much higher voltage across the collector 
junction. Although the details of the theory of this system 
are beyond our present interest, we can see that a large 
amount of power can be controlled by a small amount of 
input power. This control of power, permitting amplification 
and rectification, is essential to all kinds of electronic devices 
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such as radio, television, and telephone, and the advantage 
of semiconductors over the conventional vacuum tube is 
based on the fact that semiconductors require but one- 
millionth the power input needed by a vacuum tube, and the 
fact that semiconductors are extremely long-lived compared 
to vacuum tubes. 


19-7 Summary 


All chemical reactions involve electrical energy, a mani- 
festation of the fact that all elements tend to either gain or 
lose electrons. This tendency is measured in terms of electro- 
chemical potential. 

The electrochemical potentials of many chemical changes 
have been measured, and a few of these have been adapted 
to useful purposes in such devices as the common dry cell 
and the lead storage battery. 

The conduction of electrical current by a solution always 
involves electrolysis, which is essentially the movement of 
ions, Oxidation occurs at one electrode and reduction at the 
other, Electrolysis of melted sodium chloride produces free 
sodium and chlorine gas. Other elements, including mag- 
nesium, are also industrially produced by electrolysis. 

Electroplating is an application of electrolysis in which 
one metal is plated onto an electrode for the protection or 
decoration of the base metal. 

Corrosion is an electrochemical process in which anode 
and cathode areas account for the metal being attacked by 
its environment. 

Semiconductors, usually made of Group IVB elements that 
contain small but controlled amounts of impurities, act as 
n-type (excess of electrons) or p-type (shortage of elec- 
trons) conductors. Combinations of these materials make 
efficient rectifiers and amplifiers that can be used in small 
radios and other communication instruments. 


EXERCISES 


A. KEY TERMS TO REMEMBER 


anode electrochemical cell secondary cell 
cathode electrode semiconductor > 
corrosion electrolysis standard electrochemical 
dry cell fuel cell potential 

primary cell storage battery 


B. QUESTIONS ABOUT ELECTROCHEMICAL ENERGY 


1. From the data in Table 19-1, which two metals would au 
select to make an electrochemical cell with a maximum voltage? 


2. Show by a diagram how you might construct the cell in the 


preceding question. 
3. In general, what kind of chemical reaction is used in an 


electrochemical cell? 


385 


Electrochemical Energy 


4. By a diagram show how you would attach a battery charger 
to a lead storage battery in order to recharge it. Show the reac- 
tions that take place at each electrode when the battery is being 
recharged. 


5. In the electrolysis of a sodium chloride solution, only hy- 
drogen forms at the cathode. At the anode either chlorine or oxy- 
gen could form. Which of these two actually is formed, and why? 


6. List the raw materials that are required to obtain magnesium 
from sea water. Show how electrolysis is an important step in 
this process. 


7. Assuming that ideal conditions prevail, which process would 
require more electricity—the production, by electrolysis, of a 
pound of aluminum or a pound of sodium? Assume that there are 
approximately the same number of atoms of each metal in both 
cases, 


8. In plating silver on silverware, do you need a particular volt- 
age? Is there anything unique about the amperage required? 


9. If in making an electric log of a well, you encountered a 
region that showed excessively high electrical conductivity, what 
would you conclude? 


10. In terms of electrochemical potential and the possibility of 
corrosion, comment on the advisability of the following home- 
building practices: 


. Nailing a galvanized (zinc coated) roof with iron nails. 

. Nailing a copper roof with iron nails. 

. Attaching an iron pipe to a copper pipe. 

Using a brass valve on a galvanized pipe. 

Grounding the telephone (a direct current instrument) to a 
water pipe. 


S oP 


11. Tell how a solid substance can conduct electricity by hav- 
ing either an excess or a shortage of electrons in its structure. 


12. What are some of the advantages of a semiconductor type 
of amplifier in a radio compared to the traditional vacuum tube 
amplifier, other than their difference in size? 


C. PROBLEMS ABOUT ELECTROCHEMICAL ENERGY 


1. What is the voltage of a standard cell constructed with iron 
and copper and involving reactions given in Table 19-1? 


2. What would be the highest voltage obtainable from the re- 
actions listed in Table 19-1? Ans. 4.60 volts. Is such a cell prac- 
tical? 


3. One type of hearing aid battery employs zinc for one elec- 
trode and mercury for the other. Approximately what voltage 
would you expect from such a cell, assuming that the standard 
electrochemical potentials would provide a clue? 


4. Tin is more electronegative than iron, and zinc is more 
electropositive than iron, Explain why both of these metals are 
used to protect iron (tinplate and galvanize), even though the 
electrochemical effects are diametrically opposite to each other. 
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1* the previous chapters we have studied a number of dif- 
ferent kinds of energy—chemical energy, electrical energy, 
kinetic, and potential energy. The form of energy that we 
shall consider in this chapter—heat energy—is even more 
closely associated with life and living things than these other 
forms of energy. Man has produced temperatures on earth 
as low as —459°F and as high as 180,000,000°F (Fig. 20-1), 
yet in order to survive, his body temperature must not drop 
much below 96°F nor rise much above 102°F. Man’s body, 
then, must be a carefully controlled heat engine with very 
special temperature- regulating mechanisms. Only through 
the discovery of how to make fire was man able to control 
his environment sufficiently to be able to move out of the 
semitropical regions and, eventually, to conquer the planet. 
The development of heat engines has helped release man 
from drudgery and has given him sufficient time to be in- 
ventive and speculative, to become inventor, economist, poet, 
philosopher; and scientist. 

The late Dr. Karl T. Compton, president of the Massa- 
chusetts Institute of Technology, has said, “In the last fifty 
years physics has exerted a more powerful beneficial influ- 
ence on the intellectual, economic and social life of the world 
than has been exerted in a comparable time by any other 
agency in history. Its influence has far exceeded that of wars, 
political alignment or social theories.” Lloyd W. Taylor, in 
commenting on Dr. Compton's remarks, added that “Presi- 
dent Compton was unduly restrained, His fifty-year span 
should have been two hundred. The development of steam 
power, intimately associated with the beginning of scientific 
comprehension of the nature of heat, took place during the 


387 


Heat Energy 


{ Helium freezes 


under pressure 
-Helium boils Primitive molds grow 
10 20 
-Hydrogen freezes 
-Hydrogen boils 
-Pluto's Body temperature of 
Oxygen boils hibernating squirrel 
2 z y 
10 Mercury 40 f Oceanic mean 
E freezes 
4 1A 60 
ron melts 
-Glowing tungsten lamp -Room temperature 
Surface of cool stars 
\Molecules dissociate 
40 Suns surface | 80 
Nearly all atoms 
= ionized 85 Body temperature of 
o 2 lower mammals 
E — 
= 10° 5 100E Body temperature of 
5 8 higher mammals 
a 
E Body temperature 
E -Atomic bomb fireball 8. of tiras p 
H 45-ft diameter 
10°-Sun's corona 120 
10" 140 
-Sun's interior 
08 Hydrogen bomb 60 E- Thermophilic bacteria 
Bi 
Hear thermonuclear 
9 E reactions 
10 Intergalactic collisions i9 
Anterior of hottest stars 
-Hot-spring algae 


oE 


Fig. 20-1. Temperatures from the lowest to the highest known to man, 
and the narrow range of temperature within which life exists, 


eighteenth century. Out of it grew industrial society. . . . 
Out of the early study of heat grew also that broadest of all 
scientific laws, the doctrine of Conservation of Energy. 
Whether viewed from the utilitarian or the purely scientific 
standpoint, the beginning of our comprehension of the na- 
ture of heat marks an epoch in human living and think- 
mea 

The understanding of heat energy, like most other under- 
standings, did not come to man easily. One of the first ways 
man used heat energy (possibly as early as 10,000 B.C.) was 
to bake building materials such as bricks. By 6000 B. c., 
petroleum and asphalt were important items of commerce 
and are thought by some to have been used for heating and 
for the refining of ore. Except for a few toys developed by 


= Lloyd W. Taylor, Physics, The Pioneer Science, reprinted through 
permission by Dover Publications, Inc., New York, p. 248. 
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the Egyptians, man did not have enough knowledge about 
heat energy to develop an engine to do his bidding until 
James Watt put steam to work in 1769. Up until this time, 
man used heat primarily to keep himself warm and to pro- 
vide light so he could control, in a primitive fashion, his 
environment. 


20-1 The Measurement of Temperature 


e 

The first advance beyond this primitive use of heat energy 
was largely dependent upon an accurate measuring instru- 
ment for heat. Lord Kelvin’s statement is again relevant: 
“When you can measure what you are speaking about and 
express it in numbers, you know something about it.” But 
it was not until the time of Galileo, who is given credit for 
developing the first “thermometer” in a.p. 1600, that the 
way was opened for a more complete understanding of heat. 
From Fig. 20-2 it can be seen that Galileo’s thermometer 
consisted essentially of an enclosed gas that changed volume 
with changing temperatures. As the thermometer was heated, 
the gas in the bulb expanded and drove the liquid lower in 
the vertical tube. When the thermometer was cooled, the 
gas contracted, and the air pressure forced the liquid to rise. 
Although this device was quite sensitive to temperature dif- 
ferences, it was also affected by differences in the atmos- 
pheric pressure, and it was not until some years later that 
scientists recognized this problem and solved it by placing 
the bulb of the thermometer at the bottom. In this position, 
changes in atmospheric pressure can affect only the liquid, 
which is relatively incompressible in comparison to the air 
in Galileo’s thermometer. 

Increased usefulness and accuracy in a thermometer can 
be gained if a liquid is used which has a low freezing point 
and a high boiling point, and which expands uniformly with 
changes in temperature. Scientists soon discovered that mer- 
cury scores high on all three of these counts and is therefore 
an excellent thermometric liquid. The next advance in tem- 
perature measurement came in the late seventeenth century 
when the need for several points of reference or “fixed 
points” on a temperature scale became apparent. These 
“fixed points” are temperatures that are presumed to be the 
same any place on earth as long as the pressure does not 
change—for instance, the melting point of ice is dependable 
enough to be used as a point of reference for measuring 
other temperatures—and this use of reference points allowed 
workers at different places to compare temperatures accu- 
rately. They could say that the temperature was, for instance, 
one-third of the way from the temperature of a salt-ice 
mixture to the temperature of the human body, and, since 
this was a ratio that did not depend upon the exact dimen- 
sions of the instrument, this method greatly extended the 


usefulness of any thermometer. 
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Newton observed that a mixture of snow and water al- 
ways gave the same reading on his thermometer. Guillaume 
Amontons, a French physicist, found that water always 
boiled at the same temperature. From these two observa- 
tions, the Swedish astronomer, Anders Celsius, in 1742 con- 
ceived the idea of using these two temperatures, the melting 
point and the boiling point of water, as the fixed points of 
a temperature scale. Dividing the intervening distance on 
his thermometer into 100 parts or degrees, he called the 
freezing point 100° and the boiling point 0°. The following 
year this temperature scale was reversed so that the 0° rep- 
resented the freezing point and the 100° the boiling point. 
This modified form is now known as the Celsius thermo- 
metric scale. The Celsius scale (formerly known as the 
centigrade scale) is now used universally by scientists as 
well as by most nations. The relationship between the Celsius 
and Fahrenheit temperature scales is illustrated in Fig. 20-3. 


Fig. 20.3. A comparison of thermometric 
scales—Celsius and Fahrenheit. 


It may seem incredible that it took 142 years to develop the 
thermometer, but we must remember that new ideas come 
slowly even now and that the methods of science were cer- 
tainly not well developed in the year 1600. 


20-2 Heat and Temperature 


Temperature and heat are often confused with each other. 
Temperature is a measure of the average kinetic energy of 
the molecules of a substance; the higher the temperature the 
faster the molecules move. Heat, however, is a measure of 
the total kinetic energy of the molecules in a system. For 
instance, a cup of hot coffee has a higher temperature than 
the ocean because the molecules in the cup of coffee have 
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a higher kinetic energy than the molecules in the ocean. But, 
regardless of the temperature of the cup of water, the ocean 
contains a greater amount of heat since it has so many more 
molecules and therefore greater total kinetic energy. 

In order to undertsand heat energy we must know the 
units in which it is measured. Heat is measured in calories 
or in Btu’s (British thermal units). A calorie is the amount 
of heat required to raise the temperature of one gram of 
water one degree Celsius. A Btu is the amount of heat re- 
quired to raise the temperature of a pound of water one 
degree Fahrenheit. The Btu is a considerably larger unit of 
heat than the calorie; one Btu equals 252 calories. 


20-3 Specific Heat 


Different materials require different amounts of heat to 
cause a given change in temperature. The sun on a warm, 
summer day, for instance, raises the temperature of the sand 
on a beach more rapidly than that of the water in a lake. 
The simple experiment diagrammed in Fig, 20-4 serves to 
illustrate this phenomenon. Suppose we put 100 g of dry 
sand in a double boiler above boiling water until it is the 
same temperature as the steam, Now let us quickly pour this 
hot (100°C) dry sand into 100 g of water, the temperature 
of which is 20°C. As the sand and water are stirred with a 
thermometer, the temperature of the mixture becomes 85°C. 
When the 100 g of sand cools from 100°C to 35°C it warms 
the 100 g of water from 20°C to 35°C; the water, in other 
words, gains 100 g X 15°C X 1 cal/g-°C, or 1500 calories. 
Since energy can be neither created nor destroyed, this 1500 
calories of heat energy must have been transferred from the 
sand to the water, assuming no heat loss or heat gain from 
the environment, We know that the sand gave up 1500 cal- 
ories of heat energy when 100 g of it cooled from 100°C to 
35°C, and therefore each gram of sand must have given up 
0.23 calories for each degree it cooled: 


1500 cal é 

100 gx 6509 0.23 cal/g-°C 
For our purpose, we shall call the amount of heat needed 
to change 1 g of a substance 1°C its specific heat. From the 
definition of the calorie and the Btu, it is apparent that the 
specific heat has the same numerical value whether we 
measure it in cal/g-°C or in Btu/Ib-°F. In our problem then, 
the sand has a specific heat of 0.23 cal/g-°C. 

Stated another way, we could say that sand has 23/100 of 
the heat capacity of an equal mass of water. 

We now have a way of determining the amount of heat 
that is associated with any change in temperature that does 
not involve a chemical change, a transformation from a solid 
to a liquid, or a transformation from a liquid to a gas. If we 
multiply the mass by the change in temperature and the 
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at 100°C 


100 g 
water 
at 25°C 


Fig. 20-4. A simple experiment by which 
the heat capacity of sand can be 
determined. 
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specific heat, we will have the heat expressed in Btu or cal, 
depending upon the units we use: 


heat = mass X change in temperature X specific heat (20.1) 


Table 20-1 lists the specific heats of some common sub- 
stances. An illustration or two will make the use of formula 
20.1 clear. Suppose we have a 1500-g frying pan made of 
iron. How much heat will be needed to raise the temperature 
of this utensil from 20°C to 100°C? 


heat = mass X change in temperature X specific heat 
= 1500 X (100 —20)°C X 0.12 cal/g-°C 
= 1500 X 80 x 0.12 
= 14,400 cal 


To make the question more complex: What would the final 
temperature be if we applied the same amount of heat to 
1500 g of water at 20°C? We know from the previous prob- 
lem that it took 14,400 calories to heat the frying pan to 
100°C, so this is the amount of heat we will apply to the 
water. At 20°C the water is a liquid so we shall use the spe- 
cific heat of water as a liquid and substitute that value in 
formula 20.1, letting X equal the change in temperature. 


heat = mass X change in temperature X specific heat 
14,400 cal = 1500 g X X°C x 1 cal/g-°C 


1440 „ 
1500 x1 = X°C 
96°C =X 


The change in temperature would be 9.6°C. Since heat was 
being added, this would be a rise in temperature, and the 
final temperature would be 9.6°C + 20°C, or 29.6°C. We 
can see from this example that it takes much more heat to 
change the temperature of water by a given amount than it 
does to change the temperature of iron by an equivalent 
amount. The difference is due to the fact that water has a 
much higher specific heat than iron. 

When we examine Table 20-1, we see that the specific 
heat of water is very high compared to that of nearly every 
other common substance. In fact, it is only rarely that we 
encounter a substance that has a greater specific heat than 
water. Water therefore is a good carrier of heat energy and 
also an excellent cooling agent, Hot-water heating systems, 
hot-water bottles, and automobile radiator systems all de- 
pend upon the high heat capacity of water for their effective- 
ness, Ocean currents moving from tropical areas to cooler 
regions give off enormous quantities of heat as they cool a 
few degrees. It is said that an ocean current such as the 
Gulf Stream delivers heat at the rate of 9.2 10 Btu/hr as 
it cools 1°F; this amount of heat is equivalent to that given 
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TABLE 20-1 


off by the burning of 40,000,000 tons of coal. The specific 
heat of water is so much greater than that of air that 1 cu ft 
of water in cooling 1°C will supply enough heat to warm 
3000 cu ft of air 1°C. Thus, air near large bodies of water 
may have its temperature modified greatly. As the Gulf 
Stream flows from the tropical regions northward along the 
eastern seaboard (Fig. 20-5), it warms and moistens large 


ae 


— 


F 
South equatorial cue 
Fig. 20-5. The Gulf Stream and other ma- 5 

jor surface currents of the At- 
lantic Ocean. (From Sverdrup, 
Fleming, and Johnson. The 
Oceans, Englewood Cliffs, N. P 
Prentice-Hall, Inc., 1942) 


volumes of air, and, in transferring these enormous quanti- 
ties of heat, it modifies the weather of our eastern states and 
is a dominant factor in the climate of western Europe. 

A uniform body temperature is necessary for our health 
and, indeed, for our survival. Our bodies provide the envi- 
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ronment in which the chemical reactions necessary to life 
take place. Since almost all chemical changes take place 
more rapidly as the temperature is increased, it is important 
that the temperature of our bodies be held nearly constant. 
As we saw in Chapter 17, the reaction velocity usually 
doubles for each 10°C rise in temperature, and, for this rea- 
son, if our body temperature changes much, it drastically 
affects our body chemistry. 

In medicine, use is being made of lower body tempera- 
tures in certain surgical operations. As the body temperature 
drops, the chemical activity decreases, and since with the 
slower chemical reaction rate the body needs smaller 
amounts of oxygen, it may be possible to perform operations 
that temporarily interrupt the flow of blood, which carries 
life-giving oxygen to all parts of the body. The time avail- 
able for operating may consequently be increased, and some 
operations that cannot possibly succeed at normal body 
temperatures may now be performed with relative safety. 

Since our bodies are composed of about two-thirds water, 
a large amount of heat must be exchanged in order to cause 
our body temperature to rise or fall very much. This fact 
makes it possible for us to go outdoors without freezing 
when the temperature is very low; the high specific heat of 
water enables us to lose large quantities of heat without 
much change in our body temperature. In an average day 
we eat food that has a fuel value of approximately 3,000,000 
calories (or 3000 large calories), which is enough energy to 
raise the temperature of a 150-Ib man by more than 80°F. 
If our bodies were made of alcohol instead of water, this 
potential temperature rise would be nearly 160°F, To main- 
tain a uniform temperature, our bodies must give off large 
quantities of heat. We have all experienced the proof of this 
when we have been in a room, crowded with people, in 
which the temperature has risen noticeably, The food we 
eat, in addition to maintaining our body temperature, gives 
us the energy to do our work and to keep our bodies in re- 
pair, and these processes too depend upon the control of 
our body temperaturés, whether it be through the evapora- 
tion of perspiration, control of the flow of our blood supply, 
or the high specific heat of water. 

We have seen that the specific heat of rock and sand is 
low compared to that of water. As a result, the sun can heat 
an area of land to a much higher temperature than an equiv- 
alent area of water. Land areas also cool more rapidly than 
water, This fact is responsible for warm air often being pro- 
duced over the land while cool air is produced over the 
water, causing cool air to blow inland during the day, and 
the cooler “land” air to blow seaward at night when the land 
cools, as shown in Fig. 20-6, 


° A large calorie, often called a kilogram calorie, is 1000 times as 
large as the small calorie. The large calorie is used most commonly in 
connection with foods and diets. 
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Sea breeze produced when land 
is warmer than adjacent water 


Land breeze produced when land 
is cooler than adjacent water 


Fig. 20-6. The movements of air masses at 
a shore line. 
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20-4 Heat Energy Transformed 


In Section 17-1 we already touched on many of the forms 
energy may take, and later in Chapter 28 we shall consider 
energy conversions from a different point of view. For the 
moment, however, let us consider only the change of heat 
energy into mechanical work, It was toward the end of the 
eighteenth century when another great leap forward was 
made in our comprehension of heat energy. Prior to this 
time, no one had realized that work could produce heat or 
that heat energy could be made to do work, Man had had 
to rely on slaves or animal labor to do his work, but when 
he found that heat energy could labor for him, the machine 
age was ushered in, with its increased standard of living and 
great technical achievements, all of which started with a very 
simple observation of the relationship between heat and 
work, 

In the year 1789, Benjamin Thompson (later designated 
Count Rumford), a native of Rumford, New Hampshire, 
made a profound discovery while he was supervising the 
boring of a cannon. When a blunt drill was used one day, 
little happened except that an enormous amount of heat was 
created. Since he could produce almost as much heat as he 
wished, Count Rumford reasoned that this heat must come 
from the mechanical energy supplied by the engine that 
drove the boring tool. His was a historie discovery, for it 
was the first time anyone had observed a connection between 
work and heat. It remained, however, for Joule in England 
to conduct the experiments that showed the exact equiva- 
lence of energy and heat. 

It takes a great amount of work to produce even a small 
amount of heat. To produce one Btu, for example, 778 ft-lb 
of work must be converted into heat energy. This means that 
the temperature of a pound of water, falling 778 feet and 
striking the ground, will increase 1°F if all its kinetic energy 
is converted into heat energy, In other words: 1 Btu is 
equivalent to 778 ft-lb of work. 

The amount of work necessary to heat water is almost 
unbelievable. For instance, in order to bring only 2 pounds 
of water (about a quart) to the boiling point from 62°F, 300 
Btu, or 300 Btu X 778 ft-Ib/Btu, or 233,400 ft-lb of work 
are required. This is enough energy to lift one ton a distance 
of 116 feet, and if it were done in one minute, it would re- 
quire 7 horsepower. If, to use another example, the Gulf 
Stream delivers 9.2 X 10! Btu/hr as it cools just 1°F, it 
gives off energy equivalent to more than 7 X 10" ft-lb /hr— 
or 360 billion horsepower. Over the earth as a whole, this 
equivalence of heat and energy means that ae 
amounts of energy are carried in the form of heat by air anı 
ocean currents. 

You can now see why we get so much work done by a 
relatively small amount of fuel. When a pound of moim 
burns, it produces 20,000 Btu and therefore is capable o! 
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doing 15,560,000 ft-lb of work for us. A car, then, can go 
hundreds of miles on a tank of gasoline; and a diesel loco- 
motive, by using the energy of one teaspoonful of diesel oil, 
can move one ton for a mile. Man, through the control and 
use of heat energy, has greatly increased the amount of work 
he can get done in a day. Only by utilizing the tremendous 
storehouse of energy in our fossil fuels—coal and petroleum 
—have we been able to do the immense amounts of work 
necessary to maintain our civilization, Probably without real- 
izing it, most of us have lived through one fuel revolution 
and will probably live through another. In 1920, 72 per cent 
of our energy needs were met by the use of coal, while only 
10 per cent was obtained from petroleum and natural gas. 
By 1940 the percentages had changed greatly—coal, 52 per 
cent; oil and gas, 44 per cent—and before 1950 the United 
States was obtaining more energy from oil and gas than from 
coal, This change from a solid fuel economy to one based 
on liquid fuels has been so rapid that over half of all the oil 
and gas that has ever been consumed has been used since 
1940. 

We do not know exactly how large a reserve of fossil fuels 
remains in the earth or how long these fuels will last. It is 
generally agreed, however, that the peak production of oil 
and natural gas in this country may be reached by 1975, 
whereas for coal the probable date is 1990. Long before our 
fossil fuels are in short supply, we must make use of atomic 
power and develop research into the better utilization of 
solar energy and the harnessing of thermonuclear energy. If 
man is successful in this realm of scientific endeavor he will 
have made one of his greatest advances, for the power needs 
of man have grown so rapidly that only through this kind of 
imaginative development can civilization as we know it hope 
to survive, 


20-5 Expansion Due to Heat 


Nearly all materials, whether solids, liquids, or gases, ex- 
pand as their temperatures increase. Gases expand more 
than liquids and liquids expand more than solids when they 
are heated, Precautions must be taken in many construction 
projects to allow for this expansion and for the correspond- 
ing contraction that occurs when the material cools. At the 
ends of large bridges, for instance, it is common to find slid- 
ing plates on the roadway and rollers or some other sliding 
mechanism under the main structure. Concrete highways and 
railroad tracks must have special joints to absorb the ex- 
pansion and contraction of the concrete and rails. You may 
be interested to know that the side of a building that faces 
the sun expands and causes the building to lean slightly away 
from the sun, As an example, the expansion of the hot side 
of the Eiffel Tower makes it lean as much as six inches on 
a warm day. 
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Let us consider two basic examples of the expansion, or 
volume change, that accompanies an increase in tempera- 
ture, One of these examples concerns the expansion of a gas, 
the other the behavior of water under changing tempera- 
tures. At 0°C the volume of any gas will increase or decrease 
by 4. of its volume for each degree of temperature change 
(Celsius). Suppose we carry out an experiment to clarify 
this relationship. If we start with two different quantities of 
gas and record their volumes as their temperatures increase, 
the typical data we might collect are given in Table 20-2. 


TABLE 20-2 


When we plot these data on a graph (Fig. 20-7), we find 
that the two lines drawn from these data meet at —273°C. 


400 


Fig. 20.7. An experiment relating the vol- 
ume to the temperature of a 
gas, The experimental results 
are superimposed on a graph 
showing how 0°K is found. 


102 /-200°C 
OK / 73K 


The graph in Fig. 20-7 raises an interesting question, What 
would happen to the volume of a gas if the temperature 
were reduced to —273°C or 0°K? Since all known gases 
liquefy before they drop to such a low temperature, the 
question is purely academic, but theoretically, the volume 
of a gas would become zero at that temperature. The sig- 
nificance of such a starting point for a thermometric scale 
therefore becomes evident, and we call this temperature ab- 
solute zero (—273°C). 
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By starting a new scale at —273°C, we will produce a 
gas temperature scale, called a Kelvin (or absolute) tem- 
perature scale after Lord Kelvin, the British scientist who 
first proposed it. This scale uses the same magnitude of tem- 
perature variation per degree as the Celsius scale, but starts 
with a zero that is 273° lower. In other words: 


°K = °C 273 (20.2) 


Now that we have an absolute temperature scale, we may 
state the relationship between gas volume and temperature 
as follows: The volume of a gas is directly proportional to 
its absolute temperature when the pressure remains constant. 
This relationship was discovered independently by two 
French physicists, Jacques Charles and Joseph L. Gay- 
Lussac, and is now called Charles’ law. Mathematically it 
can be expressed as: 


volume = constant X absolute temperature 
SH 


(20.3) 


or, if we let Vi be a volume of gas at the absolute tempera- 
ture Tı and then change the temperature of the gas to Ta, 
the new volume Va will be given by the relationship: 
; . 
Vz Ts 
By a similar experiment we can find that the pressure of 
a gas varies directly with the absolute temperature if the vol- 
ume remains constant. The mathematical equation repre- 
senting this concept can be written: 


F Kor p- 7 (20.4) 


where P, and T; are the pressure and absolute temperature 
of the gas at one time, and Ps and Ta the pressure and tem- 
perature under the new conditions. 

Let us now consider the change the volume of water un- 
dergoes as the temperature varies. Figure 20-8 shows the 


Volume in cm? 


Fig. 20-8. Water's change of volume with 
a change in temperature. (From 
Linus Pauling, General Chemis- 
try. San Francisco: W. H. Free- 
man and Co., 1953) 
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behavior of water at atmospheric pressure in the temperature 
range from —4°C to +10°C. Water is at a maximum density 
(or minimum volume) at 4°C and expands 0.013 per cent 
as it cools from 4°C to 0°C. It also expands as it warms 
above 4°C; it expands 1.19 per cent at 50°C, and 4.07 per 
cent at 100°C. Since warm water is less dense than cold 
water, it tends to rise or stay on the top. Cold water, on the 
other hand, is more dense and thus tends to settle to the 
bottom. This tendency for warm water to rise and cold water 
to settle is the basis for one of the great heat transferring 
methods—convection—to be described in Section 20-6. When 
the temperature of water drops below 4°C and the water 
starts to expand, it no longer increases in density and there- 
fore no longer settles. The settling movement of the cold 
water ceases and the heat transferring method of convection 
fails to operate. 

The property of water to expand when it cools as well as 
when it is warmed is unique. Water also has another equally 
important property—it expands as it solidifies. As water 
freezes, the molecules position themselves in a crystal struc- 
ture that requires 9 per cent more space than when the water 
is a liquid. As an example, 11 cubic inches of liquid water at 
0°C will form 12 cubic inches of ice. This expansion due to 
freezing is what causes frozen water pipes and car radiators 
to crack and break, Ice floats on water because of its ex- 
pansion, and there are other important implications of this 
property of water that will be considered after we study 
some of the methods by which heat is transferred. 

Other materials behave quite differently when heated, as 
is illustrated by the curves of alcohol and mercury on the 
graph in Fig, 20-9. As the temperature increases, their vol- 
umes increase uniformly, If the graph extended low enough 
to include the freezing point of alcohol or mercury, we would 
see that upon solidifying they shrink in volume even more. 


20-6 Methods of Heat Transfer 


There are only three ways by which heat is transferred: 
conduction, convection, and radiation. 

Conduction is the flow of heat through matter unaccom- 
panied by any motion of the matter other than atomic or 
molecular motion; that is, conduction is the transfer of heat 
by actual contact of molecule to molecule. When a material 
is heated the increased molecular motion is transmitted from 
one molecule to another by collision. There is no transfer of 
the material itself, and the energy of the increased motion 
of the molecules moves from the region of high temperature 
to the region of lower temperature. Substances vary greatly 
in their ability to conduct heat: in general, metals are good 
heat conductors while most other materials are poor con- 
ductors, or insulators, as we call them. 


An experiment that was first performed by Count Rum- 
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ford gives us an indication of the ability of water to conduct 
heat and a clue to what conditions would be like if water 
behaved as other substances and contracted as it cools and 
solidifies. He put some ice in the bottom of a test tube, forced 
a small piece of wire gauze in on top of it to hold it in posi- 
tion, covered it with water, and applied heat to the water in 
the upper part of the tube (Fig. 20-10). Since the ice is 
kept down and since the heated water is less dense than the 
cooler water at the bottom, the water on top may be boiled 
for some time without any appreciable melting of the ice. 
This one simple experiment indicates that water is not a very 
good conductor of heat and that its density decreases as it 
is heated above 4°C. What if solid water—ice—always 
settled to the bottoms of lakes, rivers, and the ocean? The 
answers to such a question would lead us to picture nature 
in a vastly different way from what we do now. Water is 
indeed a key—and unique—substance in our physical world. 

The quantity of heat that is conducted by a material de- 
pends upon the following five factors: 

1. The material itself. Silver, for example, conducts heat 
much more readily than does cork. 

2. The area of material through which the heat passes. 
Twice as much heat can pass across two square feet of sur- 
face as across one square foot. 

3. The temperature difference between two points in the 
material, More heat will be conducted between two points 
when the temperature difference between them is large than 
when the temperature difference is small. 

4. Time. The longer the time in which heat can be trans- 
ferred the greater the quantity of heat that is transmitted. 

5. Thickness, The thicker the material the smaller the 
quantity of heat that can be transmitted in a given time. 

From an analysis of these factors, we can conclude that 
the quantity of heat conducted through a substance is di- 
rectly proportional to its cross-sectional area, the tempera- 
ture difference between two points in it, and the time during 
which the heat passes. At the same time, the quantity of 
heat is inversely proportional to the distance through which 
it travels, We can state the above facts in a single formula: 


KAGE 
5 d 


where K is the proportionality constant—which depends 
upon the nature of the material (Table 20-3)—A is the area, 
(T2 — Ui) the temperature difference, t the time, and d the 
thickness. 

The apparent difference in the temperature of objects we 
touch outdoors in winter, such as iron, wood, or cloth, is 
often caused by nothing more than the difference in the rate 
at which these objects conduct heat away from our hands. 
Iron feels colder than wood because it conducts heat away 
from the skin almost 300 times faster than does wood. A 
material is often chosen to do a job because of its ability to 


H (20.5) 
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TABLE 20-3 


conduct heat readily. Automobile radiators, cooking utensils, 
and steam and hot-water radiators are usually made of iron, 
aluminum, or copper because they are excellent conductors. 
Aluminum, you will note, is three times as good a conductor 
as iron, and copper is twice as good as aluminum. 

In many cases, however, we want to prevent the transfer 
of heat, and then we must use a poor conductor as an in- 
sulator, Figure 20-11 compares the amount of heat lost in 


Ordinary ceiling 


Insuloted 
ceilin 


19 K 
150 sq ft = Areo = 150 sq ft 
24 hrs z Time * 24 hrs 
Ae Tt X. = Formula * E LA. A 


19x150x gs 25°) x 24 Substitution 0.3 x 150 x os -25°) x24 


i P Joss th a ceiling, un- 
i Palad Se A: p 456,000 Btu — Heat loss per doy - 18,000 Btu 


24 hours through an ordinary ceiling composed of plaster 
and lath having a “K factor” of 1.9 Btu/sq ft/hr/°F/in. with 
the amount of heat lost through a ceiling insulated with 3 
inches of material having a K factor of 0.3. The room is pre- 
sumed to be 10 by 15 feet in size and the air near the ceil- 
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ing 75°F and that in the attic 25°F. Considerable savings 
in fuel result from insulating homes, especially in northern 
states where temperatures may be low during several months 
of the year. In hot weather, conduction of heat from the 
outside into a house may be impeded by the same insulation, 

Convection is the transportation of heat by moving matter, 
that is, by a flow of water or air currents. Hot-air furnaces 
and hot-water heating systems are examples of heating de- 
vices that utilize convection currents. When the material is 
moved by a blower or pump it is called forced convection, 
and when its flow is caused solely by the difference in its 
density it is called free convection. 

To understand free convection, let us fill a U-tube with 
water (Fig. 20-12). Notice that the water level is the same 
in both arms of the tube. If we heat the right side of the 
tube, the water on this side expands, but the level in the 
colder left column remains the same, since it is balanced by 
the higher, but less dense, column on the right. If the stop- 
cock is opened, water will flow from the warmer column to 
the cooler one, and this flow will decrease the pressure at the 
bottom of the warm column and increase the pressure at 
the bottom of the cold column. The water will then flow 
from the cold to the warm side around the bottom and a 
continuous circulation will be maintained as long as heat is 
applied to the warm side and removed from the cold side.“ 

Convection currents of both air and water are one of the 
most important methods of heat distribution over the earth’s 
surface, as we shall see in Chapter 23. 

Radiation is that process by which energy is transmitted 
through space without the presence of matter, that is, the 
transfer of energy by means of electromagnetic waves. These 
electromagnetic waves are light waves—radio, infrared, vis- 
ible, and ultraviolet waves. If we touch a steam radiator, 
heat is transferred to our hands by conduction; when we 
hold our hand above the radiator, heat is transferred to it 
largely by air convection currents; if we place it at some 
distance from the side of the radiator, it is still warmed, and 
in this case the heat is transferred primarily by radiation. 
Practically all of the energy that comes to the earth from 
the sun or that finally leaves the earth does so through radi- 
ation, 

The electromagnetic waves that transfer heat energy by 
radiation produce varying results at the receiving end. In 
plants and photographic film, these waves usually produce 
a chemical reaction or chemical energy. The radiation that 
strikes a photoelectric cell or a solar battery initiates a flow 
of electric current. (It would be helpful to review Section 
12-4 at this point.) In a radiometer it generates mechanical 
energy and in other objects light energy that is visible to the 
eye. Radiation, therefore, is a process of energy transmis- 


Figure and discussion of convection adapted from Sears and Ze- 
mansky, College Physics (Reading. Mass.: Addison-Wesley, 1953). 
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Fig. 20-12. Convection currents depend on 
the change of density with tem- 
perature. (From Sears and 
Zemansky, College Physics. 
Reading, Mass.: Addison- 
Wesley, 1953) 
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sion that may or may not produce heat energy in the ab- 
sorber. Radiant energy travels in straight lines, may be 
reflected by a mirror, can be bent or refracted by a lens or 
prism, and can produce interference effects like those of 
visible light. The amount of energy, and the relative amount 
of energy of short wave length, given off through the radi- 
ation process increases rapidly as the temperature increases 
(see Fig. 12-6), 

To illustrate the relationship between radiant energy and 
temperature, let us see what happens to an ordinary kitchen 
stove, Even when the stove has cooled down to the tempera- 
ture of our body, it will transmit radiant energy to us and 
will continue to do so as long as the molecules in it are vi- 
brating, that is, until its temperature drops to absolute zero. 
The stove, of course, is also receiving radiant energy from 
all the other objects in the room. When the stove is at a 
higher temperature than its surroundings, it radiates more 
energy than it receives and its temperature drops; when it 
is cooled below room temperature, it will receive more 
radiant energy than it transmits and its temperature will rise. 

To illustrate the relationship between wave length and 
temperature, suppose we watch a piece of iron being heated. 
It will first give off a dull red color that brightens to an 
orange or yellow as its temperature rises. This change in 
color is due to the fact that at higher temperatures an ob- 
ject gives off radiant energy of a shorter wave length, From 
this knowledge we can determine the temperature of a star 
by measuring the wave length that carries the greatest en- 
ergy in the spectrum of that star, Contrary to what you 
might think, the bluer the light of the star the higher its 
temperature, and the redder its color the cooler it is. Fig- 
ure 12-6 shows how radiated energy is distributed among 
the various wave lengths at different temperatures, and from 
it we can see that as the temperature becomes higher, the 
wave length that carries the maximum energy becomes 
shorter, The attempt to explain these curves theoretically 
led to the development of the quantum theory which was 
introduced in Chapter 12. 

Objects with dull black surfaces are better absorbers and 
better radiators of heat energy than objects with shiny sur- 
faces, A mirror reflects visible light rays, and its silvery 
surface also reflects radiant heat energy. In fact, the only 
effective insulation against heat transfer by radiation is a 
good shiny surface that will reflect the heat waves back 
toward their source. 

Since there are only three methods of heat transfer— 
conduction, convection, and radiation—suppose we try to 
design a container that will eliminate heat transfer by ea 
of these processes and enable us to keep food or any other 
material at its original temperature, We do not want heat 
either to escape or to enter. In order to eliminate heat trans- 
fer by conduction we could build a double-walled container 
to prevent direct contact between the outside wall and the 
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inner wall or the food. We could stop heat loss through con- 
vection currents by producing a vacuum between the two 
walls of the container. And, since a mirror reflects radiant 
heat, we can silver the walls of the container and eliminate 
heat transfer by radiation. Our device might look something 
like Fig. 20-13. We should not be surprised to learn that we 
are not the first to think of this “perfect” insulator. Such a 
vacuum bottle, which we know as a thermos bottle, was 
invented in 1885 by Sir James Dewar. 


20-7 Summary 


The first big step toward understanding heat occurred 
when Galileo developed the thermoscope to measure tem- 
perature. Our present-day thermometers, however, are the 
result of the ideas of many scientists. A second forward step 
was taken when scientists recognized that temperature meas- 
ures the average kinetic energy of the molecules of a sub- 
stance while heat measures the total kinetic energy of a 
substance, 

Some new terms that we encountered in this chapter are: 

Calorie: the amount of heat required to raise the tempera- 
ture of one gram of water 1°C. 

Btu: the amount of heat required to raise the temperature 
of one pound of water 1°F. 

Specific heat: the heat absorbed per unit mass per de- 
gree of rise in temperature. 

Heat energy can be transformed into other forms of en- 
ergy. For example, one Btu is equivalent to 778 ft-lb of 
mechanical energy. 

Heating causes materials to expand; gases, for instance, 
expand uniformly by zug of their volume at 0°C per degree 
Celsius of rise in temperature. Water has the unique prop- 
erty of expanding both when it is heated above or cooled 
below 4°C and when it is solidified. 

There are three methods by which heat can be transferred: 
conduction, actual molecule to molecule transfer of energy 
by molecular collisions; convection, actual movement of the 
warm molecules from one place to another by flow of a 
liquid or gas; and radiation, energy transfer by means of 
electromagnetic waves, light, heat, radio, and so on. 


EXERCISES 


A. KEY TERMS TO REMEMBER 


absolute zero conduction radiation 
British thermal unit convection specific heat 
calorie fixed points temperature 
Charles’ law heat 
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Silver 
mirror 


Vacuum 


Liquid 


Glass 


Fig. 20-13. A vacuum bottle or thermos. 


Heat Energy 


B. QUESTIONS ABOUT HEAT ENERGY 


1. What disadvantages can you see in using water as a ther- 
mometric fluid? 


2. In order to have a thermometer with the greatest spacing 
between degree marks, which liquid should be used, alcohol or 
mercury? 


3. In what way does the high specific heat of water aid living 
organisms? 


4. How does the high specific heat of water affect the summer 
and winter temperatures of the earth? 


5. Suppose that water suddenly changed its behavior in the 
manner indicated below: 


a. decreases its volume as it cools to the freezing point; 

b. decreases its volume as it solidifies; 

c, decreases its specific heat, as a liquid, to 0.1; 

d. decreases its ability to dissolve substances by a marked 

amount. 

For each of the cases above, considered individually, (1) what 
changes in nature would be noticeable immediately, and (2) what 
changes in nature would be noticeable after several years? Be 
sure to show the relationship between the predicted change in 
nature and the changed property of water. 


6. For the best radiation of heat, what should be the color of 
a radiator? 


C, PROBLEMS ABOUT HEAT ENERGY 


1. How many Btu’s are exchanged in the process of heating a 
gallon of water (8.3 Ib) from 60°F to 180°F in 10 minutes? 


2. What is the temperature that results from adding 400 cal 
of heat to 80 g of water, the temperature of which is 20°C? 


3. What is the final temperature when 500 g of sand (specific 
heat = 0.23 cal/g-°C) at a temperature of 80°C are added to 
100 g of water at 20°C? Ans. 52.1°C. 


4. If 400 g of iron at a temperature of 120°C are added to 
300 g of water at 20°C contained in an aluminum cup weighing 
200 g, what is the final temperature? 


5. A man weighing 220 Ib decides to reduce his weight 20 Ib 
by working. If the fuel value of his fatty tissue is 17,000 Btu/Ib, 
how many foot-pounds of work must he do? Ans. 264,000,000. 


6. If 1000 ems of gas at 20°C are warmed to 80°C, with the 
pressure constant, what will be the new volume of the gas? 


7. One hundred cm? of alcohol at 0°C will increase to what 
new volume at 40°C? What percentage increase 1s this? Ans. 


104.8 ems; 4.8 per cent. 


in si ili i ick made 

8. A room 20 by 20 ft in size has a ceiling 1 in. thic 
of a material with a K factor of 1.9 Btu/sq ft/hr/°F/in. If cre 
5°F and the outside temperature is 0°F, 


room temperature is 7 : 
4 hours? If the ceiling had been in- 


how much heat is lost in 24 
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rs 


waleted with 4 te of sewdust, how much heat wouhi have been 
saved in 24 hours? 
n What wave length is most closely amociated with the emis- 


son of radiant energy trom a body at a tempersture of 3800°C? 
* 


10. What volume will 20 om? of aloohol at 0°C have at 33°C? 


II. If 20 calories of heat are added to 100 om? of mercury at 
O°C, what would be the final tempersture? What assumptions 
fait you make to solve this problem? 


Twenty-One 


The Kinetic Theory 
of Matter 


I" preceding chapters we have seen thet matter i 
cred to be made up of molecules that are in rapid 
The theory based on this view is called the 
of matter, and to wee how this theory works 
the properties of matter more clowely. 
ly it possible that in iron the molecules move 
it is a solid? Is there a 
exerted by a gas and the motion of 
domnit matter just fy apart? Can the 
cules explain evaporation and meling, 
prewure? 


During the century following 1750, many men contribated 
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considerable force. The force required to break a rod is actu- 
ally a measure of the force required to separate two layers 
of molecules within the rod. To pull apart the molecules of 
a steel rod an inch square, for instance, requires a force of 
25 to 30 tons, and when we consider that each molecule 
weighs only 9.3 X 102 g and has an appreciable space be- 
tween it and its neighbors, it is hard to believe that these 
tiny particles can exert such a large attractive force. 

The attractive forces between molecules are of two types: 
those between like molecules (that is, molecules of the same 
substance) are known as cohesive forces. The force of 25 or 
30 tons needed to separate the molecules in the steel rod is 
an example of cohesive force. The forces between unlike 
molecules are known as adhesive forces. A band-aid sticks 
to the skin because of an adhesive force between different 
kinds of molecules. Cohesive and adhesive forces both re- 
sult from the same types of molecular forces we already con- 
sidered in Chapter 14, that is, electrostatic forces, dipole 
interactions, gravitational forces, and other forces which we 
have yet to consider. 


21-3 Surface Tension 


The cohesive attraction between the molecules of a liquid 
produces what is known as surface tension, which is a con- 
tracting force that results in the tendency of all liquids to 
maintain as small a surface as possible. In many respects the 
surface of a liquid behaves like a stretched sheet of rubber. 
If a needle is carefully placed on a quiet surface of water, 
it will float, despite the fact that the density of steel is many 
times that of water. It floats because the water molecules are 
unable to “wet” the surface of the needle and the cohesive 
attraction of the water molecules is so great that they do 
not separate under the weight of the needle. If the surface 
of the water is broken, however, by the tip of the needle 
for instance, the surface tension will be overcome and the 
needle will sink. 

To understand surface tension we must consider the at- 
tractive forces that act on the individual molecules in a 
liquid. In the interior of the liquid, the molecule is attracted 
in all directions by its neighboring molecules, and the attrac- 
tive forces tend to balance one another (Fig. 21-2), At the 
surface, however, all of the “neighbor” molecules are along- 
side or below and the resulting attractive force on a surface 
molecule is downward. 

The principle of minimum energy gives us another way to 
interpret surface tension. For instance, a ball rolls downhill, 
a piece of wood burns or, to generalize, things seek the 
lowest energy level. When a molecule is raised from inside 
a liquid to the surface, it works against the cohesive forces 
of the surface molecules, and potential energy will be stored 
in it in much the same way that a ball gains potential energy 
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Needle supported 
by surface forces 


+ Cohesive forces 


@-wm— Adhesive forces 


Fig. 21-2. Surface tension is the result of 
the cohesive forces between the 
molecules of a liquid. 
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when it is raised to the ceiling of a room. In order to reduce 
the potential energy to a minimum, the surface of a liquid 
tends to occupy as small an area as possible. If it were pos- 
sible to have a raindrop suspended in mid-air, it would take 
the shape of a sphere because that geometrical shape has 
the smallest surface for a given volume. Falling raindrops 
are distorted because the surface tension is not great enough 
to overcome the air friction produced by their descent. Sur- 
face forces, then, tend to decrease the surface area and to 
form the shape of the free liquid. Liquids, in summary, are 
bodies of matter in which the molecules, though relatively 
free to move, produce a cohesive force strong enough to 
maintain a definite volume. 

The relationship between cohesive and adhesive molecu- 
lar forces is illustrated in the following experiment. A glass 
plate is suspended from one side of an equal-arm balance 
(Fig. 21-3) so that it hangs in a horizontal position, Enough 


Force upward supplied 
by balance 


Gloss plate touching the 
surface of the water 


Surface forces 

pulling down 

Fig. 21-3. An experiment for the measure- 
ment of the force of adhesion 
between glass and water mole- 
cules. 


weights are added to the other side of the scale to balance 
the glass plate. A shallow dish of water is brought up under 
the glass plate until the plate is touching the water surface, 
and it is then lowered until the glass plate is very slightly 
below the level it was on before the dish of water was intro- 
duced. You might think the glass plate would easily pull 
away from the water; however, adhesive or “wetting” forces 
hold the glass to the water surface and our scales are no 
longer in equilibrium. We may add additional weights to 
the balance until the glass plate breaks free from the water 
surface. If we now examine the bottom surface of the glass 
plate, we will find that it is wet. The attraction between 
water and glass has caused a thin layer of water to be sep- 
arated from the main body of water. This result indicates 
that the cohesive attraction of water molecules for other 
water molecules has been overcome but that at the same 
time the adhesive attraction of water for glass was strong 
enough to keep some of the water molecules clinging to the 
late. 8 
S If we try this experiment with mercury in the dish in- 
stead of water, we find that it takes almost six times as much 
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force to separate the glass plate and the mercury, We also 
find that the glass plate is “dry”; that is, no mercury is at- 
tached to it after the separation, Thus, the adhesive attrac- 
tion between mercury and glass is found to be smaller than 
the cohesive force between the mercury molecules them- 


Water, of all the common liquids except mercury, has the 
greatest surface tension. This fact makes it of considerable 


relatively weak surface tension, it can enlarge its surface 
can, and, as a result, the soap or detergent 
ts surface around an oil or grease particle, wet- 
dispersing it as small droplets. Wetting agents 
used to help water penetrate fabrics that are be- 
cleaned, and to aid dye solutions for fabrics, In lubri- 
a detergent is used to assist the oil in “wetting” 
which may collect in it and disperse it as fine 
rather than permitting it to accumulate as a sludge, 


324578 
111 fet 


The adhesive and cohesive forces between molecules cause 
liquids to rise or fall in small tubes, and this action we call 


and apt to adhere there. In Fig. 21-2, we saw a molecule 
to the sides of the container in this fashion, with a 
molecule just below it attracted to it by cohesion, As 
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again given us a satisfactory explanation of an important 
observed fact in nature, 

If we put mercury in a glass tuba, any mercury molecules 
that rise above the surface will fall back, since the adhesive 
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cohesive forces of mercury. The mercury molecules, 
words, are more strongly attracted by 
molecules than by the glass tube and 
force causes the mercury surface to 
capillary tube and to round over in an attempt to 
small a surface as posible. Figure 21-4 illustrates 
ference between water and mercury in surface 
capillarity, 

Many familiar examples of capillary action 
to mind—ink spreading in a blotter or in a 
spreading in a towel, or coffee through a 
More importantly, the distribution of water 
largely on this same action, The spaces between 
of soil form imperfect capillary tubes, which 
the soil is coarse and small if the soil is fine. Through 
spaces water moves 
surface soil, When 
cultivation, the spaces may become too large for capillary 
action to carry water 
therefore keeps the soil loose and reduces the lows of water 
through evaporation by reducing or preventing the 
water by capillary action from the deeper soil layers. 
most n 
through capillary action, * very important 
movement of water downward and sideways through 
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and more water molecules escape back through the film, and 
when as many water molecules pass one way as pass the 
other, equilibrium is reached. When this occurs the sugar- 
water solution in the funnel is higher and therefore exerts 
greater pressure on the membrane than the water outside 
the funnel. This pressure difference is called the osmotic 
pressure of the solution in the funnel. 

Many plant and animal membranes act in the same man- 
ner as the cellophane in this experiment and allow water to 
pass rather readily in one direction. Dried fruits swell as 
they absorb water by osmosis during cooking. Fresh fruits, 
on the other hand, will shrivel when placed in a strong sugar 
solution. When a fried egg is salted, it is only a moment 
until each salt crystal is dissolved in the water that comes 
from the egg through osmosis, Too much rain will cause 
cherries on a tree to burst because water will pass through 
the skin of the cherry by this process. Meats will shrink 
when packed in salt, since their water passes out into the 
salt solution, Minerals in the soil that dissolve in water often 
pass through root membranes into plants. Human blood 
normally has an osmotic pressure of 100 Ibs/in.2 but if we 
eat too much salt or sugar, which enters the blood, this pres- 
sure will rise and water will pass from the cells through the 
cell walls, causing us to become thirsty. 


21-6 Behavior of Gases 


It is in the behavior of gases, however, that the kinetic 
theory of matter is most vividly in evidence. Let us look 
again at some of the assumptions we are making about the 
molecules of a gas. These molecules are very small and very 
numerous. For instance, in a cubic centimeter of air at 0°C 
there are 27 X 1018 molecules, which is approximately the 
number of grains of sand in a cubic mile of sand. 

These molecules are also exceedingly light in weight. A 
single nitrogen molecule, composed of two nitrogen atoms, 
weighs 4.8 X 10 grams, Although it is impossible to vis- 
ualize such a small number, it may help to think of 4.8 grams 
divided into a million parts, with each of these tiny parts 
divided into a million pieces and in turn divided twice again 
into one-millionth of the remainder. Or, to put it another 
way, it takes 94 septillion—94 million million million mil- 
lion—nitrogen molecules to make a pound. 

If there are 27 & 1018 molecules in one cubic centimeter 
of a gas, there must be ¥/27 X 10 or 3 X 10° molecules 
along one edge. The centers of the molecules, then, must be 


separated ye or 33 X 10-8 cm. If the diameter of 


0° 
the nitrogen molecule is 3.15 X 10-8 cm, the molecules 
must be separated by approximately 10 diameters. If we 
compare this separation with the spacing between people in 
a classroom or on a dance floor, we can see that the mole- 
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cules are not crowded and that, in fact, a gas is mostly empty 
space. 

We have already seen in Chapter 20 that gases expand 
when their temperature goes up. The second of our six as- 
sumptions about matter stated that as the temperature in- 
creases the kinetic energy of the molecules increases. As the 
molecules move more and more rapidly, the number and 
violence of the collisions between them increase. Those mole- 
cules along the outside edge of the gas collide more often 
and more violently with the walls of the container, and this 
increased bombardment of the container by the gas mole- 
cules results in an increased gas pressure or, if the gas is 
allowed to expand, an increased volume at the same pres- 
sure, A gas composed of such small, lightweight molecules 
can exert so much pressure because there are so many of 
them, moving at such high speeds, that an enormous number 
of collisions occur each second with the other molecules and 
the container’s walls. 


21-7 Velocity of Gas Molecules 


From the pressure of a gas, we can determine the average 
speed of the molecules of gas at 0°C. Suppose we have a 
box 1 cm along each edge (Fig. 21-6) that is filled with ni- 
trogen gas at 0°C and at one atmosphere of pressure. Since, 
according to the kinetic theory of matter, the gas molecules 
move in random directions, and the pressure exerted by the 
gas on one face of the box is the same as on each of the 
other faces, we should be safe in assuming that one-third of 
the molecules are moving back and forth in x direction, one- 
third in y direction, and one-third in z direction. Let us 
further assume that all the molecules are moving with the 
same speed, v cm/sec, and that they each have a mass, m 
grams. The pressure on the walls will be the same as if the 
molecules moved back and forth in straight lines between 
opposite walls without colliding with one another. 

Each time a molecule strikes a wall of the container it 
loses a momentum mv in one direction and gains mo- 
mentum mv in the opposite direction, and, therefore, at 
each molecular collision with a wall there is a change in 
momentum of 2mv. Each molecule is going v cm/sec and 
the molecule will travel across the cube and back, a dis- 
tance of 2 cm, in 2/v sec. In ene second it will do this 0/2 
times. If there are n molecules in the cube and n move in 
x direction, the change in momentum at one wall is: 


Rn X + X 2mv = anme? 


This change of momentum gives rise to the pressure P on 
the side. Therefore, 


P = nm? 
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Molecule makes 
V/2 collisions with 
one side each second 


“Box containing 7 
molecules per cm’ 


Fig. 21-6. The velocity of gas molecules 
in a box. 


The Kinetic Theory of Matter 


Since nm is the entire mass of the molecules in the cm" of 
gas, it is equal to the density d of the gas and we can write 
the equation: 


Y dt or v= 


Remarkably enough, by the most elementary reasoning about 
the kinetic nature of matter we have computed the speeds 
of the molecules of a gas in the everyday terms of its pres- 
sure and density. 

To calculate the speed of nitrogen molecules we have to 
know that nitrogen has a density of 1.25 kg/m? at 0°C when 
the pressure is one atmosphere or 1.033 X 10, X 9.8 new- 
tons/m*, The velocity of a molecule of nitrogen, then, is: 


r= (f= REE 


= 493 m/sec 
This speed, which is about 18 miles per minute, is, of course, 
only an average speed, for some molecules move faster, some 
slower than this, The important thing, however, is the fact 
that by the simplest application of the kinetic-molecular 
theory we have been able to solve such a problem, 

We have seen in Chapter 20 that the temperature is 
Proportional to the average kinetic energy per molecule 
(mb). Ata given temperature, the average kinetic energy 
of a molecule of any gas is the same and therefore, as for 
any other gas, the average speeds of the different molecules 
must vary inversely as the square roots of their masses. 
Since a nitrogen molecule has 14 times the mass of a hy- 
drogen molecule, the hydrogen molecule must move VIA. 
or 3,74, times as fast as a nitrogen molecule, or at a speed 
of 1840 m/sec, Although these velocities of approximately 
1 mi/sec may seem surprising, they have been carefully 
checked by direct experiments, and when such experiments 
agree with theory, we have added assurance that the kinetic 
theory of matter is correct. 


21-8 Probable Distribution of Molecular 
Phenomena 
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molecules rise as descend, the average velocity determined 
in such a fashion would be zero, By considering the speed 
in any one direction—such as up or down—and counting, 
for example, an upward speed of 1 mi/sec the same as a 
downward speed of 1 mi/sec, Maxwell showed that the dis- 
tribution of a single component of velocity was similar to 
the probability curve shown in Fig. 21-7. Stated another way, 
if we called an upward velocity of 1 mi/sec positive and a 
downward velocity of 1 mi/see negative, the average of the 
two would be zero, If we counted these same speeds with- 
out regard to the sign, we would have two particles moving 
at 1 mi/sec, and this type of consideration led to Pig. 21-7, 
which is the same curve we would obtain if we considered 
any chance happening. 

If we toss two coins into the air, each once, we may get 
two heads or two tails, but it is more probable that we will 
get one head and one tail, If we toss the coins enough times, 
we will find that the number of heads will approximate the 
distribution shown in Table 21-2. 


ran 21-2 


U tossing more coins, we got a broader distribution that 
will eventually give the curve ia Fig. 21-7, which is vari 
R 

probability curce many applications in science, 
8 „ education, and social science. Such a curve Is 
said to represent the relative frequency of occurrence of 
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direction, y direction, and z direction), the distribution curve 
of molecular velocities is somewhat different than the pre- 
vious one. Although the average of the x component of the 
molecular velocities or the y component or z component, 
taken by themselves, is zero, the chance that all three of the 
components will average zero at the same time is not great. 
Thus, we have to modify the curve in Fig. 21-7 to give a 
curve known as the Maxwell distribution law (Fig. 21-8). 
Some molecules go fast and some slowly, but as we have Velocity of molecules -mi/sec 
seen, the average speed depends upon the temperature. £ 
Many problems can be solved from the distribution curves ig. 218. . . 
or laws that we have been studying. These problems include 
those dealing with the evaporation of vapor from a liquid, 
the dissociation of molecules into atoms, the “evaporation” 
of electrons from metals, and the “evaporation” of our atmos- 
phere from the earth. Without the earth's gravity, the gas 
that comprises our atmosphere—the molecules of nitrogen, 
oxygen, carbon dioxide, and so on—would be scattered 
throughout space. By applying what we know about the 
distribution of molecular velocities, we can compute the en- 
ergy that molecules must have in order to escape from the 
earth. Such reasoning indicates that hydrogen molecules in 
the atmosphere need 49 times as much energy as they have 
at present to escape from the earth’s gravitational field, It 
also tells us that the moon cannot hold any atmosphere and 
therefore does not have twilight, wind or rain erosion, water 
power, or life of any kind upon its surface. 
Although early scientists did not realize it, the laws they 
discovered were based upon the activity of the enormous 
number of molecules that make up the matter with which 
they were dealing. There is nothing that says molecules must 
be distributed according to the statistical laws we have been 
studying, for as we have seen, the position of the molecules 
and their velocities are a matter of chance. However, it is 
so very probable that the billions and billions of molecules 
will have speeds and behavior distributed according to these 
Statistical laws, that science may deal with the motions of 
matter in bulk—in such fields as mechanics, heat and sound, 
and electricity, which deals with the average behavior of 
many electrons—and may assume that its predictions and 
conclusions, based on these statistical laws, are correct, The 
laws of probability are thus extremely important and enable 
us to apply the kinetic-molecular theory not only to indi- 
vidual events but also to mass behavior. 


21-9 Brownian Movement 


There are several direct ways of confirming the kinetic 
theory of matter. One of these was first discovered by Robert 
Brown, an English botanist who in 1827 observed that tiny 
microscopic particles suspended in a liquid (or in a gas) 
were in continuous motion. Fifty-two years later William 
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helium, explained the erratic motion of these small particles 
by suggesting that they were being irregularly bombarded 
by water (or gas) molecules, This random, quivering mo- 
tion of these small particles is now called the Brownian 
movement, 


able to determine the average change of position 
particles in one second, and from this he comput 
average velocity, From the size and mass of these resin 
grains, he computed their average kinetic energy 
duced from this the mass of the molecule, Perrin 
the Nobel Prize for this work in 1926, 

By using the smokebox in Fig. 21-9, into which a sample 
of air with smoke is drawn and then strongly illuminated, 
we can see the Brownian movements of smoke particles 
through the microscope. The observation of Brownian move- 
ment is one of the most direct and startling proofs of the 
motion of gas molecules. 


21-10 Diffusion 


Now let us turn to a second direct method of observing 
the kinetic nature of matter, We have all noticed how oook- 
ing odors soon spread through a house, The ability of a gas 
or liquid to spread throughout a space is known as diffusion, 
A gas can spread throughout an empty container and fill it 
almost instantly, and, even when the container is filled with 
somo other gas such as air, the diffusion of the new or added 
gas still proceeds, although much slower, until the new gas 
completely and uniformly fills the container, At the 
with which gas molecules move, it is no wonder that 
soon mix with the molecules of any other gas to which 
may be added. Even the motion of liquid 
though slower and much more affected by the 
fields of the surrounding molecules, is rapid 
haphazard enough to allow diffusion to ta 
readily within the liquid. If a little coloring 
copper sulfate or food coloring is released at the 
a jar filled with water, the coloring matter will 
penetrate to all parts of the water by diffusion. 

To explain diffusion we must again apply the 
theory. Because the molecules of our liquid move back 
forth, they gradually jostle some of the colored molecule 
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solid, with molecules that are more rigidly bound and in 
vibratory motion, diffusion can take place, although at a 
slower rate. That the molecules of a solid do move from one 
fixed position to another has been quite difficult to prove. 
Scientists are now using techniques involving radioactive 
materials and are finding that diffusion does take place. A 
block of iron is placed in an atomic pile for a period of 
time, at the end of which some of the atoms of iron will be 
radioactive and therefore detectable wherever they go. This 
block is then placed on top of a second iron block that has 
no radioactive atoms in it (see Fig. 21-10). After the blocks 


Radioactive 
iron 


Ordinary 
iron 


Fig. 21-10, An experiment in the diffusion 
of the molecules of a solid. 


have been left in contact for a time, some of the radioactive 
atoms can be detected in the second iron block. Even if thin 
layers of the metal are shaved off, all of the radioactive iron 
will not be removed, for the radioactive molecules will have 
penetrated to some depth into the block composed of ordi- 
nary iron molecules. We must conclude then that the mole- 
cules of solid iron are in motion and that there has been an 
interchange or diffusion of iron molecules between the 
blocks, 

If the two blocks had been heated while they were in 
contact, a still greater interchange of molecules would have 
taken place. This fact indicates that at a higher temperature 
there is a greater molecular activity, which confirms our 
definition of temperature in Chapter 20 based on the average 
kinetic energy of the molecules. We know that metal which 
has been hammered is warmed. The pounding gives the 
molecules of the metal additional kinetic energy, and so in 
a manner similar to that in the heated block of iron, some of 
the radioactive iron atoms diffuse into the solid block of 
ordinary iron. Even if we had placed the radioactive iron 
against the ordinary iron plate and left them untreated, there 
would still be a transfer of molecules from one to the other. 
This diffusion of molecules within a solid is further evidence 
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of the validity of the kinetic theory of matter. The radio- 
active tracer technique (considered by many scientists to be 
one of the most important tools in modern science) has fully 
justified our belief in the kinetic theory. 


21-11 Colloids 


In our common experience we encounter solutions, col- 
loids, and suspensions. The properties of these three are dis- 
tinctly different from one another; if we could magnify each 
of these to an extent necessary to see their particles, we 
would see why they differ. Solutions are dispersions of small 
molecules or ions in a continuous medium called the solvent. 
Salt dissolved in water, alcohol dissolved in benzene, and 
the carbon dioxide dissolved in soda pop are examples of 
solutions, A suspension contains particles easily identified 
with an ordinary microscope, and if we shake a mixture of 
sand and water, the sand persists as discrete particles too 
large to remain dispersed by the kinetic effects of the water 
molecules. Thus, most suspensions tend to settle out. 

Between solutions and suspensions are colloids which con- 
tain dispersed particles in the size range of 2 X 107" cm to 
5 X 10-5 cm. Solutions generally are limited to smaller par- 
ticles and suspensions contain larger particles. There is no 
rigid boundary between these three systems, but whenever 
one or more dimensions of a particle (particles may be rod- 
like or thin sheets as well as spherical) lies in the colloidal 
range, certain unique properties are exhibited. Since the 
particles themselves may be solid, liquid, or gas, and they 
may be dispersed in any one of the three states, there are 
eight possible types of colloids as shown in Table 21-3. No- 
tice that while gas dispersed in gas is listed in the table, its 
position there is qualified by indicating that a true solution 
will result rather than a colloid. The wide variety of ex- 
amples in this table introduces us to the vast field of colloids. 

An outstanding characteristic of colloids is their ability to 
scatter light, Although colloidal particles are too small to be 
seen in an ordinary microscope, these particles scatter light 
in all directions, and this scattered light may be examined 
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at right angles to the incident light with a microscope. The 
scattered light appears much as the stars appear at night. 
In Fig. 21-9, colloidal smoke particles scatter light that is 
visible under the microscope. These tiny points of light ap- 
pear to be in constant motion because the particles are con- 
stantly bombarded by molecules of the dispersing medium. 
This motion—the Brownian movement—is indisputable evi- 
dence of the existence of molecules. The scattering of the 
light by a colloid is known as the Tyndall effect and may be 
observed, for example, when sunlight passes through a dusty 
room or a searchlight points its slim finger of light into the 
night sky. Figure 21-11 pictures the path of a beam of light 


Fig. 21-11. A photograph of the Tyndall 
effect. 


coming from a source on the right. Part of the light falls 
onto a white card, thus showing the path of the light beam. 
The tank contains a colloidal dispersion, and the path of the 
light through it is evidenced by the Tyndall effect. The size 
of the colloidal particles determines the wave length of the 
scattered light. The smaller the particles the shorter the 
scattered wave lengths. Consequently, white light may be 
sorted into its constituent colors, and certain colors may be 
scattered while others are transmitted. 

The Tyndall effect often operates on a grand scale in na- 
ture. Since large particles scatter long wave lengths of light 
and small particles scatter shorter wave lengths, the sun- 
light that passes through our upper atmosphere is scattered 
by small particles and hence gives the sky a blue color, but 
the light from the evening sun comes through lower layers 
of the atmosphere where the dust particles are larger and 
thus the blue color gives way to the longer wave lengths of 
yellows, oranges, and reds. Because dust colloids are essen- 
tial to colorful sunsets, sunsets differ considerably in their 
coloring in various parts of the world. The most magnificent 
Sunsets are observed following major volcanic activity that 
pours out huge amounts of all sizes of dust particles, which 
scatter the sun’s light and allow only the brilliant sunset 
colors to pass through. 
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A material in the colloidal state has a tremendous amount 
of surface area. To demonstrate this fact, let us examine a 
cubic centimeter of material. In this form the material has 
only six square centimeters of surface, but if it is broken up 
into colloidal particles that are 10-7 cm on a side, there will 
now be 105. particles, Each of these small particles will have 
a surface of 6 X 10-14 cm?, and the total surface area of the 
original cubic centimeter will now be 6 X 10-14 em? X 10%, 
or 6 X 107 cm*—sixty million square centimeters! The sur- 
face area of the cube has been increased ten million times, 
which gives our little cubic centimeter of material a surface 
area almost an acre in size, Figure 21-12 illustrates how 


Cube - 
1cm on 


eoch edge 


1 cube 8 cubes 64 cubes 
Area of each cube 6 ene Area of each cube =1.50 eme Area of each cube = 0.375 cm? 
Total area = 6 cm? Total area = 12 cm? Total area = 24 cm? 


Fig. 21-12. The enlargement of surface area by divisions of volume. 


surfaces are enlarged when the contents of a cube are di- 
vided into smaller and smaller units. Some of the most im- 
portant properties of colloids stem from their enormous 
surface area. 

When molecules are attracted by and stick to a surface 
they are said to be adsorbed. Many colloids tend to adsorb 
gases because of their large surface, others act as catalysts 
(Fig. 17-3), speeding up chemical reactions by bringing the 
reaction chemicals together on their surfaces. With the much 
greater area of the colloidal particles, there are more mole- 
cules exposed to possible chemical reactions and other types 
of activity. Much scientific research is devoted to the study 
of the surface phenomena that occur within the living cell. 
Protoplasm is colloidal and it seems certain that many of 
the chemical reactions and life functions taking place within 
the cell are due to the large surface areas of the colloidal 
substances. 

Almost all colloidal particles carry an electrical charge, 
and since all surfaces tend to pick up a layer of charged 
particles, a colloid, which has a large amount of surface rela- 
tive to the quantity of dispersed matter, tends to be highly 
charged. In order to examine the charge on colloidal par- 
ticles, let us prepare a simple gold colloid. To a beaker full 
of boiling water we add a few cubic centimeters of for- 
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any visible precipitate of gold. Instead, a beautiful 
color—traditionally known as Cassius’ purple—de- 
this is the colloidal gold that a druggist displays in 
globe as a sign of his trade. If we place some 
colloidal gold suspension in the apparatus shown in 

pass an electric current through the colloid, 
moments the purple color will disappear in the 
the negative pole. Since the gold particles are 
the negative pole and attracted to the positive 
that the tiny gold particles are negatively 
colloidally dispersed metals are negatively 
their oxides are positively charged. The charge 
same on all particles within a colloid, and these 
charges repel one another and thus aid the kinetic ac- 
tivity of the molecules in keeping the colloidal particles from 
separating and settling. 

An effective device to control smoke in cities is based upon 
the charge borne by colloidal smoke particles. The smoke 
from an industrial furnace is passed through a chamber con- 
taining a wire grid that is charged to about 50,000 volts, The 
dust and smoke particles become highly charged, and then 
as they pass near plates in the flue with the opposite elec- 
trical charge, they are quickly attracted to the plates and 
are thus removed from the gases that pass up the flue (Fig. 
21-14). ted particles often provide valuable by- 
—.— in addition to reducing the smoke nuisance of the 
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we were to make a hole in a perfectly evacuated light bulb 
so that one million molecules could enter each second, it 
would take 100 million years to fill the bulb with air. And 
yet these same small bundles of matter colliding with our 
hands like billions of tiny bullets exert the force that we 
call air pressure. The collisions of water molecules with the 
walls of their containers produce the water pressures or the 
steam pressures that turn our turbines and generate our elec- 
trical energy. 

It is an amazing world, made up as it is of such small 
particles of matter. If we put a gram molecule of salt in the 
ocean and allow it to mix completely throughout the cen- 
turies, a glassful of sea water would still contain fifty of the 
original molecules. And yet, the evidence is such that much 
of science rests on this simple kinetic theory of matter. Now 
let us summarize what we know of this theory. 


21-12 Review of the Kinetic-Molecular Theory 


The six assumptions underlying the kinetic theory are: 


1. All matter is composed of molecules. All matter gases, 
liquids, and solids—is made up of these minute indi- 
vidual particles. 


2. All molecules of matter, above absolute zero, are in 
constant motion with an energy that is proportional to 
the temperature of the body. We successfully used this 
hypothesis to explain the melting and evaporation of a 
material and found that diffusion and other properties 
of matter are consistent with this assumption. 


3. The molecules collide frequently with each other and 
with the walls of the container. This assumption led us 
to the explanation for the pressure exerted by a gas and 
enabled us to measure the velocity of the molecules of 
a gas. 


4. The distance between the molecules of a gas is large 
compared with the size of the molecules themselves. 
By knowing the number of molecules in a gas, we were 
able to determine that these molecules are approxi- 
mately 10 diameters apart, and that, although in a cubic 
centimeter of gas there are 2.7 X 10 molecules, mat- 
ter is mostly empty space. 


5. The molecules collide elastically so that no energy is 
lost during a molecular collision. We were unable to 
find any indication that the molecules of a gas lose en- 
ergy during a collision, although we did watch small 
particles of matter bounce and move under the impact 
of molecular collisions or Brownian movement. 


6. The motion of the molecules is random; that is, they 
move in all directions. By our statistical analysis, which 
was based on the fact that there are so many molecules, 
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we found that this assumption is a reasonable one, and 
from it we were able to derive the velocity of the gas 
molecules. 


21-13 Summary 


Much of our study in this chapter has been connected 
with the forces that hold matter together. The attraction be- 
tween like molecules gives a force known as cohesion, while 
that between unlike molecules is called adhesion, These two 
forces result in capillarity, which is the degree to which a 
liquid will rise (or be depressed) in a small tube or space. 
Cohesion alone causes the surface of a “free” liquid to form 
a sphere. It also determines the size of drops and the shape 
of falling liquids. This pulling together of the surface of a 
liquid is called surface tension. 

The random movement of molecules allows us to explain 
the Brownian motion, When we put a semipermeable mem- 
brane between a solution and water, we find that water 
molecules enter the solution until considerable pressure has 
been built up. This process is called osmosis and the pres- 
sure which results is known as osmotic pressure; both of 
these play a vital role in living things. 

Molecular motion also allows us to explain the behavior 
of gases, how they diffuse, and how they exert pressure. Be- 
cause there are so many molecules, we use the laws of prob- 
ability to explain their behavior. 

Solutions exist when the molecules or ions of one sub- 
stance are dispersed throughout those of another material. 
Suspensions exist when one substance is not divided finely 
enough to remain dispersed but will gradually separate and 
settle, Colloids are the borderline case that exists between 
the suspension and the solution. The small particles reflect 
light giving the Tyndall effect, our sunset colors, and the 
haze that is caused by dust and smoke. Colloids are ordi- 
narily highly charged and possess an enormous surface area. 


EXERCISES 


A. KEY TERMS TO REMEMBER 


adhesion colloid osmosis 
Brownian movement diffusion solution 
capillary action emulsion surface tension 


cohesion gel Tyndall effect 


B. QUESTIONS ABOUT THE KINETIC THEORY OF MATTER 


1. How are cohesion and adhesion alike? How are they dif- 
ferent? 


2, How is the resistance of molecular forces overcome? Give an 
example of how each kind of molecular force is overcome. 
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3. Why will a liter of water evaporate faster from a shallow 
pan than from one that is tall and narrow? 


4, Give two ways in which the molecules of a gas may be made 
to come closer together. If these processes were continued, what 
would happen? 


5. Do the molecules of a gas in a tank at high pressure neces- 
sarily have a high molecular speed? Explain. 


6. Explain the action of cements, glues, and solders in terms of 
the molecular forces involved. 


7. Why does a liquid rise higher in a narrow capillary tube 
than in a wide one? 


8. In a gas composed of a mixture of light and heavy mole- 
cules, do the molecules all have the same kinetic energy? Explain. 


9. If mercury is spilled on a surface of clean glass, it gathers 
into droplets, but water does not. Explain. What causes the water 
to form droplets when the glass surface is greasy? 


10. What is the most recent example of capillary action, os- 
mosis, and the Tyndall effect that you have seen? 


11. Capillary action will cause water to rise 8 inches above the 
water surface in a particular type of glass tube. If we break the 
tube so that it is only 4 inches long, will water run out the top of 
the tube? Explain. 


12. Recently there has been a controversy over our failure to 
use biodegradable detergents in industry and in our homes. (a) 
What is meant by biodegradable? (b) What is the present state 
of this controversy? (c) How much detergent is used in the U.S.? 


13. Draw a sketch of an experiment that might directly meas- 
ure the speed of molecules, 


14, Actual gas molecules attract one another slightly. Would 
this tend to increase or decrease the actual pressure exerted by a 
gas compared to the pressure we might calculate if we were to 
neglect this factor? 


C. PROBLEMS ABOUT THE KINETIC THEORY OF MATTER 


1. A cube that is one foot on a side has what surface area in 
square inches? Ans. 864 sq in. 


2. If the same cube is divided into cubes one inch on a side, 
what surface area will the material have? Ans. 10,368 sq in. 


3. Toss two pennies 100 times and record the falls of the coins. 


Account for any discrepancy between your experiment and Table 
21-2, 


4. Predict the fall of three coins that are tossed 100 times and 
then test your prediction experimentally. 


5. The bromine molecule has a mass 5.7 times greater than 
the nitrogen molecule. Determine the speed of the bromine mole- 
cule at 0°C and one atmosphere pressure. 


6. In a gas made up of helium and oxygen (sometimes used 
in hospitals and by divers), (a) which molecules move faster? 
(b) what is the approximate ratio of their speeds? 
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Twenty-Two 


Solids, Liquids, 
and Gases 


he ancient peoples believed that matter was composed of 

four basic substances: earth, water, air, and fire, This 
concept, though naive and inadequate for our use now, 
represents an attempt to describe matter by its state. We 
may compare the concepts of earth, water, and air to the 
three states of matter that we now recognize: solid, liquid, 
and gas. Most of the things we encounter in our daily lives 
may be classed as a solid, a liquid, or a gas. Have you ever 
stopped to think how many gases or liquids you know? It 
is remarkable how few there are. As children we learned to 
distinguish the various states of matter, and as we study 
more about the properties of each of these three states, we 
will come to distinguish them even more clearly. 


22-1 Solids 


We find solids all about us—the ground on which we 
walk, the rocks on which we stub our toes, the minerals from 
which we obtain our metals, the wood from our forests, and 
innumerable animal and vegetable products. The very name 
“solid” is used as a synonym for unyielding and incom- 
pressible. Solids account for most of the earth’s mass; 88 of 
the 102 elements of the periodic table (see p. 254) are solids 
at ordinary temperatures and pressures. 

We have already seen that the molecules of a solid vi- 
brate about a more or less fixed position. As a result of this 
limited molecular freedom, a solid does not flow but has a 
fixed shape and size. If a solid material is formed very slowly 
from the molten state, it may take a beautiful crystalline 
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form determined by the regular-patterned structure of the 
molecules. This regularity in turn forms crystals. We saw in 
Fig. 11-8 an example of this regular structure in a crystal 
of sodium chloride. All true solids are made up of one or 
more crystals. Whether the solid consists of a single crystal 
or, as is much more common, the solid consists of a large 
number of crystals, it is called a crystalline solid. 

Some materials seem to have the properties of both solids 
and liquids. A piece of tar or pitch that is brittle and seems 
quite solid will, if placed in a cup, gradually assume the 
shape of the container, like a liquid. Sealing wax and silicone 
putty are other examples of materials that are not true solids 
for they have no definite permanent shape. They are some- 
times called amorphous solids because their molecules are 
not arranged in definite patterns. Scientists usually consider 
them to be very viscous or slowly moving liquids rather 
than true solids. The properties of solids that we will now 
consider are those of the crystalline form of a material. 

If a molten metal such as copper is cooled very slowly 
without jarring, it may form a few large crystals with most 
of its molecules in an orderly arrangement (Fig. 22-1). A 
crystal of copper is easily bent along one of its planes be- 
cause the molecules will readily slide past one another. We 
saw how this can occur in the case of graphite and other 
crystals in Section 16-1, It is the regularity of the arrange- 
ment of the atoms in a crystal that gives to the crystal its 
characteristic properties. 

Suppose we had a metal crystal in which the molecules 
could readily slide past one another, but we broke the struc- 
ture into many smaller crystals with their molecular planes 
running in different directions. We could produce such a 
polycrystalline solid by adding impurities or by bending, 
jarring, hammering, or sudden chilling of the molten metal. 
Now when we try to bend the metal, any slippage of mole- 
cules cannot proceed very far before it is stopped by an 
adjacent crystal whose “slip planes” run in another direction. 
In just this way a metal may strengthen with use in a proc- 
ess called work hardening. A simple experiment will illus- 
trate this: Heat a copper rod or piece of copper tubing and 
allow it to cool slowly. Notice that it will bend easily for 
it is made up of a few large crystals, but notice too that the 
more bending it undergoes the harder it becomes. 

Crystalline materials have properties that are fixed; for 
example, they all have exact melting points. The regularity 
of the spacings of the molecules suggests that what happens 
to one molecule affects all of the molecules. Thus, crystalline 
solids are usually good conductors of heat, because when the 
molecules at one end of the crystal structure are heated and 
gain kinetic energy, their increased motions immediately 
affect the surrounding molecules. As the neighboring mole- 
cules gain kinetic energy, heat is transferred throughout the 
solid. There are many types of crystalline forms, and their 
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Fig. 22-1. 


This piece of copper was solidi- 
fied and cooled slowly and then 
etched with an acid and pol- 
ished, The photograph shows 
some of the many crystals that 
make up a metal, (Washington 
State University photo service) 
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properties largely depend upon the particular molecular pat- 
tern of their constituent molecules. Carbon, for instance, 
takes either of two crystalline forms, graphite or diamond 
(P. 310). 

Solids are nearly incompressible at ordinary pressures, al- 
though some distortion does take place. They may be bent 
or stretched by appropriate forces, and if a solid springs 
back into its original shape after it is distorted, we say that 
it is elastic. According to the kinetic-molecular theory, the 
distorting force moves the molecules of the solid a short 
distance from their normal rest positions, but not far enough 
for them to overcome, even momentarily, the cohesive forces 
that bind them to their fellow molecules. When the distort- 
ing force is removed, the molecules return to their normal 
positions, and the solid springs back into its original form. 
If the distorting force is great enough, however, some of the 
molecules in the solid may be pulled or pushed out of their 
normal rest positions far enough to become entangled in the 
fields of force of other, “new,” molecules of the solid. Then 
when the force is removed, the molecules find new rest posi- 
tions within the fields of force of these new molecules and 
the solid becomes permanently deformed, When this occurs, 
the solid is said to have been subjected to forces beyond 
its elastic limit. To stretch mild steel permanently out of 
shape takes a force of approximately 35,000 Ibs/in.*, which 


Fig. 22-2, A graph of stress vs increase in 
length for various materials. 


* 
is, then, the elastic limit of this material. The graph in Fig. 
22.2 relates the change of length of various metals to the 
stretching force. Engineers need information of this kind in 
designing bridges and buildings, for they must know how 
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the materials they use will be able to withstand the forces 
that will be placed on them. 

When a metal rod can be drawn into a very fine wire, we 
say that the metal is ductile, Gold, silver, and platinum are 
the most ductile of the metals, Platinum, for instance, may 
be drawn into a wire only gaz of an inch in diameter, 
Ductility is, of course, the crucial property in the making of 
fine wires, The kinetic-molecular theory explains ductility in 
this way. The molecules of platinum, for example, can move 
past one another rather freely when a sufficient force is ap- 
plied, but at the same time enough of a cohesive force 
remains to resist the ultimate separation of the molecules. 
Thus the material will flow but will not break. 

A metal is malleable if it can be hammered or rolled into 
a thin sheet. In many respects malleability is similar to 
ductility, Whereas ductility is a measure of the molecules’ 
ability to flow when subjected to a pull or tensile force, 
malleability is a measure of the molecules’ similar ability 
with regard to compressional forces. Gold, silver, copper, 
and aluminum are among the most malleable of the solids, 
Gold is so difficult to break under compressional forces that 
it can be made into sheets that are nearly transparent. The 
chemical stability of gold coupled with its malleability make 
it valuable as a plating substance, Many solids, such as sul- 
fur and salt, are so brittle that they cannot undergo much 
distortion of any kind without breaking. 


added to the crystal perhaps, the interaction of the molecular 
forces and the regularity of the crystalline structure will 
cause all the rest of the molecules to be at, or nearly at, this 


= 
2 


have a definite melting temperature, When we heat 
for example, it gradually softens and eventually flows 
liquid, but it is difficult to tell at what temperature the 
really melted. Such behavior occurs in substances in 
the molecules do not form a regular pattern. Without 
regularity of the crystalline structure, one small group 
molecules may gain sufficient kinetic energy to behave 
a liquid without affecting the neighboring molecules to 
extent. From our molecular theory we can predict 
amorphous materials, without any regularity of 
structure, cannot be good conductors of heat and electricity, 
With considerable justification, we can consider an amor- 
phous solid as one that is intermediate between the solid 
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the ocean would be nearly 93 feet higher than it is at present. 
Water covers so large a portion of the earth’s surface that 
the cumulative effect of its small compressibility is quite 
large. 

Water is by far the most common naturally occurring 
liquid, although petroleum, molten lava, and some liquids 
produced by plants and animals do occur in small amounts 
in nature. You may be surprised to learn that only four ele- 
ments of all those in the periodic table are liquids at normal 
pressures and temperatures. Even though water covers 70.8 
per cent of the earth’s surface and accounts for two-thirds 
of man’s weight, it constitutes only 0.024 per cent of the 
mass of the earth, Water is so important to man that a loss 
of 20 per cent of the water in the human body will cause a 
tortured, painful death. Plants and animals alike depend for 
their very lives upon the 16,000,000 tons of water that fall 
(on the average) as rain on the earth each second. 


22-3 Gases 


Gases are familiar substances to all of us. We live at the 
bottom of an “ocean” of air, which is a mixture of colorless 
and odorless gases. We can “feel” the gas by waving our 
hand through the air or by putting it (carefully) out the 
window of a moving car. As “soft” as the air may feel to us 
under everyday circumstances, the impact of the air against 
the body of a jet pilot, unfortunate enough to have to bail 
out of his plane, is a serious hazard to life. Nevertheless, we 
use this same air which is so “hard” at jet speeds as a cushion 
against unwanted shocks when we encase it in various pneu- 
matic devices, 

We have already seen the kinetic-molecular basis for the 
behavior of gases. We know that the gas molecules move at 
rates up to one mile per second, make over a billion col- 
lisions a second, and have comparative freedom of motion. 
And we have seen how the volume of a gas varies with the 
pressure and how the pressure of a gas varies directly with 
the absolute temperature. But, as simple as the properties 
of gases seem and as common as our experience is with them, 
there is much that is difficult to understand about gases. 
It is hard to realize, for instance, that a tank full of oxygen 
will still be full of oxygen after the tank has apparently been 
emptied. If, for example, we have a tank full of 2 cubic 
feet of oxygen at a pressure of 700 Ibs/sq in. and open the 
tank so that the gas can escape (by diffusing through the 
atmosphere), we will still have 2 cubic feet of oxygen in 
the so-called empty tank, The new pressure of the oxygen, of 
course, will be only one atmosphere, or 14.7 Ibs/sq in. 

Another peculiar fact is that gases have no free surface 
(like liquids and solids) and expand until they fill any sized 
or shaped container. So characteristic is this ability to ex- 
pand indefinitely that it is the defining property of a gas, 
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and it seems to indicate that the forces between the mole- 
cules, which are large in the case of solids and somewhat 
smaller in the case of liquids, are practically negligible in 
the case of gases. This is in fact true, for the gas molecules 
are so far apart that there is almost no attraction possible 
between them. We have already seen how gases behave un- 
der varying pressures and temperatures, and in the next 
section we shall see still more completely how solids, liquids, 
and gases are related to each other. 


22-4 Relationship between the Solid and 
Liquid States 


To illustrate one aspect of the relationship that exists be- 
tween the solid state, the liquid state, and the gaseous state, 
let us add heat to a substance at a uniform rate and see 
what happens. Suppose we heat a beaker containing ice at 
—10°C with a steady flame and see how the temperature 
changes with time. When we plot the temperature as ordi- 
nate and the time as abscissa, we get a graph such as the 
one in Fig. 22-3, At first the temperature rises quickly be- 


120°C 


Fig. 22-3. An experiment in heating water. 


cause the ice is being warmed and its molecules are moving 
more and more rapidly, but atter 2 minutes liquid water ap- 
pears and the temperature no longer rises. As time goes by, 
more and more ice melts as the molecules vibrate fast enough 
and far enough from their rest positions to interfere with 
their neighbors and, by collisions, to disrupt the orderly 
positions of the molecules of the solid. As the molecules 
break away from their fixed positions, the vibratory motion 
of the molecules is changed to a translational motion, and 
the solid melts. Thirty-two minutes after the ice reaches a 
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temperature of 0°C, the ice is completely melted, and the 
temperature again starts to rise. That the breaking apart of 
the orderly molecular arrangement of a solid takes energy 
is confirmed by the fact that the temperature remains con- 
stant while the ice is melting, even though heat is being 
added all the time. 

The temperature of liquid water does not rise as rapidly 
as that of ice when heat is applied at the same rate. As the 
temperature rises, the translational motion of the molecules 
increases, and the increase in heat content of the water 
simply means that the kinetic energy of the molecules is in- 
creased. 

We know from our study of Chapter 20 that a rise in the 
temperature of a solid depends upon the amount of material, 
the specific heat, and the rate at which heat is added. The 
same is true in the heating of a liquid, and if the rate of heat 
application is kept constant, as it is in this experiment, the 
rate at which the temperature rises will depend solely on 
the specific heat. If the specific heat is low, a large change 
of temperature will occur in a short time. If the specific heat 
is high, the change of temperature will be slow. 

When the temperature of the water in our experiment rises 
to 100°C, the water will start to boil and the temperature 
will cease to rise. The heat energy that is being steadily 
added must go into some new type of molecular motion—it 
gives the molecules energy enough to break away completely 
from their neighbors and “evaporate” from the liquid sur- 
face. If we continue to heat the steam that results from the 
evaporation of the water, we will find that the temperature 
will again rise at a rate that is related to the specific heat 
of the gas, But let us go back and see more completely what 
happened when the ice melted and when the water evapo- 
rated, 


22-5 Heat of Fusion 


In the above experiment, we saw that the melting process 
took 32 minutes and that with a constant application of heat 
it took 40 minutes to bring the water from 0°C to the boiling 
point of 100°C. In other words, it took#2_ or 0.8 as long to 
melt the ice as it did to raise the resulting water to the boil- 
ing point. We know from Chapter 20 that it takes 100 cal- 
ories to raise the temperature of one gram of water 100 
Celsius degrees. To melt ice, then, with no rise in tempera- 
ture must take 0.8 as much energy, or 80 calories. Since our 
experiment was crude, let us refine our procedure and re- 
examine the heat that is required to melt one gram of ice. 

Suppose we have a glass beaker (specific heat of glass = 
0.14) that weighs 300 grams and that contains 300 grams of 
water at 44°C. Now let us place 30 grams of ice at 0°C in 
the water and allow it to melt. If the final temperature of 
the water and the beaker is 34°C, how much heat was re- 
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quired to melt the ice? When we have to solve a problem 
like this, we can make use of the principle of conservation 
of energy, which, you will recall, says that the amount of 
energy going into a process is equal to the amount of energy 
that is returned. In this case, the amount of heat lost must 
equal the amount of heat absorbed by the ice and the water 
that resulted from the melting ice. Both the beaker and the 
water lost heat. The beaker lost an amount equal to its 
weight times its change in temperature times its specific heat 
or 300 X (44 — 34) x 0.14 = 420 calories. The water lost 
heat according to the same formula: 300 X (44 — 34) X 1 = 
3000 calories. Altogether, 3420 calories of heat were lost by 
the beaker and the water, and this heat melted the ice and 
brought the resulting water up to the final temperature of 
the mixture (34°C). After the ice had been melted, the 30 
grams of water that resulted from the melting had to be 
raised from the temperature of the melting ice to the final 
temperature (34°C), a process that took the following 
amount of heat: weight times change in temperature times 
specific heat or 30 X (34 — 0) X 1 = 1020 calories. Since 
this heat was absorbed, it left 3420 — 1020 or 2400 calories 
of heat that must have been used just to melt the 30 grams 
of ice, without changing the temperature. Thus, it took 02 
or 80 calories to melt each gram of the ice. The amount of 
heat needed to change one gram of a substance from a solid 
to a liquid, with no change in temperature, is called the heat 
of fusion of the material. For water, the heat of fusion is 
80 cal/g or 144 Btu/Ib. Figure 22-4 illustrates the fact that 


80 calories 
added to 
the ice 


Fig. 22-4, Eighty calories added to ice at 
0°C and to liquid water at 0°C 
results in different final temper- 
atures owing to the heat of 
fusion of water. 


80 calories added to 1 gram of ice at 0°C produces a dif- 
ferent final temperature than it does when it is added to 
liquid water at 0°C. riyy 
Each substance that passes from the solid to the liquid 
state without decomposing or changing chemically has its 
own heat of fusion. Table 22-1 lists the melting points and 
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heats of fusion of some common substances. We must re- 
member, of course, that the law of conservation of energy 
holds in the freezing and melting process, too, and that if 
a substance absorbs heat during the melting process it must 
also give it off while solidifying or freezing. 


TABLE 22-1 


From Table 22-1, it is apparent that the heat of fusion of 
water is high in relation to that of other materials. One of 
the noticeable effects of this fact is the long time it takes 
for ice to melt even in warm weather. Water's high heat of 
fusion is important in restraining spring floods, because as 
the increasing heat of the spring season raises the earth’s 
temperature, that temperature is moderated by the absorp- 
tion of heat in the ice-melting process. The high heat of 
fusion also moderates the earth’s cold temperature, because 
as the air temperature drops to the freezing point, the water 
in lakes and streams starts to freeze and gives off an equiva- 
lent amount of heat, The lowest winter temperatures are 
tempered by this evolved heat. 

The high specific heat of water, in addition to modifying 
the air temperatures near any large body of water, prevents 
the temperature of water from fluctuating widely. There is 
such an enormous evolvement of heat when large bodies of 
water start to freeze that a tremendous resistance is pro- 
duced to the lowering of the temperature of large bodies of 
water below 0°C, This fact makes the freezing point some- 
thing of a lower terminal temperature; that is, water tends 
to limit the temperature of itself and, through heat transfer 
methods, to limit the temperature drop of its surroundings 
to its freezing point (0°C). So, regardless of the severity of 
atmospheric temperatures, the ocean temperature will be a 
moderating influence on the climates of the earth, 


22-6 Heat of Vaporization 


If we refer again to Fig. 22-3, we see that at the boiling 
point of a material there is an absorption of heat energy just 
as there is when the material melts, It has been found that 
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as water condenses it gives off 540 cal/g, and when we 
evaporate water this same amount of heat is absorbed in the 
process. The amount of heat necessary to evaporate one gram 
of a material, with no change of temperature, is called the 
heat of vaporization. Table 22-1 shows that water also has 
a very high heat of vaporization in comparison with that of 
other materials. This property of water is even more im- 
portant to life than the heat of fusion. 

Wherever water is in contact with air, evaporation must 
take place until equilibrium has been established and the 
air is saturated with water. Unlike the case of freezing, how- 
ever, the process of evaporation goes on continuously 
throughout all temperature ranges. The reason for this con- 
tinual evaporation may not be clear until we think of the 
explanation of evaporation given by the kinetic-molecular 
theory, Within any liquid there are molecules that move 
more rapidly than the rest. Figure 21-8 indicated the wide 
variations that exist in the motions of gas molecules, and 
there is a similar distribution of molecular velocities within 
a liquid. By a series of “fortunate” collisions, a molecule may 
obtain a very high velocity. If it bounces toward the surface 
of the liquid with a great enough velocity, it will break 
through the surface and escape—or evaporate, Figure 22-5 
shows several of these “fortunate” collisions that result in an 
escape and one that results in a hard collision with the wall 
of the container. Of course, there are molecules that return 
to the liquid as well as escape. If we cover the vessel, we 
will find that eventually there are as many molecules re- 
turning each second, on the average, as escaping, and when 
this occurs, the liquid and its vapor are in equilibrium, 

The water molecules in the vapor state within the con- 
tainer, by their collisions with the walls of the container, 
exert a pressure that depends upon the number of water 
molecules and upon their velocities. As the temperature of 
the liquid becomes greater, the number of molecules escap- 
ing from the liquid (and their velocities) increase, and as 
a result, the pressure exerted by the vapor increases. This 
pressure is called the vapor pressure of a substance and it is 
dependent upon the material and its temperature. Figure 
22-6 is a curve showing the vapor pressure of water at dif- 
ferent temperatures. We can now define the boiling point 
of a liquid as the temperature at which the vapor pressure 
equals the atmospheric pressure. 

The process of evaporation is an individual event, some- 
thing that happens molecule by molecule. Because of this 
and because of the differences that exist between molecular 
velocities, evaporation from a liquid takes place as long as 
there is molecular motion. The evaporation of water, which 
entails the absorption of large quantities of heat, and the 
condensation of water vapor, which liberates the same 
amount of heat, are very important processes in the main- 
tenance of uniform temperatures throughout the world. 
Water, because of the evaporation process, tends to resist 
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Fig. 22-5. Collisions between molecules 
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Fig. 22-6. Vapor pressure curve for water, 
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a sharp rise in the temperature of the earth when there is 
a sudden heat input such as occurs at sunrise. The large 
heat of vaporization of water is one of the things that makes 
water the most important agent in the transfer and control 
of heat on earth. 

The heat of vaporization is also important in regulating 
our body temperature, for the evaporation of moisture from 
our skin absorbs large quantities of heat. When the air tem- 
perature rises above our body temperature on a hot summer 
day, we must depend largely upon evaporation for cooling, 
and we may evaporate as much as 1000 cubic centimeters 
of water per hour. The daily diet of the average American is 
3000 kilocalories or 3,000,000 small calories per day. If one- 
fourth of this food energy is finally liberated in the form of 
heat that is used to maintain our body temperature, during 
the summer when the air temperature is close to 100°F our 
body temperature can be maintained only by evaporating 
approximately 1.5 quarts of water daily. Plants operate in 
much the same way. They evaporate water from their leaf 
surfaces in a process called transpiration, which in part 
makes it possible for them to survive a hot summer day. 


22-7 Summary of Heat Exchange Problems 


Now that we have studied the heat of fusion in the melt- 
ing process and the heat of vaporization in the evaporation 
process, we are in a position to determine the amount of 
heat needed to make any change in temperature. The fol- 
lowing calculations, of course, are valid only if no chemical 
change occurs during the heating. To review what we know 
about the heats of fusion and vaporization, let us determine 
the amount of heat in calories needed to raise the tempera- 
ture of 5 grams of water from —50°C to 150°C: 


(a) heat needed to change the solid to the = mass x change in temp X sp ht of the solid 


melting point =5g x [0 — (—50)] X0.5=5 x 50 x 0.5 
= 125 cal 
(b) heat needed to melt the solid = mass X ht of fusion 
=5g x 80 cal/g 
= 400 cal 
(e) heat needed to raise the liquid to the = mass x change in temp X sp ht of the liquid 
boiling point =5gx (100—0) x1=5x100x1 
= 500 cal 
(d) heat needed to vaporize the liquid = mass X ht of vaporization 
= 5 g X 540 cal/g 
= 2700 cal 


(e) heat needed to raise the vapor from the = mass x change in temp X sp ht of the vapor 
boiling point to the final temperature = 5 g x (150 — 100) x 0.5 = 5 x 50 x 0.5 
= 125 cal 


The total heat needed is the sum of all of the heats needed 
in the individual steps of the solution: 125 + 400 + 500 + 
2700 + 125 = 3850 calories. 

To solve other problems of this nature, we determine 
whether the material is a solid, a liquid, or a vapor at both 
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the start and the finish of the process and then carry through 
the requisite operations. 


22-8 Effect of Pressure on the Boiling Point 


The boiling point—the temperature at which a material 
will normally change from the liquid to the vapor state— 
depends upon pressure as we can see in Fig. 22-6. If we 
take the temperature of boiling water on different days, we 
will find that the boiling point is not constant but changes 
as the air pressure changes. During evaporation, the volume 
of a material increases, and since pressure tends to prevent 
this expansion, an increased pressure handicaps the evapora- 
tion and, in effect, raises the boiling point. 

To illustrate the effect of pressure on the boiling point, let 
us carry out the following experiment. Fill a round-bottomed 
flask half full of water and insert a thermometer, a pressure 
gauge, and an outlet tube through the stopper as in Fig, 22-7. 
When the water is first heated, small bubbles of air, which 
had been dissolved, start to form, rise to the surface, and 
escape. With more heat, bubbles of steam form on the bot- 
tom but collapse as they rise into the cooler water above 
and are condensed, As these bubbles of steam are cooled, 
the water vapor they contain condenses to liquid water again 
and produces for a moment a partial vacuum. As the walls 
of the bubble rush together and collide, we can sometimes 
hear a rattling noise or “singing.” 

When the bubbles of steam are able to reach the surface 
of the liquid, the water is said to be boiling. As we watch 
what is happening inside the flask, we are unable to see the 
water vapor for it is transparent and colorless, but when it 
rushes out through the outlet tube and condenses, it forms 
the white cloud or mist of fine water droplets that we call 
steam. Although many people think that the white cloud of 
steam is water vapor, this simple observation shows that 
the vapor is actually colorless and transparent. 

Suppose we partly close the outlet tube so that the pres- 
sure inside the flask will rise. As the pressure increases, the 
temperature of the boiling water increases, and this of course 
is what happens inside a pressure cooker. If we remove the 
burner and let the flask cool, the boiling will stop. But if we 
connect the outlet tube to an aspirator or vacuum pump 
and reduce the pressure in the flask, the boiling will start 
again, which confirms the fact that the boiling point is low- 
ered when the pressure is reduced. | 

Another interesting way to demonstrate the reduction in 
boiling point with decreased pressure is as follows. Boil some 
water in a strong, spherical glass flask. When the water is 
boiling vigorously and after it has boiled long enough to 
replace the air in the flask with water vapor, stopper the 
flask and remove it from the source of heat. The boiling will 
stop almost immediately, but if we splash cold water over 
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the top of the flask, the boiling will start again (Fig. 22-8). 
The cold water causes some of the water vapor in the flask 
to condense and in doing so reduces the pressure in the flask. 
The fact that boiling starts again indicates that the boiling 
point is lowered by a reduction in pressure. If we carefully 
plot the boiling point for various pressures, we obtain a 
curve such as that in Fig. 22-6. The change in the boiling 
point of water with pressure creates some problems for cooks 
and housewives because it is the temperature that cooks 
the food and not the fact that the water in which the food 
is placed is boiling. If your flask were strong enough to 
withstand atmospheric pressure on the outside, you could 


Fig. 22-8. Condensing the steam reduces 


conceivably cool the flask to the point where the pressure the pressure on the surface of 
would be so small that the water could be made to boil by the water and allows the water 
the heat of your hand. The value of a pressure cooker lies to boil at a lower temperature. 


in its ability to increase the temperature of boiling water 
and therefore to decrease the cooking time for food. 


22-9 Effect of Pressure on the Freezing Point 


As the pressure on water is increased, the freezing point 
is decreased. Figure 22-9 is a graph of the temperature at 


which water solidifies plotted against pressure. Since water Fig. 22-9, Variation of the freezing or 


expands when it freezes, as we pointed out in Chapter 20 melting point of water with 
(Fig. 20-8), any increase in pressure tends to oppose this pressure. 
expansion, and the temperature has to be lowered further 16,000 


than usual in order that this change of state may take place. 
When we ice-skate, the increased pressure under the skate 
lowers the melting point of the ice below the temperature su 
of the ice and we glide along on a thin, nearly frictionless 

layer of liquid water between the blade and the ice. We can 

see the streaks left by the refrozen water, and, when the 12,000 
temperature is just right, we may observe the liquid re- 

freezing behind our skates as the pressure is removed, On 

exceptionally cold days, the pressure we exert may not be 10,000 
sufficient to lower the melting point to the temperature of 
the ice. When this happens the ice seems “sticky” because 
we no longer glide along on a water film. The flow char- 
acteristics of ice in large masses, as the glacier flow we 
studied in Chapter 4, may also be related to this pressure- 
melting point property of water. Water is an exceptional 
fluid in this respect, because most materials contract when 
they solidify and are thus aided in this process by an in- 
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crease in pressure. For most materials, therefore, an increase 4,000} 

in pressure increases the freezing point. L 
Since the boiling point of water decreases and the freezing 

point increases as the pressure is lowered, we may ask if it 2.0007 


is possible for the boiling point and the freezing point to 
become identical at some pressure, It is in fact possible 
(Fig. 22-10) and occurs for water at 0.006 atmospheres (4.5 oe aE 
mm of Hg) and 0.0076°C. At this temperature and pressure, 
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water can be seen boiling in the presence of ice. We call this 
the triple point of water. 

An interesting demonstration will allow us to observe the 
behavior of water at the triple point. A good vacuum pump 
is used to pump out the bell jar arranged as in Fig, 22-11. 
Concentrated sulfuric acid is put in a dish in order to absorb 
some of the water vapor and to assist the vacuum pump in 
reducing the pressure. When the pump is started, the dis- 
solved air in the water is released; as the pressure is reduced, 
water evaporates and cools the remaining liquid. As the 
pressure is reduced still further, with both the pump and the 
sulfuric acid carrying away the water vapor, the water should 
begin to boil. This very rapid evaporation uses up so much 
heat that the remaining water is cooled so rapidly that its 
surface eventually freezes, while at the same time the water 
under the ice is still boiling. 


22-10 Sublimation 


Only a few substances, of which water is one, have a 
triple-point pressure that is a small fraction of an atmos- 
phere. The pressure at the triple point of carbon dioxide, 
for example, is approximately 5 atmospheres (at —56.6°C), 
and consequently this material cannot exist in the liquid 
form at normal atmospheric pressures. Solid carbon dioxide 
is called dry ice because, when it evaporates at atmospheric 
pressure, it changes directly into the vapor state and never 
becomes a liquid. This process of changing directly from a 
solid to a vapor is called sublimation, and is commonly ex- 
perienced with iodine, camphor, and dry ice. 

Just as there are temperatures that correspond to specific 
pressures in the boiling and freezing points of a material so 
there is a temperature-pressure relationship at which sub- 
limation occurs. If heat is supplied to a solid, the solid will 
remain at the sublimation temperature until the heat of 
sublimation has been supplied and vaporization is complete. 
As we might expect, the heat of sublimation is approximately 
the sum of the heat of fusion and the heat of vaporization. 
Figure 22-10 illustrates all of these general relationships in 
the case of water. 

Sublimation is more common in nature than might be 
supposed from the temperatures and pressures that are in- 
dicated for the triple point of water. Evaporation is, in effect, 
just the collective behavior of billions of molecules, and at 
nearly any temperature there may be one or more molecules 
that have experienced a series of advantageous collisions 
and are moving at a very rapid rate. A molecule may thus 
be moving as fast as a gas molecule and may break away 
from the surface and evaporate. It is in this molecule-by- 
molecule fashion that sublimation can take place from any 
solid. In some cases this sublimation is rapid enough to be 
quite noticeable. Clothes, for example, can “freeze dry” by 


443 


melting curve 


g 
3 
217 atm 1 
14.7 x 104mm Hg 
e 1 atm 
3760 mm Hg 
8 
a Solid 
4.5mm Hg 


Temperature ~°C 


Fig. 22-10. Pressure-temperature 


is not uniform. 


To vacuum pump 


Critical point 


Gos 


diagram 
for water, Note that the scale 


Wire gouze 


Concentrated 
sulfuric acid 


Fig. 22-11. Experimental arrangement for 


demonstrating water 
triple point. 


at 


the 


Solids, Liquids, and Gases 


sublimation, Some foods are now processed by letting the 
water sublime away, leaving a steak the same size and color 
as raw steak but minus the water. Many soup powders, eggs, 
and other foods are similarly processed. Sulfur and some 
other substances are refined by sublimation, for when the 
material changes directly from the solid to the vapor state, 
only the pure substance evaporates and the impurities are 
left behind. The odor of solids such as naphthalene (moth 
balls) is due to sublimation of the solid. 

As we have seen, a solid can change directly into a vapor, 
but the reverse process can also take place. Matter may pass 
directly from the vapor to the solid state, a process that is 
well illustrated by the formation of frost and snow. 


22-11 Critical Point 


If we explore the boiling point at higher and higher pres- 
sures, we find an interesting thing. Above a certain tempera- 
ture, it is impossible to find a liquid surface regardless of 
how much pressure we exert, although at a slightly lower 
temperature the substance apparently can be in a liquid 
state. It appears, then, that the condensation-evaporation 
curve is not indefinite in extent but has an upper limit, which 
is known as the critical point. The temperature at that point 
is called the critical temperature and the pressure is known 
as the critical pressure. At temperatures above the critical 
temperature, a substance cannot exist as a liquid. Table 22-1 
gives some values of critical pressures and temperatures of 
common substances. Often a distinction is made between 
the vapor states above and below the critical temperature: 
the material above that temperature is called a gas and that 
below a vapor. 

Substances such as oxygen, nitrogen, hydrogen, and he- 
lium, which are known as gases at ordinary temperatures, 
usually have low critical temperatures. Before one of these 
gases can be liquefied, it must be cooled to this temperature 
or below. For oxygen this temperature is —118.8°C; for 
helium —267.9°C, 

We can observe what happens at the critical point with 
a simple piece of apparatus. Suppose we seal a heavy glass 
capillary tube full of solid carbon dioxide (dry ice). After 
it has been sealed and warmed to room temperature, the 
solid carbon dioxide changes to a liquid and is in equilibrium 
with its vapor inside the tube (Fig. 22-12). Since this ex- 
periment is hazardous, proper precautions must be taken, 
because the carbon dioxide at 20°C will exert a pressure of 
830 Ib/sq in. If we carefully raise the temperature, the liquid 
will start to boil and the meniscus (surface of the CO2) will 
gradually become flat, then broaden and become hazy as 
the temperature approaches 31.1°C. As the critical point is 
passed, the surface of the liquid carbon dioxide vanishes. 
All the carbon dioxide is now a gas. As it cools again to 
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the critical temperature, the meniscus of a liquid will again . 
appear. As we might expect, the density of the liquid de- = 04 
creases as the temperature nears the critical point and the § 


density of the vapor increases, At the critical point, their 
densities are the same (Fig, 22-13), As the temperature rises 
and approaches the critical temperature, the heat of vapori- 
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zation decreases until at the critical temperature it is zero. 
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Fig. 22-13, The density of carbon dioxide 
22-12 Pressure, Temperature, and Volume near the critical point. 


Relationships 


Suppose we look at a material similar to that pictured in 
Fig, 22-10 but from a different angle to see what happens 
to the volume of the material as the pressure and tempera- 
ture are changed. To do this, let us enclose a vapor in a 
cylinder that has a piston in one end with which we can 
change the pressure on the vapor. If we keep the tempera- 
ture of the material inside the cylinder constant at whatever 
temperature we choose, as the pressure gradually increases, 
the volume of the vapor will gradually decrease, as in curve 
AB in Fig. 22-14, When the pressure reaches a value E cor- 
responding to point B, we find that the volume decreases 
and that liquefaction occurs although there is no increase in 
pressure. The piston has arrived at point B' and further 
movement causes the vapor to condense into a liquid. As 
the piston is forced into the cylinder toward C’, the quantity 


Pressure 
Pressure 


„ Temperature 


of vapor decreases and the quantity of liquid increases. | Volume 
When point C on the graph is reached and the piston reaches F 
C’, all of the vapor has been changed to a liquid, and an 


increase in pressure is required before any further decrease F 


in volume will occur. It is soon apparent that it takes a great relationships during the isother- 
increase in pressure before there is much decrease in volume, mal compression of a vapor. 
and tl CD, representing the compression of the (Adapted from Sears and 
and the curve representing the compress e (Collage Phynar 
liquid, becomes very steep. This type of process, where the Reading, Mass.: Addison- 


temperature is kept constant, is called an isothermal process, Wesley, 1953) 


and the line ABCD is called an isothermal. Figure 22-14 
also shows this experiment as it would appear on the graph 
of Fig. 22-10. Since the temperature is constant, the line 
ABCD is vertical, and points B and C coincide on the con- 
densation-evaporation line at the point where condensation 
takes place.“ 

As we carry this same sort of experiment out at higher 
and higher temperatures, we get a whole family of iso- 
thermals, as in Fig. 22-15. There are some differences in the 
curves, however, for we see that the horizontal portion of 
the curve becomes smaller and smaller until it eventually 
disappears and the isothermals form smooth curves. If we 
remember that the horizontal portion of the curve repre- 
sents the conditions under which the vapor changes to a 


Discussion and figure adapted from Sears and Zemansky, College 
Physics (Reading, Mass.: Addison-Wesley, 1953). 
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liquid, we know that, when the straight line disappears, 
liquefaction can no longer take place. The pressure at the 
point the horizontal line disappears must be the critical pres- 
sure, and the isothermal passing through this point must 
represent the critical temperature. It appears then that we 
have two sets of curves (Figs. 22-10 and 22-15) that have 
some similarities and also some important differences, Per- 
haps we can combine these two different graphs to make 
them more meaningful. 

In trying to combine the two graphs (Figs. 22-10 and 
22-15), we see that the vertical axis in each represents values 
of pressure. In Fig. 22-10, the horizontal axis represents 
values of temperature, but in Fig, 22-15 it represents volume. 
Since we really have three things to coordinate—pressure, 
volume, and temperature—we need a three-dimensional sur- 
face with each coordinate or dimension representing one of 
the variables. Figure 22-16 represents such a three-dimen- 
sional “graph.” This particular graph is called a P-V-T 
surface and represents the thermodynamic surfaces of water. 

From this combination of all the information that relates 
pressure, volume, and temperature to the states of matter, 
we can see that the triple point is really a line. The triple 
point has a fixed pressure and temperature but the volume 
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will vary depending upon the relative amounts of material 
in the solid, liquid, and vapor states. It is interesting, too, 
to note that what is represented in Fig. 22-10 by the con- 
densation-evaporation curve is represented in Fig. 22-15 by 
the area under the dotted line. 

The amount of information contained in a small space by 
graphs of this type is indeed remarkable. Figure 22-16 shows 
us on one figure how the freezing point, boiling point, and 
sublimation point change with pressure, and we can deduce 
from this whether a substance will expand or contract in any 
of these processes. The diagram also gives information about 
the variation in volume of a gas as the pressure changes, It 
is no wonder that scientists use such graphs when they con- 
tain so much information in such convenient form, Although 
our graphs have dealt primarily with water and carbon di- 
oxide, these substances were taken as typical examples of 
all substances that do not change chemically during the 
change from solid to liquid to gas. All such substances will 
have similar curves to describe their behavior. 

All the information that is presented by these graphs was 
derived from experiment, but it is also of interest to the 
theoretical physical scientist to explain these curves as a re- 
sult of the behavior of the atoms of the material involved. 
The explanations of these scientists have not always been 
simple, and the refinements of their theories are still being 
worked out. We have put an enormous amount of informa- 
tion in a small space on these graphs, but it is useful infor- 
mation only if you understand and can use the graphs. The 
questions at the end of this chapter will help you gain a 
better understanding of their use. 


22-13 Summary 


The understanding of solids, liquids, and gases is largely 
dependent upon our understanding of molecular behavior. 
When molecules are arranged in definite, relatively fixed 
positions; the substance is said to be a crystalline solid. Solids 
are nearly incompressible because the molecules resist closer 
packing. They have a definite volume and shape, and they 
resist bending and stretching because the cohesive forces be- 
tween the molecules are so great. 

The elastic limit is reached when some of the molecules 
of a solid have been pulled or pushed so far from their nor- 
mal rest positions that they become entangled in the fields 
of force of their new neighbor molecules. 

Ductility is the ease with which a substance can be drawn 
into a fine wire. Malleability is the ease with which a sub- 
stance can be hammered or rolled into a thin sheet. An 
amorphous solid is a substance in which the molecules do 
not form a regular pattern; it may be thought of as a viscous 
liquid. 

Since a liquid has molecules that are free to move past 
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one another but that still remain attracted by the fields of 
force of other molecules, it has a definite volume and can 
flow, but has no definite shape. There are relatively few 
naturally occurring liquids, but one, water, because of its 
thermal and chemical properties, is essential to life. 

Since a gas has molecules that are comparatively free, it 
does not have a definite volume or shape, but fills whatever 
container it is in. 

As a material is changed by the addition of heat energy 
from a solid to a liquid and then to a gas, its molecules gain 
increased motion and freedom. The amount of heat needed 
to change one gram of a substance from a solid to a liquid 
is called the heat of fusion. The amount of heat needed to 
change one gram of a substance from a liquid to a vapor is 
called the heat of vaporization. The amount of heat needed 
to change one gram of a substance from a solid to a vapor is 
called the heat of sublimation. 

The melting point, boiling point, and sublimation point 
change with pressure, as represented in Fig. 22-16, which is 
a rather complete summary of a great deal of experimental 
information. 


EXERCISES 


A. KEY TERMS TO REMEMBER 


amorphous elasticity malleability 
critical point heat of fusion sublimation 
crystalline heat of vaporization triple point 
ductility isothermal 


B. QUESTIONS ABOUT SOLIDS, LIQUIDS, AND GASES 


1. Defend the statement: “glass is a liquid.” 
2. Distinguish between solids, liquids, and gases. 


3. What becomes of the heat energy that is absorbed by ice 
during melting? 


4. Farmers often place tubs of water in a fruit cellar in order 
to prevent fruit from freezing during cold weather. Explain why. 


5. Identify the probable state in which we would find each of 
the following: 


Water at: Carbon dioxide at: 
Temperature Pressure Temperature Pressure 
a. 80°C 1 atm a. 40°C 75 atm 
B Oo} 10 atm b. 30°C 65 atm 
c. 400°C 0.5 atm c. 20°C 60 atm 
d. 100°C 300 atm d. 32°C 60 atm 
ée 0C 300 mm Hg œ. 25°C 90 atm 


6. What important difference is indicated in the pressure- 
temperature curve for carbon dioxide (Fig. 22-14) and for water 
(Fig. 22-10)? Explain the meaning and importance of this dif- 
ference. 
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7. What will happen to a rod of nickel steel (cross-sectional 
area % sq in.) when a load of 10,000 Ib is applied? 20,000 Ib? 
40,000 Ib? 


8. In what ways are the heat properties of water extraordi- 
nary? 


9. Is there any way of getting from the liquid to the vapor state 
without crossing the condensation-evaporation line? If so, de- 
scribe the process. 


10. Where on Fig. 22-16 could we find the graph given in 
Fig. 22-9? in Fig. 20-8? 


11. Suppose water suddenly changed its behavior in the man- 
ner indicated below: (a) decreases its heat of vaporization to 
10 cal/g; (b) decreases its heat of fusion to 5 cal/g. For each 
of the cases above, considered individually, (1) what changes in 
nature would be noticeable immediately, and (2) what changes 
in nature would be noticeable after several years? Be sure to show 
the relationship between the predicted change in nature and the 
changed property of water. 


12. In the wintertime we can sometimes see a river frozen over 
from bank to bank above a dam, but for a short distance below 
the dam open water occurs. Give two hypotheses to explain this 
phenomenon in terms of the heat processes we have been study- 
ing. 

13. From what you know of the substances (a) iron, (b) alco- 
hol, (e) CO», (d) iodine, draw pressure-temperature curves 
similar to Fig. 22-10, putting the appropriate letter at the ap- 
proximate position of the substance on the curve at room pressure 
and temperature. Even though you may not have numerical 
values, you do have evidence from your experience to show which 
way the curves are likely to slope. 


C. PROBLEMS ABOUT SOLIDS, LIQUIDS, AND GASES 


1. The volume of carbon dioxide decreases during liquefaction. 
How much decrease in volume will occur for one gram of carbon 
dioxide during liquefaction at 13°C? at 21.5°C? Ans. 83 per cent, 


78 per cent. 


2, Compute the heat of fusion of ice from the following data: 


Trial 1 Trial 2 

Mass of beaker 400 g 100 g 
Specific heat of 1 

beaker 0.1 cal/g-°C 0.214 cal/g- C 
Mass of water in 

beaker 300 g 200 g 
Mass of ice added to 

water 20 g 10 g 
Initial temperature 

of water 25°C 20°C 
Initial temperature 

of ice 0°C 0°C 
Final temperature 5 

of water 19°C 15.4°C 
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3. How much heat is needed to raise the temperature of a 
mass M of water from temperature T} to Ta? 


M T Ds 
a. 5 g 25°C 65°C Ans. 200 cal. 
b. 20 f —20°C 140°C 
c 4 lb O 190°F 


4. (The following problem is no less real because of its fictional 
aspects.) In the course of recent experiments on Mars, a hitherto 
unknown substance, which was subsequently named bisbium, was 
discovered and samples were brought back to the earth for study. 
To examine the thermal properties of bisbium, 500 g were placed 
in an insulated container of negligible specific heat and allowed 
to reach an equilibrium temperature of 20°C, At this temperature, 
bisbium was found to be in the solid state. Heat was then applied 
to it at a constant rate of 50 cal/sec. The temperature and volume 
were measured continuously for a time of 100 seconds, and at 
the end of this time bisbium was observed to be a vapor. The 
pressure was held constant and the graphs of Fig. 22-17 were ob- 
tained. Answer the following questions using the data taken from 
either or both of the graphs of Fig. 22-17: 


a. What is the melting point of bisbium? 
b. What is the boiling point of the material? 
c. How much heat was supplied during the first 100 seconds 
of the experiment? 
d. What is the specific heat of the material in the solid state? 
the liquid state? the vapor state? 
. What is the heat of fusion? the heat of vaporization? 
Would the solid bisbium float on liquid bisbium at the melt- 
ing point as ice does on water? 
g. Would an increase in pressure raise or lower the melting 
point of bisbium? the boiling point? 


mo 


450 


œ 
i=) 


D 
io} 


D 
D 


Temperature-°C 


92 
E 


G 
G 
3 
200. 
% 
Fig. 22.17. 


Heat added at the rate of 50 cal/sec 


Mass of Bisbium = 500 g 


4 — . ol... 4 -L 
10 20 30 40 50 60 70 80 90100 
Time-seconds 


a O oo = st 4 4 
10 20 30 40 50 60 70 80 90 100 
Time-seconds 


Experimental data from the 
hypothetical element, bisbium. 


Twenty-Three 


Heat in 
Natural Processes: | 


In these next two chapters, we will discuss the enormous 
importance of heat energy in our world and especially 
how this energy affects our own lives. We should remember, 
however, that heat is just one form of energy. If we were to 
discuss all the types of energy involved in natural processes, 
we would have to write a whole book, for the subject is 
almost unlimited. 

Except for the energy that we obtain from nuclear sources 
in man-made devices such as nuclear reactors (see page 531), 
all of the energy available on the earth comes from the sun. 
Our fossil fuels are the remains of plants that were produced 
by the sun-powered process of photosynthesis or of animals 
that used plants as food. Water power is generated from 
water running downhill after it has been evaporated and 
lifted by the sun’s energy. The vast convection currents in 
the ocean are the results of solar heat. The sun, to provide 
all this energy to the earth over a distance of 93 million 
miles, gives off energy at a stupendous rate—estimated by 
scientists to be 3.6 X 10% Btu/sec. Since we are so far away, 
the earth receives only about one two-billionth of this energy, 
but even so, this amounts to a staggering 4,690,000 horse- 
power per square mile. Not all of this energy gets all the way 
to the surface of the earth, however, for 33 per cent is re- 
flected by the clouds and another 9 per cent is scattered back 
into space by the atmosphere. The fraction that finally gets 
through to the surface is just enough to make life possible 
on the earth. But what is this life-giver like? Let us take a 
close look at the sun’s structure and features, as diagrammed 


in Fig, 23-1. 
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23-1 Our Star—the Sun 


The corona or outermost part of the sun appears as a 
pearly halo during a total eclipse. It may extend as high as 
50 million miles, and its atomic particles move so rapidly 
that if temperature really had meaning in matter that diffuse, 
we would have to say its temperature is as high as 500,000°C. 
Scientists are still trying to find out exactly what the corona 
is. One of the current theories pictures it as clouds of hy- 
drogen gas being gathered from outer space by the moving 
sun. This hydrogen is then later used in the nuclear reac- 
tion by which the sun maintains its high energy output. The 
sun, in other words, may be sweeping up its own fuel as it 
moves through the universe. Below the sun’s corona is a 
region called the chromosphere, which is a “layer” that seems 
to be made of individual filaments up to 10,000 miles in 
length and to have a pinkish tinge when seen during a total 
eclipse. Scientists think that this region is also made of hy- 
drogen and has a temperature of up to 20,000°C. The chro- 
mosphere can be thought of as the atmosphere of the sun, 

The photosphere makes up the next layer and is what we 
see when we look at the sun. It has a temperature of approx- 
imately 6000°C and is thought to be made up of hydrogen 
atoms that have temporarily acquired an extra electron, The 
pressure at the top of this layer is estimated to be 0.15 Tbs/ 
sq in. or 1/100 of our atmospheric pressure. It is in this layer 
that the sunspots occur, and while these spots appear dark 
to the eye, they are only slightly less brilliant than the rest 
of the solar surface. The spots are strongly magnetic, some 
of them having fields 500 times as great as the earth’s mag- 
netic field. They may vary from 500 miles in diameter to 
an area of several million square miles, and they seem to 
occur in cycles of 11.4 years’ duration. We do not have an 
adequate explanation for this sunspot cycle; it constitutes 
one of the many unsolved problems of science. Attempts 
have been made by many people to link the sunspot cycle 
to variations in the weather, rainfall, the stock market, and 
the birth rate, but so far no direct causal relationship has 
been shown to exist between them, There is, however, a di- 
rect and immediate deterioration of electrical communica- 
tion on earth whenever a sunspot occurs, and this seems to 
be marked proof of the magnetic and electrical nature of 
sunspot activity. 

Often associated with sunspots are large prominences, 
which seem to be clonds of glowing gas that may remain 
stationary or may rush upward as high as 250,000 miles at 
rates up to 100 mi/sec. The prominences may last from an 
hour to several days and may contain as much as one billion 
tons of gas. The sun itself has a mass of 2.1 X 10° tons, 
which is 333,400 times greater than the earth, and a density 
of 1.42 g/cm’. With a density as low as this we should not 
be surprised that the spectroscope shows it to be composed 
of 81.76 per cent hydrogen, 18.17 per cent helium, and only 
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0.07 per cent of other elements, We should not think of this 
hydrogen in the ordinary sense, however, for at the high 
temperatures existing in the sun it certainly has difficulty in 
maintaining a covalent bond with another hydrogen atom to 
form Ha, and in many instances it has been stripped of its 
electron. Each second in its nuclear reaction, the sun con- 
verts 560 million tons of hydrogen into helium, and in the 
process 4.2 million tons of hydrogen are transformed into 
energy. We shall consider in detail the mechanism by which 
the sun releases this energy in Chapters 25 and 26, 

Regardless of how it is produced, the sun’s energy supplies 
us with the heat and the energy for life on earth. It is the 
sun that gives the earth the energy for photosynthesis, rain, 
water power, and the unequal heating and cooling which 
causes the currents in the atmosphere and in the oceans. To 
see the full importance of the sun’s energy for our lives, let 
us imagine that the sun were suddenly extinguished. Eight 
minutes later the earth would be plunged into darkness. The 
first cooling would be similar to that at night, but in a few 
“dark days“ the evaporation of water would cease, the at- 
mosphere and the oceans would gradually stop circulating, 
and the rivers of the earth would empty the water of the 
continents into the ocean. Photosynthesis could no longer 
continue and plants would begin to wither. The waters of 
the oceans would give up their heat of fusion and freeze 
solid. As the eternal night became colder, all plant and ani- 
mal life would die. The world would be a changeless, lifeless 
planet. 


23-2 Temperature and Life in the Solar System 


Life of the kind we know, and perhaps the only kind 
possible, is critically dependent upon the presence of water. 
Not only must water be present, but it must not be perma- 
nently below the freezing point (0°C) or above the boiling 
point (100°C), The temperatures of the surfaces of some of 
the planets are given in Table 23-1. Only Mars and the earth 


TABLE 23-1 


have surface temperatures that enable water to maintain a 

liquid form, and this fact alone seems to limit life as we 

know it to a small portion of the solar system. 
The temperatures at the surface of a planet play an im- 
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portant part in determining whether or not a planet can re- 
tain an atmosphere. The force of gravity at the surface of 
a planet determines the velocity that an object must achieve 
before it can escape from the gravitational field of the planet. 
On the earth, the velocity of escape is approximately 7 
mi/sec. A planet's surface temperature is a measure of the 
average kinetic energy of the molecules of gas at the planet's 
surface and, therefore, a direct measure of their velocities. 
If these velocities exceed the velocity of escape, the planet 
will be unable to mairitain an atmosphere. Our moon and 
the planet Mercury are unable to hold any appreciable at- 
mosphere because of these circumstances. On the larger 
planets, the force of gravity is strong enough to make the 
velocity of escape much greater than it is on the earth. With 
their lower surface temperatures and their greater escape 
velocities, these planets are able to hold atmospheres com- 
posed of gases that are considerably different from those in 
our own atmosphere. Astronomers have studied these planets 
by spectroscopic examination and have found this to be true. 
The earth’s atmosphere, then, is in many ways unique in the 
solar system since its characteristics depend largely upon 
the peculiar combination of the earth’s mass and its surface 
temperature. In the next few pages we shall examine some of 
the ways in which this atmosphere is vitally important to 
our lives. 


23-3 The Greenhouse Effect 


Suppose we put a thermometer in a sealed, transparent 
jar and hang a second thermometer outside the jar but near 
it, as in Fig. 23-2, When the jar and the two thermometers 
are placed in a darkened room, the temperature inside and 
outside the jar will be the same. If we place the jar and the 
thermometer in sunlight, both temperatures will rise. We 
will find, however, that the temperature inside the jar will 
rise faster and remain higher than that outside. This phe- 
nomenon is known as the greenhouse effect, and to explain 
it we shall refer to Chapter 20 and the discussion of radia- 
tion. The light coming from the sun is very complex. It con- 
tains electromagnetic energy in a variety of forms, and its 
spectrum ranges all the way from radio waves to very short 
ultraviolet waves (Fig. 10-27). In examining the sun’s spec- 
trum, however, we must remember that we are at the bottom 
of an ocean of air that is transparent to many wave lengths 
but does not allow other wave lengths to penetrate. In fact, 
the atmosphere is known to be almost opaque to both long 
infrared waves and short ultraviolet waves. 

In Chapter 20 we learned that even when a stove is cold, 
it will radiate energy in the form of infrared light. The colder 
the object the longer will-be the wave lengths of the energy 
radiated, and as an object becomes warmer the wave lengths 
of the radiated energy will become shorter (see Fig. 12-6). 
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The earth itself is radiating energy, even though to us it does 
not seem particularly warm. The lengths of the electromag- 
netic waves coming from the sun are in general somewhat 
shorter than those being radiated from the earth. Our main 
interest, however, is the effect that the atmosphere has on 
the different forms of radiant energy. The short-wave ultra- 
violet light finds the air to be opaque, which is fortunate for 
us, for the light of these wave lengths carries enough energy 
to be destructive to life on earth. Upon striking the atmos- 
phere, ultraviolet light changes some oxygen molecules, Os, 
to oxygen atoms (O + O) that can then combine with other 
oxygen molecules to form ozone molecules, Os (see p. 362). 
The ozone, in turn, will absorb the somewhat longer wave 
ultraviolet light and change it back to oxygen Os molecules. 
This process ensures a more or less constant balance be- 
tween the ozone and the oxygen in the atmosphere, a balance 
that establishes the amount of ultraviolet light that can pene- 
trate the atmosphere. 

Most of this combination and recombination of oxygen in 
the atmosphere takes place in the region sometimes called 
the ozonosphere, located between 15 and 20 miles above the 
earth’s surface (Fig, 23-3). Even there the amount of ozone 
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is only one part in five million, It is such a small part of the 
earth's atmosphere, in fact, that if we were able to collect 
all of it in one layer at the temperature and pressure existing 
at sea level, it would form a layer only two to three milli- 
meters in thickness, roughly as thick as sixty pages of this 
book, Nevertheless, this small amount of ozone located high 
in the atmosphere so effectively absorbs ultraviolet light, 
which might otherwise be very harmful to life, that prac- 
tically no ozone is produced in the lower 6 miles of air, An 
interesting conjecture has been made by scientists as a re- 
sult of the discovery of this phenomenon, If during the early 
stages of the formation of the earth there was little oxygen 
in the atmosphere, a large amount of high-energy ultraviolet 
light was probably striking the earth’s surface, enough pos- 
sibly to bring about photochemical reactions that do not 
occur here today. The possibility that some of these reac- 
tions took place has been the basis of certain speculations 
about the origin of life.“ 

But to get back to the greenhouse effect, both water vapor 
and ozone serve to absorb energy from the ultraviolet end 
of the spectrum. The earth’s surface absorbs the incoming 
radiation and then reradiates it at a longer wave length. 
Again the water vapor, with help from carbon dioxide and 
ozone, absorbs much of this long-wave energy. Since light 
energy enters the atmosphere under somewhat controlled 
conditions and has its escape considerably limited, the sur- 
face of the planet is favored by a remarkably well-balanced 
temperature. The rate of delivery of solar energy to the earth 
is called insolation, and Fig, 23-4 illustrates what happens 
to it as it enters the earth’s atmosphere, Some (33 per cent) 
of the radiation is reflected back into space much as though 
the atmosphere were a mirror, Some (25 per cent) is scat- 
tered by the atmosphere, which returns part of it (9 per 
cent) to space and allows the remainder (16 per cent) 
eventually to reach the earth’s surface. The amount of scat- 
tering is partly dependent upon the wave length of the light. 
Blue light is scattered more readily than red light, and, as 
a result, the blue is to some extent scattered out of the sun’s 
direct rays so that we see the sun as yellow, the comple- 
mentary color of blue. At sunset, when the light from the 
sun must pass through a large amount of air with its many 
colloidal particles, the scattering may be so great that blue, 
green, and some of the yellows may be scattered from the 
direct rays of the sun and leave the sun with a red color. We 
see the light coming from the sky as blue light because it 
results largely from the seattering process within the atmos- 
phere, 

Figure 23-4 also shows what happens to the longer wave 
radiation that originates from the earth, The 27 per cent of 


s For a summary of several such speculations, see Harold S. Blum, 
Time's Arrow and Evolution (Princeton, N. J.: Princeton University 
Press, 1951). 
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the insolation that is directly absorbed by the earth, and the 
16 per cent that comes to the ground from scattering tend to 
raise the temperature of the earth's surface, Of course, the 
percentages given here are approximations and are being 
refined as we learn more about the atmosphere. Figure 23-4 
does not take into account the radiant energy from the sun 
that is stored by the plants through the photosynthetic 
process, Although to us this may seem to be a large oversight 
(and does indeed represent some 18 X 10" calories per 
year), the sunlight that falls upon the earth during this same 
time is 127 X 10% calories, so that the amount used in 
photosynthesis represents only 0.14 per cent of the sunlight 
available. In order for the temperature of the earth to re- 
main constant, radiation must remove from the earth an 
amount of energy equivalent to that received. As we can see, 
some energy is radiated directly to space while some is ab- 
sorbed by the atmosphere. When the energies in Fig. 23-4 
are all totaled, however, we see that the amount of energy 
that leaves the planet is equivalent to the energy that arrives 
from space. 


23-4 The Greenhouse Effect and the Glacial Ages 


The relationship between heat gain and heat loss by the 
earth may not always have been so closely balanced, and 
the amount of heat coming from the sun may actually have 
varied through the geological ages. Several hypotheses may 
illustrate this point. Suppose that the solar system, in its 
travels through the universe, passed through some dust 
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Fig. 23-5, The water cycle: a summary of 
the processes by which water 
vapor enters the atmosphere. 


Or, more simply, relative humidity is the ratio of the quan- 
tity of water vapor actually present in any volume of air 
to the quantity required to saturate the same volume of air 
at the same temperature. In formula form: 


relative humidity in per cent 


wt of water in air 
= we of water air could hold ps 1G 
(23.1) 
absolute humidi 


~~ saturation humidity 


We can see that the relative humidity for saturated air must 
be 100 per cent while for air that is perfectly dry it is 0 
per cent. 


x 100 


23-6 The Measurement of Relative Humidity 


There are a number of ways in which we can determine 
relative humidity, but we shall limit ourselves to two of 
these methods. If we put ice in a glass of water and let the 
glass cool down, the glass may reach a temperature at which 
the air surrounding it will be saturated with moisture. With 
a lowering of temperature, this air is unable to hold any 
more water vapor, and some moisture will begin to form on 
the glass which will “cloud over” or even “sweat.” This is 
the way in which dew forms, and the temperature at which 
‘moisture just condenses out of the air is called the dew point. 
In the case of our glass with ice water in it, the temperature 
of the water in the glass is for all practical purposes equal 
to the temperature of the glass. The air right at the surface 
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of the glass is also practically at the temperature of the glass 
and the water, and, as a result, we have an easy way of de- 
termining with reasonable accuracy the dew point tempera- 
ture. If the air is saturated, any decrease in air temperature 
will cause moisture to condense, and the dew point and the 
air temperature will be the same. As the amount of moisture 
in the air decreases, the temperature will have to be lowered 
more and more in order for dew to form. Table 23-2 gives 
us the information we need to determine the relative hu- 


midity. 


TABLE 23-2 


An example will clarify the use of this table. If air in the 
atmosphere has a dew point of 15°C and a temperature of 
20°C, what is the relative humidity? The dew point tells us 
the temperature at which the air is saturated (15°C), the 
table tells how much moisture the air has (12.7 g/m’), and 
the air temperature determines how much water the air 
could hold (17.1 g/m? at 20°C). The relative humidity, 
therefore, is: 


wt of H:O in air 
wt of H2O air could hold me 


_ 12.7 gm 
II g/m, X 


= 74.2 per cent 


The air has a relative humidity of 74.2 per cent, which means 
that the air contains 74.2 per cent of the water vapor it could 
hold if it were saturated. 1 

Suppose we ask a further question: How much moisture 
would condense per cubic meter if the air in the previous 
example were cooled to a temperature of 10°C? The 3 5 
point tells how much moisture the air has (12.7 g/t or 
74.2 per cent of 17.1 g/m? = 12.7 g/m’). But at 10°C, it 
can hold only 9.3 g/m, and the difference must condense: 
12.7 — 9.3 = 3.4 g/m’. For each cubic meter of the air that 
cools from 20°C to 10°C, 3.4 g of water will condense. If we 
knew how many cubic meters were in a cloud formed uae 
these conditions, we would have a very good estimate o 
how much rain might fall. 
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A second method by which we can find the relative hu- 
midity is to use wet- and dry-bulb thermometers. If we 
cover a thermometer bulb with a thin wet cloth and circulate 
air around it, the drier the air that is circulated, the more 
rapid will be the evaporation of the water from the wet 
cloth. We learned in Chapter 22 that whenever water is 
vaporized it absorbs an amount of heat called the heat of 
vaporization. The more rapid the evaporation caused by the 
dry air, the more heat is abstracted by the evaporating water 
from the mercury and the glass of the thermometer, and the 
lower will be the temperature reading. By knowing the 
temperature of the air, the dry-bulb thermometer reading, 
and the wet-bulb depression (the number of degrees dif- 
ference between the dry bulb and the wet bulb), we can 
determine the relative humidity by referring to tables pub- 
lished by the U.S. Weather Bureau. An abbreviated version 
of such data is given in Table 23-3. 


TABLE 23-3 


To understand the importance of humidity and the mois- 
ture that is condensed from an air mass, we must realize that 
virtually all the water that we use in our lives comes to us 
by way of rain. And the ultimate source of all rain is, of 
course, the ocean. Some water is recycled by evaporation 
from lakes, rivers, plants, and moist soil, but all moisture 
first comes from the ocean and eventually ends there. It is 
estimated that 16 million tons of water are evaporated from 
the earth’s surface each second, and, thus, an average of 
16 million tons must rain each second, Not only enormous 
quantities of water but also enormous quantities of heat are 
involved in the process of rainfall. For instance, if one inch 
of rain falls on a square mile of our earth, the heat given 
off by the condensation of this amount of water is equal to 
1.5 X 10" Btu, which is equivalent to the heat produced in 
the burning of 6,400 tons of coal. Worldwide, the condensa- 
tion of rain forms a gigantic heat exchange process. The heat 
given off each second over the entire earth by condensing 
rain is roughly 32 X 10! Btu or the equivalent of burning 
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each second 1,600,000 tons of coal. This rate could be 
matched only by burning up the whole annual production 
of coal in the United States in four minutes. 


23-7 Condensation in Rising Air Masses 


Most of us erroneously think that rain brings cooler 
weather, when it is usually the other way around; cooler air 
brings with it rain because it condenses moisture out of the 
air. This we know although we are not often in a position 
to see what happens in the cloud where the condensation of 
the rain takes place. 

Let us test our thinking about heat being given off when 
moisture is condensed by taking a look at the temperature 
of air as it rises up a mountainside and forms a cloud, a phe- 
nomenon that occurs regularly in the mountainous regions 
of the world (Fig, 23-6). In the Cascade Mountains, as an 
example, the wind usually blows from the west and brings 
considerable moisture from the Pacific Ocean. Suppose the 
sea level temperature is 70°F and the dew point is 52°F. As 
the altitude increases, the temperature becomes cooler, and 
at 1000 feet it is 64.5°F and the dew point is 51°F. At 2000 
feet, they are 59°F and 50°F respectively. For every rise of 
1000 feet in the clear air of our example, the temperature 
drops 5.5°F. This drop in temperature with an increase in 
elevation is called the lapse rate. In this case, where the 
drop in temperature takes place in clear dry air it is called 
the dry adiabatic lapse rate. The term adiabatic simply 
means that no heat is added from sources outside the sys- 
tem being considered—in our example, this means that all 
the heat involved comes from the air mass itself. Figure 
23-6 shows the temperatures and dew points at succeeding 
elevations. Note that the dew point drops 1°F for every 
1000 feet of rise in elevation. 

At 4000 feet, the air temperature and the dew point are 
both 48°F. The air under these conditions is saturated, and 
any further drop in temperature will cause condensation and 


[Elevation in ft 


Fig, 23-6. Air rising over a mountain. The — 
two figures separated by the | | | 


slant line (/) are the air tem- 30. 40 50 60 70 i 


erature (°F) and the dew : 
Palit (°F), respectively. Air temperature-°F 
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clouds to form. In the next 1000 feet, the temperature of the 
foggy air or cloud drops only 3°F, not as much as previ- 
ously, Before you read further see if you can tell why the 
air temperature decreases only 3°F/1000 ft in the cloud 
whereas it decreases 5.5°F/1000 ft in dry air. We already 
have the clue to the answer, for we know that whenever 
moisture condenses it gives off heat. As the temperature 
drops below the dew point, more and more moisture con- 
denses and more and more heat is added to the air mass 
that is rising. The temperature drops as the elevation in- 
creases but not as rapidly as it would if moisture did not 
condense from the air mass. We call the change in tempera- 
ture per 1000 feet in air in which moisture is condensing 
the moist adiabatic lapse rate. In air that is saturated, the 
dew point and the air temperature are the same, and, as a 
result, the dew point in our example drops at the same rate 
as the moist adiabatic lapse rate above the elevation where 
clouds are forming, so the air is full of moisture at the moun- 
tain top. 

Figure 23-6 shows that the air crosses the top of our 
mountain at an elevation of 7000 feet. As the air starts to 
drop in elevation on the back side of the mountain, it is 
warmed because its density increases (as a gas compresses, 
its temperature increases), The moment the air temperature 
increases, it can hold more moisture, and so it stops con- 
densing moisture and becomes clear again. The “dry” air 
warms up at the same rate that it cooled off. The dew point, 
too, will resume its change at the same rate it maintained 
in the dry adiabatic lapse range. When the air returns to 
sea level again it is warmer, having a temperature of 77.5°F 
as compared to 70°F; the dew point also is lower, 46°F 
compared to 52°F. The air is warmer because it is drier. The 
hot, dry wind that warms the lee side of a mountain and 
melts its snow is known as a chinook in the western United 
States, The warmer temperatures and reduced rainfall on the 
lee side of the mountain are responsible for the differences 
in vegetation found there. 

With this background, we can now generalize and say 
that the rainy regions of the earth will be the regions where 
air often rises in large quantities. We can also see that where 
the air is being warmed, as in regions of descending air 
where compression occurs, no precipitation is likely to oc- 
cur. 

Since the United States lies in the region of prevailing 
southwesterly winds, air usually moves from the Pacific 
Ocean inland from southwest to northeast. This process oc- 
curs day after day as air crosses the Cascade Mountains, the 
Sierras, the Rockies, and the Appalachians. In each case, but 
to a much lesser extent in the Appalachians, where coastal 
winds may modify the effect, the west side of the mountain 
Tange is moist and rainy and the east side is dry and warmer. 
The arid regions of California such as Death Valley and the 
Mojave Desert; the dry area that is being put under irriga- 
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tion in the Columbia Basin; the desert climate of Nevada, 
Utah, and Arizona; the drought areas of our great plains— 
all these stem from the effects of mountains on the tempera- 
ture and moisture of air. 


23-8 Air Masses: Their Source and Movement \ 


An air mass is a large section of the troposphere in which 
the temperature and humidity are fairly constant at a given 
level. These air masses owe their characteristics to the sur- 
faces over which they originate. If they are tropical, they 
are abbreviated with a T; if polar, with a P. When the source 
region is the extremely cold, ice-covered Arctic, the air mass 
may be Arctic, A, whereas Equatorial, E, refers to the moist, 
hot air along the equator that does not directly affect the 
United States, Occasionally a hot, dry air descends from 


Maritime ii 
polor / 
mP / 


Moritime 
tropical 


Fig. 23-7. Major air masses which affect 
North America. 
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the middle and upper troposphere to parch and bake our 
Southwest; this air mass is known as Superior, S. 

In addition to the notation given, the source region is 
either an ocean or a continent. Air masses that originate over 
an ocean are called maritime, m, and are more humid than 
those originating over the land, called continental, c. Table 
23-4 summarizes the characteristics of the four major air 
masses that generally affect North America; Fig. 23-7 shows 
the general areas of their influence. 


TABLE 23-4 


23-9 Cold Fronts 


Most of our rain comes from air that rises without benefit 
of mountains. Periodically, continental polar (cP) air will 
flow out of the source region southward across the boundary 
states and then to the south and east. Since cold air is more 
dense than warm, moist air, it stays close to the ground and 
forces the warm, moist air to rise out of its way. The situa- 
tion that results is comparable to that in which air rises over 
mountains. The warm, moist air cools until it reaches the 
dew point and then forms clouds and eventually rain or 
snow (Fig. 23-8). The advancing edge of the cold air mass 
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Fig. 23.8. A cold front. 
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is called a cold front, forming one of our most recognizable 
weather phenomena. 

The passage of a cold front is often marked by squalls, 
thundershowers, quick storms, and a drop in temperature. 
On the ground, the barometer shows a rise in pressure, testi- 
fying to the greater density of the cool air above. Since the 
cold air is more dense than the warm air and is forcing its 
way along the ground, the rise of the warm air is quite 
abrupt. As a result, the cold front and its associated storms, 
clouds, and precipitation usually covers a relatively short 
distance, and the weather is apt to clear up quickly after it 
passes, 


23-10 Warm Fronts 


As we have seen, the tropical Atlantic Ocean around 
Bermuda produces a warm, moist air mass known as mari- 
time tropical (mT). This air periodically moves across the 
Gulf of Mexico and up the Mississippi Valley, bringing 
warm, humid weather to the central states. The forward 
edge of such an air mass is called a warm front. As the warm 
air moves northward and eastward, it must force its way 
through, or push aside, the cold air that blocks its path 
(Fig. 23-9). Since it is less dense than the cold air, it tends 


Elevation in ft 


Fig. 23-9. A warm front. 


to rise above the cold air, though not as abruptly as in the 
case of an advancing cold front. The warm air rises in a 
gentle slope so that the condensation affects the weather for 
a thousand miles or more ahead of the ground position of 
the front. 

The approach of a warm front is usually very rainy, but 
its passage is accompanied by a rise in temperature, a grad- 
ual clearing of the weather, and a change in the direction 
of the wind. Even when the rain stops, the air often retains 
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a fairly high humidity, There are, of course, all types of 
variations of cold fronts and warm fronts, and when the two 
fronts collide a cyclonic storm may develop that will cover 
hundreds of square miles of the earth’s surface. 


23-11 Circulation of the Atmosphere and the 


Coriolis Effect 


The movements of the warm fronts and cold fronts result 
from the large circulatory movements of the earth’s atmos- 
phere. This movement of air (or wind) depends in large 
measure on temperature differences as its source of energy. 
These temperature differences in turn are often caused by 
heat gained or released in the condensation processes we 
have just been considering. 

Figure 23-10 indicates that there is an excess of radiant 
heat at the equator and a deficit above latitude 37°. At the 
equator the warm air rises and at the poles the cooled air 
flows groundward. From this we might assume that there 
are large-scale convection currents set up over the earth 
such as those shown in Fig. 23-11, but, although this pattern 
is basically true, the situation is not this simple. We shall 
have to understand something about the Coriolis effect be- 
fore we can see how the United States happens to be in a 
region of prevailing southwest winds. 

We seldom think there is anything strange about water 
or air flowing north or south, but, taking an exaggerated 
case, let us see what is really involved in such an action. 
Suppose some air at the North Pole starts to flow south. At 
the start it will have no sideward motion east or west, but 
if it flows as far as the equator it will find the earth turning 
under it toward the east at a speed of 24,800 miles in 24 
hours, or 1033 mi/hr. This means that if there were no force 
accelerating the air in the direction of the earth’s rotation, 
at the equator there would be a wind from the east blowing 
at 1033 mi/hr. Since this does not occur, there must be modi- 
fying factors which affect the motion of the air. 

Figure 23-12 shows what really happens as air flows south 
from position A. If there were no rotation of the earth, it 
would arrive at point B. However, the earth’s rotation at the 
latitude of point A gives the air two velocities—a velocity 
V, southward and a velocity V, eastward. The resultant of 
these two velocities is the true velocity of the flowing air 
and is indicated by V. We might think that the wind at B 
would be from the northwest because the final velocity of 
the southward flowing air has an easterly component, but it 
does not, for the earth too has been turning. While point A 
was moving to point A’ on Fig. 23-13, point B was moving 
to point B’. The southward flowing air maintains its east- 
ward component and flows south and east, but it does not 
move east as fast as the earth at point B, so, lagging behind, 
it arrives at point A”. Notice that point B is directly south 
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Fig. 23-10. The incoming and outgoing 
radiation at each latitude. 


North pole 


South pole 
Fig. 23-11. An idealized convection current 
caused by the unequal heating 
of the earth. 


Heat in Natural Processes: | 


North pole North pole 
A 
8 
Equator Equator 
Fig. 23-12. Air moving from north to south Fig. 23-13. While the air was moving south 


in the Northern Hemisphere. 
The earth’s motion causes this 
air to have two velocities—one 
southward, V., and one east- 
ward, V,. The resultant velocity 
is the vector addition of these 
two velocities, V.. 


of point A, and B’ is south of A’. So to a person at B or B’ 
the wind is blowing from the northeast. Notice that in the 
Northern Hemisphere the deflection of the wind has been 
to the right. 

Suppose now that some air is flowing from the equator 
north to latitude 30°. If at the equator the air is still, it must, 
of course, be moving just as fast as the earth at that point— 
1033 mi/hr. At latitude 30°, the earth’s surface has an east- 
ward movement of approximately 894 mi/hr. If we neglect 
the friction of the earth and other modifying factors, this 
means that the speed of the air at the equator would be 
1033 — 894 or 139 mi/hr greater than at latitude 30°. As 
the equatorial air flows northward, it will be going faster 
than the earth at latitude 30° and will blow not from the 
south but from the southwest (Fig. 23-14). Again we notice 
that in the Northern Hemisphere the deflection of the wind 
due to the earth’s rotation is to the right, which is always 
the case in the northern half of the earth. In the Southern 
Hemisphere, the air is deflected to the left. This deflection 
is known as the Coriolis effect and is, of course, dependent 
upon the latitude and the velocity of the wind. 

As air flows south from the north polar region, it deflects 
to the right and produces the northeast winds found in the 
Arctic, Approaching the equator, it results in the northeast 
trade winds, which helped bring Columbus across the At- 
lantic (Fig, 23-15). With our knowledge of the modifying 
effect of the earth’s rotation on air movements, we can now 
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the deep Atlantic. Of course, the surface water of the Medi- 
terranean must be replenished, and the Atlantic supplies 
most of the water for this purpose, as is evidenced by the 
fact that water flows in through the surface of the straits at 
a rate of 2.3 mi/hr. 


23-14 Oceans and the Weather 


As we have seen, the basic cause of all air flow is a dif- 
ference in temperature. When the land is warm and the ad- 
jacent ocean is cool, as is usually the case on a summer day, 
a convection current is set up as in Fig. 20-6. The air over 
the land is heated and rises while that over the cooler water 
becomes colder and more dense and falls. The cool air then 
flows inland to take the place of the rising air, and this ac- 
counts for the sea breezes that blow inland during the day 
in many coastal regions. The process is reversed when the 
water is warm and the land cool. The air over the water is 
warmed and rises and the flow of air is from the land to the 
water, which accounts for the land breeze often found at 
night along coastal regions. 

These convection currents are the means by which large 
quantities of heat are exchanged, and they are partly re- 
sponsible for the moderate temperatures that are found in 
coastal areas. While inland average temperatures may vary 
by as much as 62°F from winter to summer (as in Bismarck, 
North Dakota—January 8°F, July 70°F), the average tem- 
peratures in Seattle, which is near the ocean, at the same 
latitude vary from 41°F in January to 66°F in July, a dif- 
ference of 25°F, We have already seen how the climate of 
the western United States is modified by the moist air com- 
ing from the North Pacific. As this air sweeps inland, it must 
rise across the Cascades or Sierras, which cause it to drop 
much of its water and in the process to release heat. Along 
the western shore line of North America, the moderate 
coastal climate extends only over the relatively narrow belt 
between the Pacific and the mountains. In Europe, however, 
there are no coastal mountains, so the coastal weather is 
carried hundreds of miles inland and thus modifies the cli- 
mate over great areas of that continent. 


23-15 Summary 


The sun, 93 million miles away, is the source of practically 
all the energy presently available here on earth. The body 
of the sun is composed largely of hydrogen and helium. The 
surface of the sun is made up of three parts: the 200-mile 
thick photosphere, which is what we ordinarily see; a 5000- 
mile thick chromosphere; and the outermost nebulous corona 
seen only during an eclipse or with special apparatus. 
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The greenhouse effect depends upon this principle: short- 
wave radiation can penetrate the atmosphere and be ab- 
sorbed by the earth, but the long-wave radiation of the earth 
cannot penetrate the atmosphere and so is trapped. A sec- 
tion of the atmosphere especially enriched with ozone, the 
ozonosphere, together with water vapor, limits the amount 
of ultraviolet radiation that penetrates the atmosphere, while 
water vapor and carbon dioxide limit the escape of long- 
wave radiation from the earth. These two processes thus 
establish the heat balance of the atmosphere. 

The mass of water vapor per unit volume in the air is the 
absolute humidity. At any given temperature, the maximum 
value of the absolute humidity is the saturation humidity, 
whereas the ratio of the absolute humidity to the saturation 
humidity expressed in percentage is the relative humidity. 

Since warm air can hold more moisture than cold air, 
whenever air is cooled there is an increase in the relative 
humidity, possibly to the point where saturation and rain 
occur, When air that is relatively clear and dry rises or falls, 
the change in temperature per unit change in elevation is 
called the dry adiabatic lapse rate. If the air is undergoing 
condensation of some of its moisture during the change in 
elevation, the change in temperature per unit change in ele- 
vation is known as the moist adiabatic lapse rate. The heat 
derived by a rising air mass from the condensation of water 
vapor allows it to return to an equivalent elevation, warmer 
and drier than before. 

The areas from which large air masses originate are known 
as source regions, and the forward moving edges of these 
air masses are known as fronts—cold fronts or warm fronts 
depending upon which type of air they precede. The move- 
ment of these air currents across the earth is affected by the 
rotation of the earth and the resultant Coriolis effect, which 
deflects winds to the right in the Northern Hemisphere and 
to the left in the Southern Hemisphere. 

The global circulation of the atmosphere that is powered 
by exchanges of heat energy greatly affects the circulation 
of the oceans, Because the mass of the oceans is so great 
and because the specific heat of water is much greater than 
that of air, the oceans transport the major share of the heat 
energy that makes large areas of the earth habitable. 


EXERCISES 
A. KEY TERMS TO REMEMBER 


absolute humidity dry adiabatic lapse rate polar front 


chromosphere greenhouse effect relative humidity 
cold front insolation saturation humidity 
Coriolis effect moist adiabatic lapse rate source region 
corona photosphere warm front 

dew point 
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B. QUESTIONS ABOUT HEAT IN NATURAL PROCESSES: I 


1. Which of the short-wave processes in Fig. 23-4 cause the 
sky to appear blue? 


2. In Fig. 23-4 show that the amount of energy radiated from 
the planet earth is the same as that which the earth receives. 


3. At the surface temperatures existing on some of the outer 
planets, it is possible that ammonia (NHa) or methane (CH,) are 
in the liquid state. Outline what you think would be the diffi- 
culties of having a system of life based on either of these chem- 
icals rather than on water, as it is on the earth. 


4, In Fig. 23-10 it appears that the outgoing terrestrial radia- 
tion exceeds the incoming solar radiation. Is this actually true? 
If your answer is “no,” how do you expiain the graph in the light 
of such an apparent contradiction? 


5. Suppose that you were in charge of an interplanetary rocket 
launching project. If the rocket were fired from your locality 
vertically upward, what eastward velocity component would it 
have? 


6. Predict the rainy areas of the world by looking at a map 
that shows little more than where mountains exist. 


7. In discussing Fig. 23-6, we said that the temperature on the 
“back side” of the mountain was warmer because it was drier. 
Should we simply have said it was warmer and drier? Explain. 


8. How can the relative humidity be only 90 per cent when 
it is raining? 

9. Suggest several regions where descending air is common- 
place and give the reasons why the air is descending. 


10. Why is the moist adiabatic lapse rate less than the dry 
adiabatic lapse rate? Although this was not discussed, why would 
you expect this lapse rate to be variable? 


G. PROBLEMS ABOUT HEAT IN NATURAL PROCESSES: I 


1. What is the relative humidity of air at a temperature of 
25°C if moisture just condenses on a glass that contains water at 
a temperature of 10°C? 


2. If air has a temperature of 25°C and a relative humidity of 
62 per cent, approximately how much water will condense per 
cubic meter if the air temperature is reduced to 5°C? 


3. If a dry-bulb thermometer reads 71°F and the relative hu- 
midity is 45 per cent, what will be the reading of a wet-bulb 
thermometer? Ans. 58°F, 


4. Air at sea level at a temperature of 73°F has a dew point 
of 55°F. Suppose this air moves up the side of a mountain range 
to an elevation of 8000 feet and then drops down the back side 
to sea level again and that the dry adiabatic lapse rate is 5% F/ 
1000 ft, the moist adiabatic lapse rate is 2% °F/1000 ft, and the 
dew point decreases 1°F/1000 ft. Determine: 

a. The elevation of the base of the clouds formed as the air 

rises, 


476 


Heat in Natural Processes: | 


b. The air temperature and the dew point at 1000-foot inter- 
vals up and down the mountain. 

c. The elevation to which the air would have to be raised in 
order to produce snow. 

d. Approximately how much moisture is condensed per cubic 
meter from the air mass by the time it reaches the crest of 
the mountains, 

e. The elevation at which the air has the lowest relative hu- 
midity. 

f. The elevation or elevations at which the air has the highest 
absolute humidity. 


5. In Fig. 23-6, to what elevation would the air have to be 
raised in order to produce snow? Ans. 9333 ft. 


6. Determine the average annual rainfall for your location. 
From this determine the approximate amount of heat in Btu’s that 
are delivered each year to the air over each square foot of the 
earth at this point. 


7. Explain what would occur in your backyard if the air tem- 
perature were 45°F, the dew point 40°F, and the ground temper- 
ature 38°F. Assume the sky is clear and there is little or no wind. 


8. Explain what would occur in problem 7 in the following 
case: air temperature, 34°F; dew point, 31°F; ground tempera- 
ture, 29°F; clear air, no wind. 


9. Figure 23-20 represents a valley with changeable air tem- 
perature and humidity conditions. Explain what would happen in 
each of the following cases: 


a, A—46°F air temp. b. A—34°F 
B—44°F B—36°F 
C—42°F C—38°F 
D—40°F D—40°F 
E—38°F E—42°F 
F—36°F F—44°F 

dew point 40°F dew point 38°F 


Fig. 23-20. A valley with variable condi- 
tions. 
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AY of us who have seen hot springs or geysers or the evi- 
dences of volcanic activity must have guessed that the 
center of the earth is very hot. The fact is, however, that 
we know very little about the center of the earth—what its 
pressure is, its temperature, or exactly of what it is made. 

Explorations into the earth by mining and drilling opera- 
tions have given us some widely differing figures for the 
temperature change with depth inside the earth. In one of 
the deep oil wells in California the temperature at a depth 
of 16,000 feet is 400°F. In some places the increase in tem- 
perature is as high as 1°F in 30 feet, but in South Africa it 
is 1°F in 250 feet, So while there are great differences in the 
temperature gradient in various localities, a statistical evalu- 
ation of all the data leads to the conclusion that the average 
temperature gradient is about 1°F per 60 feet. 

The fact that we know the temperature gradient in the 
earth, within some limits, gives us an opportunity to esti- 
mate the temperature at the earth’s center. In doing this we 
must extrapolate. If we assume that the rate of temperature 
change remains constant throughout the earth, we find that 
this leads us to the seemingly impossible temperature of 
350,000°F. When we think of the temperatures of the sun 
and recall that the “flaming” surface of the photosphere is 
only 6000°C or 10,000°F, it seems certain that our extrap- 
olation is invalid, We should have some reservations about 
this procedure anyway, for we have seen that the tempera- 
ture gradient at different parts of the earth varies widely. 
Since this is so, it is all the more unlikely that the tempera- 
ture gradient remains constant throughout the great distances 
and variety of materials to be found between the surface 
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and the center of the earth. It is probable, too, that as the 
pressure on the rocks changes with depth, the heat-conduct- 
ing properties of the rocks also change. And the fact that 
the interior of the earth probably contains a higher percent- 
age of metallic elements than the surface, also might change 
the heat-conducting properties of the earth’s center. Since 
we have direct evidence of the earth’s temperature gradient 
in only a few places and to a maximum depth of only 1/1300 
of the earth’s radius, extrapolation appears to be a poor 
method to determine what the temperature is at the center 
of the earth. 

The more trustworthy evidence from earthquakes (that 
is, seismological evidence) indicates that the rocks behave 
pretty much as a solid to a depth of 1800 miles. If this is 
the case, the temperature at this depth must be less than the 
melting point of the rocks under the pressures existing there. 
This, of course, poses the new problem of determining the 
temperatures at which rocks will melt under these enormous 
pressures, We shall have to learn a great deal more about 
the earth and the material of which it is composed before 
we can answer with certainty the question, “What is the 
temperature at the center of the earth?” It may seem strange 
that we know so little about the interior of the earth upon 
which we spend our lives, but we do not have to go far in 
science before we find out that the simple questions do not 
necessarily have simple or easily found answers. The best 
answer we can get at the moment from the experts is their 
estimate that the temperature at the center of the earth is 
between 2000°C and 5000°C. 


24-1 Sources of the Earth's Heat 


When we try to determine the source of the earth’s heat 
we also face some difficult problems. The old theory was 
that the earth is in the process of cooling down after its 
formation from the sun. This theory supposes that the earth 
was originally at the sun’s temperature but has since cooled 
and formed a hard crust around a still intensely hot core. 
Just how much heat is being conducted away from the core? 
When we measure the heat conductivity of the rocks of the 
earth and use an average temperature gradient, we find that 
the average heat flow is 1.2 X 10 cal/em*/sec. Although 
this is not large, it is nonetheless much more than all the 
heat brought to the surface by the earth's volcanoes. This 
amount is too small to have much effect on surface tempera- 
tures, however, since solar radiation supplies about 3500 
times as much heat. 

The discovery of radioactive materials—uranium, thorium, 
and radium—which give off heat continuously, has compli- 
cated the picture and introduced a new theory about the 
source of the earth’s heat. Granite contains many different 
elements and among these are three that contribute to the 
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Earth's surface 


10-———Continental rocks, some sedimentary and 


metamorphic but largely granitic. 
Average density = 2.8 g/cm? 


Basement complex. Underlies ocean basins. 
Largely crystalline basaltic types. 


Fig. 24-1. Cross-section of the earth. The 
mantle is approximately 1,780 
miles thick, is solid, and is com- 
posed of silicate material, pos- 
sibly (Mg, Fe) SiO, plus some 
FeS. Its mean density is 4.5 
g/ ems and it contains 67.8 
per cent of the earth’s mass. 
The core is approximately 2,150 
miles thick, has an average 
density of 10.7 g/cm, and con- 
tains 31.5 per cent of the earth’s 
mass, 


heating of the rock through radioactivity. There is 9 X 
10g of uranium in a gram of granite and also small quanti- 
ties of thorium and a radioactive isotope of potassium. It 
has been computed that the uranium in a 19-mile thickness 
of granite, by its natural radioactive decay, would supply 
an amount of heat equal to that flowing out of the earth, 
and this could certainly explain the heat of the earth, for 
this thickness of granite undoubtedly exists. However, the 
earth is 3958 miles in radius and if the radioactivity in 
granite is the source of the earth’s heat, we will have to as- 
sume that the radioactive materials are not distributed uni- 
formly but are concentrated largely in surface rocks, If they 
were distributed uniformly there would be much more radio- 
activity available for heating and much more heat given off 
than we actually find coming from our earth. Thus, if radio- 
activity is the source of the earth’s heat, it raises new prob- 
lems that are as yet unsolved. 

While radioactivity may be one answer to our question 
regarding the source of the earth’s heat, another proposal 
has been set forth based upon the high pressures that exist 
at the earth’s core. The familiar fact that gas is heated as it 
is compressed led early scientists to believe that the cooling 
and shrinking process undergone by the earth increased the 
pressure, and therefore the temperature, of the rocks at the 
center of the earth. If the earth is shrinking in size or in 
some other way increasing the pressure on its core, this may 
at least partially explain the source of the earth’s heat, The 
definite cause of the earth’s heat, however, will have to re- 
main, for the present, one of the great unanswered ques- 
tions of science, and perhaps the theories of the origin of 
the earth, which we will discuss in later chapters, will give 
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us the closest thing we have to an answer. When the answer 
is finally discovered, it will probably be found to be a com- 
bination of theories that have been contributed by scientists 
in many different fields of science. 


24-2 Magma and Molten Rock 


Magma is the name given to molten rock within the 
earth, When it appears on the surface we call it lava. In the 
early days of scientific investigation, it was thought that 
magma rose through tubes or zones of weakness from the 
molten interior of the earth. As we have seen, however, 
earthquake studies indicate that the earth reacts essentially 
as a solid to a depth of 1800 miles. It is hard to conceive of 
molten rock having to move so far in order to produce a 
lava flow or a volcano. Lava, therefore, must originate as 
magma not too far below the earth’s surface. Basalt rocks 
that melt at the surface at temperatures of 1250°C will melt 
at a temperature of approximately 1400°C at the higher 
pressures existing at a depth of 22 miles, and this is approxi- 
mately the temperature of lava as we find it. Since rocks at 
a depth of 22 miles still act as solids to earthquake shock 
waves, it is possible that temperatures at that depth ap- 
proach, but do not exceed, the melting point of rock. Only 
a little bit of heat needs to be added to the rocks, then, for 
them to melt and become fluid magma. 

In the melting of rock the same principles apply as in 
the cases considered in Chapter 22; that is, rock expands 
when heated and during melting, and an increased pressure 
makes it more difficult to melt and increases the melting 
temperature. An additional complication arises because melt- 
ing rock is a mixture of many materials and will not behave 
as a simple compound. It is known, for example, that granite 
has a melting point of 1100°C when it is completely dry, 
but when it is a mixture of 6 per cent water and 94 per cent 
granite, its melting point is 760°C. We can deduce from this 
that magma may have quite different melting points de- 
pending upon its composition. Possibly then, the movement 
of various gases and fluids throughout the interior of the 
earth can change the melting point and in itself set off the 
cycle that results in volcanic activity. The earthquake ac- 
tivity that often precedes the activity of a voleano may pro- 
vide channels by which water, gases, and other fluids may 
reach rocks near the melting point and, in combining with 
them, change their melting point so that liquid magma re- 
sults, The final explanation of the process by which magma 
is generated is unknown and forms still another great un- 
answered question of science. 

Quartz is one of the important minerals in granite and 
will serve to illustrate the melting process as it applies to 
any rock, We must remember that this is a single mineral 
as contrasted with magma, which is a mixture of many min- 
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erals, liquids, and gases. Quartz has a melting point of 
1470°C, and this temperature must be close to that which 
we would have to consider in the case of magma. With such 
high temperatures, the specific heat of quartz is not exactly 
the same as at ordinary temperatures. For instance, at 
1400°C the specific heat is 0.294 whereas at 100°C it is 0.237. 
Because of this difference in the specific heat, any graph 
that shows the total number of calories of heat contained 
in the system compared with the temperature will not be a 
straight line relationship, as we can observe in Fig. 24-2. 

We have already learned that to change a solid to a liquid 
we must add the heat of fusion to the material. Generally, 
rocks, including quartz, expand during the melting process, 
and this expansion, under pressure, takes additional heat. 
We should not be surprised, then, to find that the heat of 
fusion also varies with pressure. If we plot volume against 
temperature for the melting of quartz, we get the curve 
shown in Fig. 24-3. In order to change the solid quartz to 
liquid quartz, we have to add 59 calories per gram for the 
heat of fusion. Any additional heat added after the quartz is 
melted raises the temperature of the resulting liquid and 
causes it to expand, but before much additional heat is added 
to the liquid, convection currents will probably be set up 
within the liquid that will be effective in transporting the 
excess heat to other solid quartz or to the surrounding rock, 
causing it to melt. As a result, the extruded rock that comes 
from volcanoes and fissures should all be near the melting 
point and this prediction seems to be borne out by observa- 
tions around the earth. 


24-3 Intrusive Magmatic Activity 

Most of the movement of magma is within the earth and 
never seen by man. This movement in which the molten 
rock forces its way into and through cracks in other rock 
structures is called intrusive activity, and the rock structures 
that result are called intrusive formations. Only when ero- 
sion exposes these formations or man digs into the earth 
far enough does he find the results of such movement. We 
will not attempt to name all the different types of intrusive 
formations, but there are some that we should know because 
they are so readily recognized and so common (Fig, 24-4). 
When magma has forced its way in between rocks that have 
already been formed into some type of layered structure, it 
is called a sill. A sill may be less than an inch or more than 
500 feet thick, but it is not considered a sill unless it is more 
than ten times longer than it is wide and high. By the way 
it is formed, we can see that a sill is made up of rock that 
is younger than the adjacent rock. 

Sometimes a large magmatic dome pushes up the strata 
into which it has intruded, and if such a formation cannot 
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be called a sill because of its lack of extent, it is a laccolith. Fig. 24-4. Intrusive geological formations. 
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Mexico, showing dikes radiating 
from the volcanic neck. (Fair- 
child Aerial Surveys, Inc., 
L.A.) 


This type of structure may be fed from its own volcano tube 
or may be a sort of blister on the top of a sill. 

If an intrusive mass cuts across the prevailing rock struc- 
ture or fills a fissure in pre-existing rocks, it is called a dike. 
Dikes are much the same as sills, except that they intrude 
right through the existing rock rather than parallel to it. 
Dikes come in various sizes, ranging in thickness from a frac- 
tion of an inch to hundreds of feet, while their length may 
be as much as 65 miles or more (Fig. 24-5). 

When magma moves through other rocks, the heat, the 
accompanying gases, and the chemically active fluids that 
accompany it act to change the neighboring rocks by both 
physical and chemical means into different rock structuring 
and sometimes into a material known as metamorphic rock. 
Marble is an example of such a rock that is produced by 
the action of great pressures and high temperatures on 
limestone. Intrusive structures have associated zones of meta- 
N morphism that sometimes contain concentrations of certain 
| minerals that have been removed from the parent rock by 
l the metamorphic agents and have been formed into the min- 
eralized veins sought by prospectors and mining geologists. 

In the Sierra Nevada mountains there are very large areas 
| of granite, an intrusive rock that in this instance has no 
apparent lower floor or surface. Such rock is called a batho- 
lith. We can distinguish between a laccolith and batholith 
by noting that the former has a definite floor. Batholiths are 
t often found in mountain ranges. The largest known batho- 
lith covers 100,000 square miles, forms the backbone of the 
} coast range of British Columbia, and extends some 1250 
i miles northward into Alaska. These large masses of rock are 

usually composed of granite, and this fact is thought by 
many geologists to be evidence that they were formed deep 
within the earth’s crust. Batholiths are usually located where 
there is strong folding of the mountains, but this does not 
| mean that the batholith produced the folding. As a matter 
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Fig. 24-5. Photograph of Shiprock, New 
J 
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of fact, it is equally possible that the folding of the moun- 
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Fig. 24-7, Determining the order of geo- 
logical events. 


geologic events, Careful study of Fig. 24-7, which provides 
a hypothetical cross section of a portion of the earth’s crust, 
will give you a much better understanding of geologic rea- 
soning. The numbers on the figure suggest the probable 
order of occurrence. 

The order of geological events in Fig. 24-7 may be de- 
duced as follows: 


1. Deposition of limestone Li in a deep sea. Li came 
before granite or Shi because it is intruded by the 
granite and is underneath the layer of shale. 

2. Deposition of shale Shi. Since shale is deposited 
nearér the shore, the sea must have become shal- 
lower, caused by the land rising. 

3. Deposition of sandstone Si. Deposited still nearer 
shore, land still rising. 

4, Deposition of limestone La. Zones of metamor- 
phism on either side of sill Si, would indicate in- 
trusion rather than a surface flow of Sir, Land must 
have again fallen. 

5-8. Deposition of Ci, Sə, Sha, and La, in this order. 

9. Intrusion of granite Gi as a batholith, which oc- 
curred some time after Li was deposited, but was 
probably a deep intrusion that took place after 
steps 5-8. 

10-11. Intrusion of dike Di and sill Si}. The basalt of the 
dike is younger than the granite. Tilting of beds 
and granite indicates possible mountain building 
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to the right, which was followed by weathering of 
the land. Land worn down to a relatively smooth 
surface called an unconformity. Hard and soft rocks 
are worn down to same elevation indicating a long 
period of erosion with the land at the lowest ele- 
vation of a water surface, probably sea level. 


12. Deposition of limestone Ly. 
13. Intrusion of dike Da. 

14-16. Deposition of Sha, Sa, and Shy. 
17. Intrusion of sill Sig. 
18. Intrusion of dike Ds. 


24-5 Types of Volcanic or Extrusive Activity 


If magma in its movement is forced above the surface of 
the earth, it is said to be extruded, and it makes its presence 
known in a number of ways. The most spectacular of these 
is probably the pyroclastic or cinder cone. These cones typi- 
cally consist of cinders and fragments of rock that are thrown 
upward and solidified while still in the air. The cones are 
relatively small (seldom exceeding 1000 feet in height), and 
their sides are sloped as steeply as possible without sliding. 
There are many examples of this type of volcanic activity 
in our western states. In the San Francisco mountains, just 
south of the Grand Canyon of the Colorado, there are over 
200 of these cinder cones (Fig. 24-8). The Mexican volcano, 
Paricutin, is a recent example of this type of magmatic ac- 
tivity. The formation of this cinder cone dramatically took 
place in the presence of Dionisio Pulido, who at noon on 
February 20, 1943, while plowing his cornfield noticed a 
thin wisp of smoke rising from one of the furrows. By four 


Fig. 24-8, An aerial view of cinder cones 
north of Flagstaff, Arizona. 
(Fairchild Aerial Surveys, Inc., 
Los Angeles) 
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o'clock that same afternoon dense clouds of smoke were ris- 
ing, and explosions occurred. every few seconds, Five days 
later the cone was 300 feet high and after a year it had grown 
to 1400 feet. Two days after the start of the eruption, lava 
flowed from a fissure about 1000 feet north of the cone, and 
fifty days later this flow had advanced about a mile. The 
activity ceased after nine years and Paricutin became just 
one of the many dead cinder cones that are found in the 
vicinity. Geologists believe that the eruption of this volcano 
was typical of many that have occurred in the geologically 
recent past in the western United States. 

Another type of volcano cone results from the quiet ex- 
trusion of lava. When lava flows are piled one on top of 
another around a central vent, they form a shield volcano, 
Mauna Loa, one of the largest of these structures, rises from 
the floor of the Pacific nearly 6 miles to its crest, and its 
lavas cover some 2000 square miles at sea level and form 
more than 50 per cent of the island of Hawaii. The slope of 
the sides of a volcano is governed by the viscosity of the ex- 
truded lava. If the lava is very fluid, the volcano will have 
a very gentle slope, whereas if the lava is thick and viscous, 
the volcano will have steeper sides. Since the viscosity of the 
lava depends upon its chemical composition and its tempera- 
ture, the slope and profile of a shield volcano are the result 
of a complex series of circumstances. These volcanoes usu- 
ally form gently rising domes with slopes ranging from 2 to 
10 degrees. 

Very often these two types of activity are combined. A 
volcanic vent may periodically erupt, spreading cinders, ash, 
and other pyroclastic material over its sides, and later, or 
sometimes even associated with this eruption, lava may flow 
out of fissures along the sides of the volcano. This combina- 
tion of explosive ejection and quiet flow produces what is 
known as a composite cone, and these cones form some of 
our most beautiful mountains. Mt. Fujiyama in Japan, the 
volcano Mayon in the Philippines, Mt. Rainier (Fig. 24-9), 


Fig. 24-9, The crater of Mt. Rainier, 
Washington. (Boeing Airplane 
Co.) 
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Mt. Adams, Mt. Hood, Mt. Shasta, and others of our own 
Cascade Mountains are examples of composite volcanoes. 

Sometimes a very fluid type of lava, called a fissure flow, 
pours out from cracks in the earth’s surface and flows like 
a river, following valleys, filling depressions, and leveling the 
contours of the countryside, Nearly the entire eastern half of 
Oregon and Washington, much of Idaho, and parts of Ne- 
vada and California are covered by such a flow. Although 
these flows are geologically important and cover hundreds of 
thousands of square miles of the earth’s surface, only one 
authenticated fissure flow has occurred within historical 
times. On June 11, 1783, there were immense outpourings of 
lava along a 10-mile fissure in Iceland. This flow, which had 
been preceded by a series of earthquakes centering near Mt. 
Skaptar, poured into the valley of the Skapta River, dried it 
up, and dammed its channel (which had been from 400 to 
600 feet deep). Within a week a second flow took place, and 
on August 3 of that year a third flow occurred that filled a 
lake and oozed across the countryside in tongues up to 15 
miles wide and 100 feet deep. Some flows extended more than 
25 miles before the lava cooled and began to choke off the 
fissure, and as it began to clog up, 22 small cones formed 
along its length. Spewing forth gases and globs of molten 
lava, these cones relieved the last of the pressure, and the 
activity died away. 

Occasionally a volcano that has already formed a sizable 
mountain will undergo a violent eruption that leaves a great 
circular pit known as a caldera. Some calderas are formed 
by gigantic eruptions that literally blow the top off the 
mountain, although most explosion calderas seldom exceed 
one mile in diameter. Other calderas, such as that at Kilauea 
in the Hawaiian Islands, result from a subsidence of the level 
of the magma beneath the crater or along a circular fracture. 
Some larger calderas, however, have a more complex origin. 
Crater Lake in southern Oregon is thought to have resulted 
from both a gigantic explosion and a subsidence of the sup- 
porting magma. The crater, which, of course, is not the 
eruption crater of a volcano at all, is over 5 miles in diameter 
and some 4000 feet deep. The lake in the caldera is 2000 feet 
deep, and the fractured walls rise another 2000 feet above 
the lake surface. From the probable shape of the original 
Mt. Mazama (which is the name given to the pre-caldera 
mountain) and the present outline of the lake's rim, it is 
estimated that some 17 cubic miles of material were blown 
out or drained away when the caldera was formed. An island 
now jutting out of the lake is obviously a cinder cone of 
geologically recent origin, and a lava flow has been found 
on the bottom of the lake, indicating that the mountain was 
active after the major eruption and subsidence. 

It seems certain that the behavior of magmas must be re- 
lated, among other things, to their chemical compositions. 
Table 24-1 summarizes the composition of two different 
lavas, known as “acid” and “basic,” although this is not di- 
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rectly related to pH in the sense the term was used in Chap- 
ter 15. Lavas are considered “acid” if they have more than 
60 per cent of SiO, and “basic” if they have les than this 
amount of SiO, in the free state or in combination, No simple 
correlation exists between these percentages and the prop- 
erties of the emerging lava, since the various minerals that 
make up the magma will have differing melting points, and 
crystallization of some minerals will occur in the magma 
chamber or the conduit, As a result, the character of the 
eruption and any resulting lava will not be determined by 
the bulk chemistry, but almost exclusively by the composi- 
tion of the emerging portion of the lava. 


ran 24-1 


The viscosity of the Java is one of the major factors con- 
trolling the character of the eruption, In cases of a low vis- 
cosity, gases can readily escape from the magmatic material 
so that little explosive material is produced, There is more 
explosive loss of the volatile materials as the magma becomes 
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the explosions, Table 24-2 summarizes these changes in prop- 
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enough heat to start the cycle all over again. Just as there 
are all sorts of people so there are all sorts of volcanic moun- 
tains, and the behavior of many of them varies from that 
we have described. Nevertheless, the activity of volcanoes 
depends upon variables that we can largely measure, and 
there is hope that as we learn more about these fascinating 
mountains we may be able to predict their eruptions and 
possibly even control them. 


24-7 Types of Ejected Magmatic Material 


Many types of material are ejected from volcanoes. Dust 
and ashes, of course, are thrown upward, sometimes to a 
great height, but we should be certain when we speak of 
volcanic ash that we are not referring to the products of 
true combustion, for there is little real burning associated 
with the crater of a volcano. During the eruption of Kraka- 
toa in 1883, when four cubic miles of material were blown 
skyward, the dust rose to a height of 17 miles, so high that 
it spread completely around the earth. It is known to have 
affected the sunset coloring and to have reduced the 
amount of solar radiation arriving at the earth for a period 
of more than three years. As early as 1783 people noted a 
connection between volcanic eruptions and the weather. 
During that year the volcanoes Asama in Japan and Laki 
in Iceland erupted with violence, and the immense amounts 
of volcanic dust they shot into the upper atmosphere ap- 
parently reflected so much of the sun’s radiation that the 
following winter was one of the most severe on record in 
North America and Europe. The following summer, average 
temperatures dropped further than they did during the next 
150 years. One of the country’s early scientists, Benjamin 
Franklin, published a description of some of the phenomena 
that resulted from these eruptions and speculated on the 
possible connections between volcanic eruptions and the 
weather, 

Particles too large to be called volcanic dust are called 
lapilli, and still larger bits of matter are called volcanic 
bombs. Bombs are streamlined rocks that are blown into the 
air while molten and then cool and harden while under the 
influence of air friction. When we see a motion picture of a 
volcano in eruption, we can often see the volcanic bombs 
being formed. As the material is thrown upward, its color 
shows that it is very hot and probably fluid, and as it tra- 
verses its path through the air, we can watch its color change 
from a bright red or orange to darker shades and finally 
to black, which indicates that the erupted material has hard- 
ened. The change in color with temperature that we witness 
here is another illustration of the information incorporated 
in Fig, 12-6. 

The bombs and the fragmented material usually fall near 
the volcanic vent and tend to build up a cone. The lighter 
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materials, more affected by the wind, are blown farther from 
their source. Dust showers from volcanoes may be heavy 
enough to be very destructive to plant and animal life, but 
after this dust falls to the ground, weathering may change it 
into a very rich soil, Farms in volcanic regions extend right 
up the sides of volcanoes to take advantage of this fertile 
volcanic earth, 

In the year 1902, Mt. Pelée on the island of Martinique in 
the West Indies erupted with explosive violence. Pent-up 
gases pushing against an old plug of hardened lava finally 
broke out sideways, blowing a great cloud of hot gas and 
molten lava down upon the city of St. Pierre. With the sud- 
den release of pressure, the gas within each fragment of lava 
expanded and escaped, forcing the cloud of debris, which 
was heavier than air, to roll downward at a speed of 60 miles 
per hour. Each of the fragments of rock was surrounded by 
the very hot gases that were escaping from its surface, and 
the whole mass descended abruptly upon the city, killing 
40,000 people. The type of debris that resulted from this gas- 
lubricated cloud has been recognized in many other locali- 
ties, including our own Crater Lake. Since the unsorted 
nature of these deposits had been very difficult to explain, the 
eruption of Pelée gave geologists a chance to study their 
formation and find a satisfactory explanation of their origin. 
Such a cloud is now known as a peléan cloud, and the re- 
sulting unsorted material is called nuée ardente (“glowing 
cloud”). 


24-8 The Earth’s Heat and Human Affairs 


Volcanoes are not solely destructive. As we have learned, 
the soil that results from volcanic eruptions is apt to be very 
fertile and productive. In Latin America the most fertile 
land is that created by volcanoes, and in Europe vineyards 
grow high on the slopes of Vesuvius and Mt. Etna. 

In Italy, in northern California, and in Java the heat of 
the earth is being used to produce power. Man has for ages 
collected the chemicals that are deposited along the sides of 
gaseous vents, or fumaroles, near volcanoes, and not so long 
ago there was active mining of sulfur in the crater of Mt. 
Adams in the Cascade Range. The Italians for years have 
been utilizing the boric acid and carbon dioxide that are 
brought up in certain of the steam vents in their country, 
and at present they have a number of power plants convert- 
ing the energy of the escaping steam into electrical energy. 
As man uses increasing amounts of energy, he may have to 
turn more and more to some such source to supply his vast 
energy needs. 

Men’s beliefs are often strongly influenced by the environ- 
ment in which they live. The peoples around the Mediter- 
ranean Sea, who were certain that the inside of the earth 
was molten and very hot, because of the volcanic activity 
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in their area considered Hell to be an oven of fire and brim- 
stone, Men living in the Arctic, on the other hand, feared 
that their after-death punishment for evil doings would be 
exposure to the eternal cold. 

‘The eruption of Vesuvius in a.n, 79 has been of immense 


were covered by large quantities of dust three days after 
If one of our Cascade volcanoes erupted with 
force, the sound of the explosion would be heard 
and if one of the old volcanoes near 
Mexico, exploded with a similar force, the 
be heard as far away as New York City, The 
in Iceland in 1783 killed over 9000 people and 
either directly under the lava streams or in- 

and the famine that resulted from 
crops and the poor fishing. And so we can 
* — volcanic activity works both 
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down a valley, the sides and bottom are in contact with the 
earth and cool and solidify more quickly than the rest of 
the flow, The surface also cools rather rapidly for it can lose 
heat readily by radiation and convection, leaving the inside 
still molten and able to flow, When the stream of lava is 
finally stopped at the source, the flow at the far downhill 
end may still continue drawing lava between the solid wally 
that have formed around the outside, as in Pig. 24-11 As a 
result, lava flows are often left with a hollow tube through 
them. Occasionally the tops of these tubes cave in and we 
can explore the length of the tubes, some of which extend 
for more than a mile through a flow, We may find ice in a 
few lava caves from New Mexico northward, even when the 
weather outside is quite warm. See if you can work out an 
explanation for the occurrence of this ice from what you al- 
ready know of the behavior of air and water, 


Vig. 36-11, eren of è bve tube or 
save 


24-10 Volcanic Activity in Continental 
United States 


The only large-scale volcanic activity that has taken place 
within recorded history inside the continental United States 
was the eruption of Mt, Lassen (Fig. 24-12) in northern 
California in 1914-15, During this eruption, a very large 
blast blew out horizontally from beneath the lava plug of 
the volcano, causing great destruction of plant and animal 
life in the immediate vicinity but no loss of human life, Mt 
Lassen has several thermal areas associated with it in which 
hot springs and fumaroles abound, but there seem to be no 
signs of recurring activity of the mountain itself, During 
the days of the Gold Rush, many reports circulated of a large 
fire that lasted for a number of days to the north in the 
vicinity of Lassen Peak, Since there are recent lava flows 
and a cinder cone in the region described, we may speculate 
that it was the eruption of one of these cinder cones that 
was reported by the early California miners. 

In the state of Washington, fairly substantial records re- 
port activity on the part of Mt. Baker in the 1550s. Mt 
Rainier, which has a crater nearly half a mile in diameter, 
issues jets of steam from vente in its crater, and it too is 
reported to have been active in pioneer days around 18⁴³ 
Sailors coming into the mouth of the Columbia River about 
1541-42 accurately reported an eruption of Mt, St Helem: 
that occurred at that time. Mt. Hood abo has a record of 
activity in 1859 and 1865, and even today mountain climbers 
and skiers often notice the odor of sulfur fumes near Crater 
Rock on the mountain. There are numerous lava Bows in Pig. Seit Mi. Lasen, eee, the siy 
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which stand as reminders of how short a time has elapsed 
since our western states were an actively volcanic region. 


24-11 Hot Springs and Geysers 


The hot springs in this country are located predominately 
in the western states. There are over 1000 such springs in 
the West, 46 in the Appalachian Highlands of the East, 6 in 
Arkansas, and 3 in the Black Hills of South Dakota. The 
western thermal springs commonly get their heat from con- 
tact or close association with hot magma. As ground water 
descends, the thermal gradient is quite high owing to the 
presence close to the surface of remnants of hot intrusive 
rocks. The heated water rises and appears as a spring, geyser, 
or fumarole. Some of the springs in the eastern United States 
result from a special condition of ground water circulation. 
Apparently the ground water can find a path deep enough 
into the earth to be heated by just the normal rise in tem- 
perature that is found in the earth’s crust. At Warm Springs, 
Georgia, the water is thought to seep downward to a depth 
of 3800 feet, and it is warmed approximately 1°F every 100 
feet it descends, The warmed water becomes less dense than 
the descending water and therefore rises to the surface where 
it emerges as hot springs. 

When the supply of water is insufficient to carry away the 
heat that is acquired, the water may turn to steam and pro- 
duce a steam vent or a fumarole. If the amount of water is 
sufficient to carry away the heat but not enough to overflow 
the outlet basin, the hot water may dissolve the sides of its 
basin and result in a cloudy or turbulent spring, As the water 
decomposes more of the rock material around the sides of 
this spring, it becomes more fully charged with rock dust 
and in an extreme case may produce a mud pot. If by any 
chance the ground water becomes charged with carbon di- 
oxide through contact with volcanic gases, it may appear 
as a carbonated spring. When this hot carbonated water rises 
through limestone layers, it will readily dissolve the lime- 
stone and bring the dissolved calcium carbonate to the sur- 
face where the water will evaporate, lose its load of dissolved 
material, and build up masses of rock known as travertine. 
This is the origin of Mammoth Hot Springs in Yellowstone 
National Park. 

Of greatest interest among hot springs, however, are the 
periodically erupting ones that are known as geysers. If the 
hot carbonated water rises through rock containing large 
quantities of silica, the deposited material that builds up 
near the mouth of the spring is hard rock called geyserite. 
Because this rock is harder than travertine it can withstand 
the periodic explosions of hot water and steam. Geysers oc- 
cur on a large scale in only three regions of the world— 
Yellowstone National Park, Iceland, and New Zealand, There 
are great varieties of geysers and geyser activities; some 
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erupt only a few feet, whereas one in New Zealand once 
threw water to a height of approximately 1000 feet. Prob- 
ably the most famous geyser is Old Faithful in Yellowstone, 
which erupts to a height of 110 to 160 feet and blows out 
about 10,000 gallons of water during each eruption. Its regu- 
larity and beauty have endeared it to millions of tourists. 

The mechanism of a geyser eruption is not simple, but we 
can understand much of it from what we have already 
learned about the heat properties of water. We know that 
as the pressure on water is increased with depth, the boiling 
point of the water becomes much higher than it is on the 
surface. When the geyser tube is tortuous, so that the water 
cannot circulate freely in the tube, the temperature rises 
much faster near the bottom of the water column where heat 
is applied than at the top (Fig. 24-13), Eventually the water 
approaches the boiling point even at the high pressures ex- 
isting at the depths involved. As the water is heated it 
expands and some may spill out of the top of the geyser col- 
umn, causing the pressure on the remaining water to be 
lowered. With the lowering of pressure, the water finds it- 
self suddenly above the boiling point and much of it turns 
to steam, the sudden expansion of which pushes large vol- 
umes of very hot water out of the vent. Some of this water, 
too, may turn to steam as it finds itself at a much reduced 
pressure. The resulting eruption throws water and steam to 
varying heights above the land surface. After the water has 
expanded as steam and is cooled by contact with the air, it 
falls back into the geyser tube, is further cooled, and, trick- 
ling down the tube, causes the steam there to condense and 
leave a partial vacuum in the geyser chambers. Water from 
the surface and ground water then enter the geyser chambers 
under the force of atmospheric pressure, and the heating 
process starts all over again. 


24-12 Heat in Biological Processes 


Although we have been primarily concerned with heat 
in our physical environment, we have also found a number 
of places in the biological world where heat plays a vital 
role. A brief summary may help us to put them in the right 
perspective. In Chapter 20 we noted that the body must 
have a well-regulated and uniform temperature in order for 
the rate of chemical activity to be constant. The oxidation 
of food within the cells of our bodies is the source of this 
heat, and since the skeletal muscles constitute about one- 
half of the active tissue within the body and since they are 
the most active of the tissues, it follows that most of the 
heat is generated within these muscles. In our warm-blooded 
bodies, when the temperature drops to a colder level, the 
rate at which we use food (metabolism) is speeded up, and 
more heat is generated. If our body is not able to provide 
sufficient heat in other ways, we may shiver from increased 
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muscular activity, thus releasing additional heat. This act 
of shivering may increase the amount of oxidation within the 
body by as much as 400 per cent, and it serves as a powerful 
heat-producing activity. 

We have learned, too, that sometimes it is necessary for 
the body to give off excess heat. Whenever we are in an en- 
vironment where the temperature is near or above that of 
our body, it is essential for heat to be eliminated from our 
body in order for it to maintain a uniform temperature, Fail- 
ure to eliminate the heat in sufficient quantities may result 
in fever or heat exhaustion. The body has to make use of 
the three methods of heat transfer—conduction, convection, 
and radiation—that we have already studied in Chapter 20. 
An average-sized man will give off an amount of heat equiva- 
lent to that of a 60-watt electric light bulb while he is rest- 
ing. Most of this heat is lost through the skin (85 per cent), 
but some of it is eliminated through the lungs and by ex- 
cretions. In a properly heated room during the winter, as 
much as 50 per cent of the heat loss is accomplished by 
radiation, 25 per cent is lost by convection, and another 25 
per cent by evaporation. 

Most of us know that when our bodies are exposed to a 
cold environment, the blood does not flow as freely through 
the skin, and we all have seen the red face or flushed ap- 
pearance of a person when the temperature is high. As our 
body temperature rises, the blood vessels in the skin dilate 
while those in the abdomen constrict, and the blood is forced 
to flow in larger quantities to the skin, where the blood is 
cooled by radiation and convection. On a cold day, the re- 
verse takes place, and the warm blood is restricted in its 
circulation through the skin where it would lose heat readily. 

We have already investigated the importance of the evapo- 
ration of perspiration from the skin’s surface as a means of 
heat transfer, Convection and conduction also play an im- 
portant role in the control of body heat. As the relative hu- 
midity is increased, the amount of heat transferred to or 
from the body by these methods is also increased. At or be- 
low 65°F there is very little perspiration, and the body is 
cooled even when the humidity is high. For this reason, we 
find it easier to withstand cold weather when the amount of 
moisture in the air is small. Perspiration usually starts at 
temperatures above 70°F, and an excessive humidity de- 
creases the amount of evaporation and consequent heat loss 
from the skin. Between these two temperatures—65°F and 
70°F—the relative humidity appears to have little effect 
upon the heat loss by the body. The production of heat and 
the regulation of the body temperature is a delicate and 
complicated process involving many organs and tissues of 
the body, Although it is not well known, heat is also pro- 
duced in the bodies of cold-blooded animals and in plant 
tissues by the process of oxidation. In plants the heat is usu- 
ally dissipated quickly to the surroundings. 
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We can summarize the role of heat in biological processes 
by stating that all oxidation of food results in the release of 
heat energy. This heat tends to raise the temperature of the 
living organism and necessitates, in warm-blooded animals, 
a careful and complex mechanism for bodily temperature 
control. This heat energy that is released provides the ther- 
mal environment in which the proper degree of chemical 
activity essential for life can take place, and we might say 
that heat energy is the energy of life. 


24-13 Summary 


The temperature at the earth’s center, according to our 
most educated guess, is about 5000°C. Geologists generally 
believe that the earth’s heat is derived from several sources— 
the original heat left from the formation of the earth, the 
radioactivity of the earth’s materials, and the compression of 
the earth’s interior due to the gradual cooling and shrinking 
of the earth’s crust. 

Molten rock found within the earth is called magma, but 
if it appears at the surface it is known as lava. When the 
magma forces its way into and through cracks in other rock 
structures it is called intrusive activity, and the resulting 
rocks are known as intrusive formations. If the magma forms 
a horizontal layer, this layer is called a sill, but if the forma- 
tion forms a vertical structure cutting through the rock, it 
is known as a dike. Large bodies of intrusive rock may form 
a batholith if they have no apparent lower floor and extend 
over a large enough horizontal area; a smaller intrusion, 
which has a lower floor and succeeds in pushing up the over- 
head rock structures into large domes or even mountains, is 
known as a laccolith. 

As molten rock reaches the earth’s surface, the decrease in 
pressure allows any dissolved gases to expand and escape, 
resulting in the formation of an explosive volcano or a pyro- 
clastic or cinder cone. If the magma has a small amount of 
dissolved gas, the flow from a vent may slowly build up a 
shield volcano around the central vent. A combination of 
quiet flow and periodic explosions produces a composite 
cone. When lava is fluid enough to flow quickly from a fis- 
sure of some length, a fissure flow results. If a volcano suffers 
a major eruption, a large circular pit known as a caldera may 
remain. 

A volcanic eruption may eject so much dust into the at- 
mosphere that it profoundly affects the world’s weather for 
months or years. Small volcanic debris is known as lapilli; 
larger pieces may take a streamline shape and are known 
as volcanic bombs. If the volcanic rock contains large 
amounts of dissolved gas and solidifies quickly, trapping the 
gas in tiny bubbles within the rock, a very light, porous ma- 
terial results, which is known as pumice. If a volcanic erup- 
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16. In Fig, 24-14, was the land rising or falling while T and S 
were forming? 


17. Do you know of any effect that volcanic activity has had 
on music? literature? art? the beliefs of men? 


18. Why is the basement of a house usually cool during the 
summer? 


19. What properties of water make it especially suitable as the 
major fluid in a living organism? 


20, What properties of water make it especially suitable as a 
major fluid in an environment in which life is to exist? 


21. From Table 24-1 and your experience in chemistry, what 
do you consider the most significant difference in the composi- 
tion of the lavas to give them their “acid” or “basic” structure? 


C. PROBLEMS ABOUT HEAT IN NATURAL PROCESSES: II 


1, Verify that extrapolation would lead to a temperature of 
350,000°F at the earth’s center. 


2. What must be the average temperature gradient in the earth 
if the temperature at the center is 5000°C? 


3. Old Faithful throws out 10,000 gallons of water at each 
eruption. If this water were raised from 50°F to 180°F in 60 
minutes, how many Btu’s are transferred each minute? (1 gal = 
approximately 8 Ib of water.) Ans. 173,000. 


4. The lava flow that began two days after the start of the 
Paracutin eruption flowed at what average rate (ft/sec) for the 
first 50 days? 
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Radioactivity 


In Chapter 12 we saw briefly how the discovery of radioac- 
tivity provided the key to open the door to the inside of 
the atom. At that time we were chiefly concerned with the 
structure of the outer parts of the atom—the energy levels 
of the electrons and their effect upon the valence and other 
chemical properties of the elements. We investigated briefly 
the general constitution of the nucleus of the atom and saw 
that all the protons and neutrons are bound together in the 
tiny core of the atom. However, in order to appreciate the 
nature of the tremendous sources of energy locked within 
the atom, we must learn more about the nucleus. Let us re- 
view our earlier discussions of radioactivity and atomic 
structure and extend these remarks to a more detailed ex- 
amination of the atom’s nucleus. 

The modern picture of the atom reveals a strange domain. 
In the extremely small world of atomic dimensions, we have 
already encountered negatively charged particles (elee- 
trons), positive charges (protons), and particles having no 
charge (neutrons), The discovery of these particles spans 
the years from 1897 to 1932, from the early work of Crookes, 
who discovered cathode rays, through the work of scores of 
scientists to Chadwick’s discovery of the neutron, But much 
more is now known about the particles that compose the 
atom. In addition to the ones named above, several other 
particles have been found that are important to an under- 
standing of the nuclear atom. 

The electrons in the outer parts of the atom occupy definite 
energy levels, Each energy level may be occupied by a cer- 
tain number of electrons—two in the lowest level, eight in 
the second, eighteen in the third level, and so on. We found 


503 


Radioactivity 


that electrons may be elevated to higher energy levels if 
they are excited with sufficient energy, after which these 
electrons fall back to their stable levels. The energy that is 
released when these electrons return to their original levels 
appears as light quanta or photons having definite frequen- 
cies. It was through a study of the light emitted by these 
electrons, known as atomic spectra, that the various energy 
levels of the electrons were determined. This theory was 
called the quantum structure of the atom (p. 232). 


25-1 The Nuclear Atom 


The nucleus of the atom, we learned, contains all the pro- 
tons and neutrons of the atom. The arrangement and be- 
havior of these nuclear particles provide us with one of the 
newest frontiers in physical science. The fact that an atom 
of, say, gold contains 79 protons and 118 neutrons in a 
nucleus that is only 104 cm in diameter may cause us to 
wonder, How can so many positively charged particles exist 
in so small a space? If they are typical positive charges, 
they should repel each other mightily at such close ranges. 
Yet we know that the gold atom is very stable. 

There is general agreement among scientists that the par- 
ticles in the nucleus of the atom occupy energy levels and 
that these nuclear energy levels are analogous to the elec- 
tronic energy levels in the outer part of the atom. When 
there is a change between energy levels in the nucleus, the 
energy that is emitted is much greater than when electrons 
change levels. An electron when shifting energy levels 
may change in energy only a few electron volts, but energy 
changes in the nucleus are typically as large as a million 
electron volts (mev). From Equation 12.1, E = hn, we 
learned that the energy E of a photon is proportional to the 
frequency of the wave associated with the photon. A typical 
electron in making an energy level transition gives off en- 
ergy in the visible region of the electromagnetic spectrum. 
The energy changes in the nucleus, however, are possibly a 
million times greater. Thus, the photons emitted in nuclear 
changes have frequencies in the range of a million times that 
of visible light. Such frequencies may have wave lengths as 
short as 1.2 X 101 cm, corresponding to very short X rays, 
and these rays—called gamma rays—are, of course, the ex- 
tremely penetrating ones that are emitted in radioactivity. 
Gamma rays, therefore, serve to give us a measure of the 
energy changes that occur in the nucleus of the atom. 

The nucleus contains other particles besides protons and 
neutrons. In 1934, H. Yukawa of Japan proposed that the 
strong repulsive forces in the nucleus must be balanced by 
similar attractive forces, and he calculated that the nucleus 
must contain a negatively charged particle with a mass 
about 150 times that of the electron. Two years later, such 
a particle was actually discovered. It was called a meson, 
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at the time, but it is no longer classified as such, Since then 
several kinds of mesons—negative, positive, and neutral ones 
—have been found having masses slightly more than 200 
times that of the electron, The positron, discovered by An- 
derson at the California Institute of Technology, is a posi- 
tively charged particle that is essentially the counterpart of 
an electron. Figure 25-1 shows the paths of an electron and 
a positron in a cloud chamber, an instrument described on 
p. 514. That the two paths show similar but opposite direc- 
tions of curvature indicates that they have the same mass 
but opposite charges. The properties of some of these, along 
with those of other fundamental particles, are listed in 
Table 25-1. 

Many other mesons and other particles have been dis- 
covered, but their consideration, although interesting, lies 
beyond the scope of this book. 


TABLE 25-1 


25-2 Natural Radioactivity 


Following the discovery in 1898 by Marie Curie of the 
radioactive element, polonium, about fifteen natural elements 
have been found to be radioactive. The products of disinte- 
gration of all these elements are identical—the alpha particle, 
the beta particle (an electron), and gamma rays. There are, 
however, considerable differences among these elements in 
the manner or intensity of their radiations. Some elements 
give off alpha and beta particles quickly, whereas others de- 
cay only slowly. Furthermore, the energy of the emitted 
particle varies over a range and gives what might be called 
an energy spectrum. For instance, radium emits an alpha 
particle at 4.79 mev, while thorium emits an alpha particle 
at 7.20 mev. As a result of these two factors—the speed of 
decay and the energy of the emitted particle—the relative 
intensity of radioactive emission may vary billions of times 
between the most active and the least active radioactive ele- 
ment, A 

Radioactivity is the spontaneous decay of the atomic nu- 
cleus. There are no known means of speeding it up or slow- 
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Fig. 25-1. 


Cloud chamber paths produced 
by an electron and a positron. 
They originate near the bottom 
where a high-energy gamma ray 
has struck a thin sheet of lead. 
(Courtesy W. A. Fowler, Cali- 
fornia Institute of Technology) 


Radioactivity 


ing it down. If we were to examine a sample of a radioactive 


substance and measure the quantity or intensity of radio- 
activity that it shows over a period of time, we would find | 


that it gradually becomes less radioactive. A careful look at 
the curve in Fig, 25-2 reveals an important concept in radio- 
activity. In all radioactive processes the intensity of radioac- 
tivity falls off by what are known as half-life periods. A 
half-life period is the length of time for the intensity of 
radioactivity to fall to half the original amount. Thus, if we 
start with one gram of the radioactive element, after the 
half-life period only half a gram will remain. After the sec- 
ond half-life period, a quarter of a gram will remain, and 
at the end of the third half-life period only one-eighth of a 
gram will remain. The half-life period of radium is 1590 
years, and the half-life period of uranium is 4.5 billion years. 
This difference in half-life periods explains the difference in 
the intensity of the radiations emitted by these two elements. 
The half-life periods of other radioactive elements are noted 
in Fig, 25-3. 

An element that emits an alpha particle in effect loses two 
protons and two neutrons from its nucleus. The resulting 
atom has an atomic number two less than the original atom, 
and its mass is four units less. An element that loses a beta 
particle from its nucleus gains one in atomic number. This 
gain may be accounted for in this way: since there are no 
electrons in the nucleus, the beta particle is derived from 
the neutron, thus forming a proton. What actually occurs is 
one of the great mysteries in physics, but for our present 
purposes we might say that the process involves the hypo- 
thetical reaction: 


Neutron > proton + beta particle + neutrino 
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Fig. 25-3. The uranium-238 radioactive Bl n 8 
decay series. 
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Applying these concepts to uranium-238, let us follow the 
process of radiactive decay that eventually produces the 
stable element, lead. Figure 25-3 gives a detailed account of 
this process, U-238 first loses an alpha particle, then two 
betas, then successively five alphas, two betas, an alpha, two 
beta particles, and finally an alpha particle. The end product 
of this series of decay reactions is lead-206, a stable element. 

In addition to the uranium-238 series of radioactive decay, 
there are three other similar series, each of which ends with 
a stable element, usually lead. Apparently elements having 
atomic numbers greater than 82 and atomic masses greater 
than 206 have unstable nuclei. This means that a nucleus 
that contains more than 82 protons and 124 neutrons under- 
goes spontaneous disintegration, losing alpha and beta par- 
ticles until a stable nucleus is reached. 

It is interesting to note that there is a rather narrow range 
of atomic numbers and atomic masses that give elements 
with stable nuclei. This unusual characteristic is noticeable 
when we examine Fig. 25-4, which shows the isotopes of 
the elements that occur in nature. Very few of the lighter 
elements are radioactive, yet all of the heaviest elements are 
radioactive, and the unstable isotopes among the lighter ele- 
ments have a greater number of neutrons than do their stable 
cousins, There seems to be a certain regularity in the ratio 
of pr tons to neutrons in stable isotopes. You will recall that 
in Chapter 13 we found that isotopes having even atomic 
numbers and even numbers of protons are the most plentiful. 
Similarly, we find here that the most abundant isotopes are 
possessed by those elements of even atomic numbers, while 
the odd-odd isotopes are extremely rare. 


25-3 Nuclear Stability 


Now let us turn our attention to the problem of nuclear 
stability, What holds the nucleus together, why are certain 


Atomic number 


Fig. 25-4. Stable and unstable isotopes of 
the naturally occurring ele- 
ments. 
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isotopes unstable, and how much energy is involved in the 
decay of these unstable nuclei? First, what about the energy 
involved in the simple atoms of hydrogen and helium? 

A hydrogen atom, having a mass of 1.0081, contains a 
single proton in its nucleus. A neutron has a mass of 1.0090. 
If we hypothetically combine two hydrogen atoms with two 
neutrons we have the makings of a helium atom, the atomic 
mass of which is 4.0039. But if we add up the masses of 
these four particles that we have combined, we find a dis- 
crepancy: 


2 hydrogen atoms 2 x 1.0081 = 2.0162 
2 neutrons 2 x 1.0090 = 2.0180 
Total mass 4.0342 
Mass of helium atom 4.0039 
Difference 0.0303 


Here we find that there is a loss of 0.0303 mass unit per 
atom of helium formed from simple particles. Is there any 
way we can relate this mass loss to the energy of the nu- 
cleus of the helium atom? 

In 1905, Einstein developed his famous equation which 
showed the relationship between mass and energy. This 
equation, derived from purely theoretical deductions, has 
been experimentally proved in recent years, and we can 
therefore be reasonably assured of its validity. The Einstein 
equation is 

E = MC? (25.1) 

energy = mass times the square of the velocity of light 
In this equation, when the mass is expressed in kilograms 
and the velocity of light is expressed in m/sec (3 X 108 
m/sec), the energy is in units of joules. Thus, for each gram- 


atomic weight of helium formed from hydrogen atoms and 
neutrons, 0.0303 gram of mass is converted into energy: 


E = 0.0000303 kg X (3 X 10° m/sec)? 

E = 2.73 X 10"? joules = 6.52 X 10" cal 
This is an enormous amount of energy—millions of times 
that released in the most vigorous chemical reactions. 

From the above deduction, we may expect the helium 
atom to be much more stable than the two hydrogen atoms 
and two neutrons of which it is made. In fact, it is more 
stable by 2.73 X 10 joules. This quantity of energy ex- 
pressed in electron volts is equivalent to 28 million electron 
volts (mev). The energy, then, that holds the two protons 
and two neutrons together in the helium nucleus is 28 mev, 
or 7 mey per nuclear particle. This 7 mev is called the bind- 
ing energy of each particle in the nucleus of the helium 
atom—and is a measure of the energy that must be expended 
in breaking the attractive bonds in the nucleus. 

If we consider the nucleus of the oxygen atom, composed 
of 8 protons and 8 neutrons, we find a still higher binding 
energy. Hypothetically, the nucleus of the oxygen atom may 


508 


Radioactivity 


be made of 8 hydrogen atoms and 8 neutrons, the total mass 
of which adds up to 16.1360, Since the actual mass of the 
oxygen atom is 16,0000, the mass defect is 0.1360 mass units. 
This mass, when converted to its equivalent energy and di- 
vided among the 16 particles in the nucleus, gives a binding 
energy of 8.0 mev per nuclear particle. In a similar way, the 
binding energies of all the elements can be found. Figure 
25-5 shows the binding energy for many of the elements, and 
from this curve we may conclude that the elements from 
approximately mass 40 to 120 have the highest binding en- 
ergy and should have the most stable nuclei. Since this range 
includes calcium, iron, nickel, and many other stable ele- 
ments, our conclusion is dependable. On the other hand, we 
may expect to find those elements at the extreme ends of 
the curve to have the most unstable nuclei. Consequently, 
the lightest elements, hydrogen, helium, and lithium, can be 
expected to give up large amounts of energy when they fuse 
together to form heavier nuclei, and the heaviest elements 
release a great deal of energy when they undergo radioactive 
decay or other types of nuclear changes. 

Another way in which we may view the stability of the 
atomic nucleus of an atom is in terms of potential energy. 
The nucleus of the atom contains protons and neutrons, 
which, through some mysterious force, are tied together very 
securely in the nucleus of a stable atom. We might visualize 
these particles as existing in an energy well. The high walls 
of the energy well are a barrier to the escape of any particle 
from the nucleus (Fig. 25-6a). In a radioactive element, the 
particles in the nucleus exist at higher levels in the energy 
well of the nucleus, Consequently, a nuclear particle oc- 
casionally passes the energy barrier at the boundary of the 
nucleus, and after a series of such losses of high-energy par- 
ticles from the nucleus, the energy of the remaining particles 
subsides to a stable level in the energy well. 

Still another characteristic of the stable atomic nucleus 
is shown by those isotopes that are most abundant in na- 
ture. We find that among the most stable isotopes oceurring 
in nature (including those in the sun) are those of helium, 
oxygen, calcium, nickel, tin, barium, and lead. Of these and 
similar elements, the most stable ones are those that con- 
tain either 2, 8, 20, 28, 50, 82, or 126 neutrons or protons. 
There appears to be something mysterious about these num- 
bers. They point toward some kind of relationship within 
the nucleus about which we may merely make some reason- 
able guesses. One of these guesses is that these numbers 
represent completely filled energy levels, like the electronic 
energy levels in the outer part of the atom. 


25-4 Artificial Transmutation 


Ever since ancient times, man has sought the means of con- 
verting one element into another. History records many un- 
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successful attempts to convert lead to gold, but these early 
efforts were doomed to failure because they were based upon 
chemical reactions in which the energy changes are far too 
small to produce nuclear changes. We know now that, in 
order to change one element into another, we must change 
the number of protons in the nucleus of the atoms of the 
element. This requires considerable energy because of the 
large energy barrier at the boundary of the nucleus. 

Suppose we wish to convert nitrogen to oxygen, which re- 
quires the addition of a proton to the nucleus of the nitrogen 
atom. Since high-energy alpha particles are easily obtained 
from some of the naturally radioactive elements, we can 
aim alpha particles at the nitrogen atoms in the hope of 
having a reaction, We will soon find that this is not a very 
efficient process. As the positively charged alpha particles 
approach the nucleus, they are severely repelled by the 
positively charged nucleus. Only in one of several million 
tries will we succeed in getting an alpha particle to strike 
close enough to surmount the energy barrier (Fig. 25-7). 
The shape of this energy barrier obviously presents an ex- 
tremely small target, but when at last an alpha particle falls 
into the nuclear energy well, a reaction occurs as follows: 

Nis + He! > H! O 

This equation represents the transmutation that was the first 
successful artificial change of one element into another, It 
was accomplished by Lord Rutherford of England in 1919. 
The equation says that nitrogen, with an atomic number of 
7 and a mass of 14, when bombarded by alpha particles 
yields a proton (at. no, = 1; at. mass = 1) and an oxygen 
isotope with a mass of 17. 

Many transmutations have now been accomplished, In ad- 
dition to alpha and beta particles from radioactive elements, 
we now have other particles that can be elevated to ex- 
tremely high energies (high velocities). One of these is the 
deuteron, the charged nucleus of an isotope of hydrogen that 
contains a proton and neutron. With these high-energy par- 
ticles, even the heaviest elements can be successfully trans- 
muted to higher elements. Some of the instruments used 
to accelerate these particles will be described in the next 
section. Nuclear changes may be brought about by these 
particles; 


alpha particles e“ 
rotons iH 
euterons H 

neutrons ont! 


Following are some of the more important nuclear trans- 

mutations that have been performed. When beryllium is 

bombarded with alpha particles, it is changed to carbon: 
Ber + He! Ci -+ on! 


This reaction is the one by which Chadwick identified the 
neutron in 1932. $ 
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Silicon may be produced from aluminum: 


Al + H= Si? gamma ray 


and a radioactive isotope of sodium is commonly made by 
bombarding magnesium with deuterons; 


12Mg"* +H? Na: + He“ 


Again, an isotope of an element may be converted into 
another isotope of the same element by neutron bombard- 
ment. There have been hundreds of radioactive isotopes pro- 
duced artificially, ranging in atomic mass from the light to 
the heavy elements. Many of these artificially radioactive 
isotopes have proved to be very useful in studying problems 
that have stumped scientists for a long time. We shall refer 
to some of these applications later. 


25-5 The Acceleration of Charged Particles 


In order to bring about the transmutation of many iso- 
topes, particularly the heavier ones, particles that possess 
extremely high energy are required. It is necessary to have 
protons, deuterons, alpha particles, and electrons accelerated 
to velocities sufficient to penetrate the nuclear energy bar- 
rier, and this is accomplished by electromagnetic devices, 
the names of which in recent years have become common. 
One such instrument is the cyclotron, invented by E. O. 
Lawrence in 1929 at the University of California, 

The cyclotron operates on two simple principles. One of 
these is that a particular charged particle or ion is attracted 
to an electrical pole of the opposite sign. The other prin- 
ciple is that a charged particle is accelerated in a magnetic 
field in a direction perpendicular to the direction of the 
magnetic field, Both of these principles were discussed in 
Chapter 9, Although the apparatus for controlling these elec- 


Fig. 25-8. The principle of the cyclotron. 
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trical and magnetic fields is extremely complex, the principle 
of the operation of the cyclotron is simple. 

In Fig. 25-8 a cutaway view of the magnetic pole pieces 
of the cyclotron is shown, Charged particles, say protons or 
deuterons, are admitted at A into the heart of the device, 
which consists of two hollow D-shaped electrodes. The 
charged particles are first attracted toward the positive D, 
then the polarity of the dees (Di and Da) are changed alter- 
nately. The charged particles move back and forth in the 
evacuated space inside the dees. At the same time, a strong 
magnetic field causes these particles to move in a horizontal 
circular motion, that is, perpendicular to the magnetic field. 
Moving faster and faster, these particles gain more and more 
velocity as they move around in spiral paths. The time for 
the ions to make a complete turn around the dees is the 
same, regardless of the diameter of its circular path. The 
dees are alternately charged positively and negatively per- 
haps ten million times a second. Hence a stream of ions can 
be taken in at A and made to undergo continuous accelera- 
tion. Eventually, at a small port at B, a positively charged 
plate pulls the stream of high-energy ions from its circular 
path. These high-energy particles may then be used for 
bombarding nuclei (Fig. 25-9). 


Fig. 25-9. A beam of high energy par- 
ticles emerging from a 60-inch 
cyclotron. (Courtesy University 
of California Radiation Labora- 
tory) 


If we apply an alternating voltage of 20,000 volts between 
the dees of the cyclotron, with each half-turn the particle 
(ion) is given an additional energy equal to its charge times 
20,000 volts. After the ion has made 250 revolutions it may 
leave the chamber with a total energy equal to its charge 
multiplied by 20,000 xX 250 x 2 or 10,000,000 volts. The 
quest for charged particles with higher and higher energies 
has led to the construction of larger cyclotrons, as well as 
to other kinds of accelerating instruments. One of the most 
effective and elaborate of these is called the bevatron, a 
machine designed to produce charged particles possessing 
up to 31 billion electron volts (bev, hence the name beva- 
tron). The instrument at the University of California (Fig. 
25-10) provides a circular pathway for the charged particles 
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Fig. 25-10. The bevatron. The size of this 
instrument is indicated by the 
man standing in the lower right 
of the picture where the 
charged particles are injected 
into the bevatron. (Courtesy 
University of California Radia- 
tion Laboratory ) 


that is 400 feet in circumference. Each time the charged 
particles, such as protons, make a circuit, they are acceler- 
ated about 1300 electron volts. After 4,000,000 times around 
the circle, or a distance of 300,000 miles, the protons have 
enough energy to strike target atoms and produce mesons. 
The bevatron provides the means of studying more inti- 
mately these mesons, which are believed to be the key to 
an understanding of the tremendous forces that bind atomic 
nuclei together. Here, indeed, is an “atom-smasher.” 

In addition to the cyclotron and bevatron, there are several 
other instruments that have been designed for the specific 
purpose of accelerating charged particles. These include the 
Van de Graaf generator (primarily an electrostatic gener- 
ator) used in conjunction with a linear accelerator, the 
betatron (which produces both high-energy electrons and 
extremely penetrating X rays), and the synchrotron (which 
is a somewhat modified cyclotron). All of these instruments 
operate on basic principles of electrostatics, electricity, and 
magnetism, although we should not overlook the high de- 
gree of ingenuity required to design and operate them. 


25-6 The Measurement of Radioactivity 


Keeping pace with the rapid development in artificial 
transmutations are the methods of detecting and measuring 
radioactivity, The earliest method of detecting alpha par- 
ticles—Becquerel’s photographic plates—has become even 
more popular in recent years. All charged particles, includ- 
ing protons, electrons, and mesons, affect the photographic 
emulsion, The sensitivity of common photographic film is 
increased by providing a much greater amount of silver 
bromide in the emulsion than ordinarily. Advantages of the 
photographic plate detection process are its simplicity, its 
continuous sensitivity, and the permanent record it makes 
of the characteristic paths of these particles. 

Other methods of detecting alpha, beta, and gamma rays 
rely primarily upon the ability of these high-energy particles 
to produce ionized molecules in the gas through which they 
pass, For example, an alpha particle emitted from a radio- 
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active source may produce 100,000 ions per centimeter of 
ordinary air through which it travels. In effect, this renders 
the air a conductor at the region where the alpha particle 
traveled. If an electrical circuit could be established that 
depends on the conductivity of the air as affected by an 
alpha particle, the presence of the alpha particle could be 
detected. Such is the principle of the Geiger-Miiller tube. 

The Geiger-Miiller counter is essentially a means of meas- 
uring the number of ionized paths formed by radioactive 
rays. When a beta particle passes through the window of 
the counting tube (Fig. 25-11), it leaves a trail of ionized 
gas molecules. The resulting electrons that are stripped from 
the gas molecules by the alpha particle form an avalanche 
of electrons that moves toward the positive electrode in the 
counting tube. With a fairly high voltage already placed on 
the two electrodes in the tube, the electrons provide a brief somple * 
conductor between the electrodes, and, consequently, a surge Ground 
of electricity flows through the tube. This surge can then be Fig. 25-11. The Geiger-Miiller counter. 
recorded on a counting device or sent to an audio device 
that produces an audible click. Each time a Geiger-Miiller 
counter clicks or tallies another count on its recorder, a 
particle of sufficient energy has entered the tube and made 
an ionized region. 

The ionized region caused by a radioactive particle may 
also be detected in a very different manner. We have seen 
previously that in an atmosphere that is supersaturated with 
water vapor, condensation to liquid water occurs on dust 
particles, forming clouds or rain. C. T. R. Wilson of England, 
in 1896, discovered that ionized gas molecules may serve as 
nuclei for the condensation of water droplets. Here is a 
striking example of the consequences of scientific curiosity 
and observation. Wilson, while yet a young student, was 
concerned about cloud formations, and, upon examining the 
effect of X rays upon such formations, he noted that fog 
droplets form in dust-free air when it is excited with X rays. 
This observation led to the development of the famous Wil- 
son cloud chamber. 

In a cloud chamber, a region of supersaturated vapor may 
be produced by either pressure changes or temperature 
changes comparable to those occurring naturally in weather 
patterns. That is, a saturated atmosphere becomes super- Ss SS} Dry ice 
saturated with vapor when its pressure or its temperature is á 
decreased. One method of producing a continuously super- 
saturated region is shown in Fig. 25-12. Alcohol evaporates 
from the saturated pad at the top of the chamber and con- 
denses on the cold plate at the bottom. There is a continu- 
ous migration of the vapor from top to bottom, and at a 
certain level, the air in the chamber is saturated. Just be- 
low this level, where the air has a tendency to be super- 
saturated, high-energy particles or radiation, such as X rays, 
gamma rays, and cosmic rays, produce ionization trails that 
immediately form fog trails that are readily visible. Figure 
25-13 is a photograph of fog trails produced by the alpha, 
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Fig. 25-12. A cloud chamber. 
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Fig. 25-13. Cloud chamber tracks produced 
by alpha particles emitted by 
a trace of polonium. (From 
Gentner, Maier-Leibnetz, and 
Bothe, An Atlas of Typical Ex- 
pansion Chamber Photographs. 
London: Pergamon Press, 1954) 


beta, and gamma rays evolved from a very small quantity 
of a radioactive substance. 

The cloud chamber is a tool by which several important 
properties of the atomic nucleus have been discovered, For 
example, the existence of mesons was first proved through 
a study of photographs of cloud chamber tracks. Figure 
95-1 is a photograph of fog trails that were produced by 
cosmic rays. These rays are extremely high-energy particles 
which, upon entering our atmosphere, may produce high- 
energy gamma rays, and we shall have more to say about 
them in Chapter 29. 

A very sensitive method of measuring radioactivity is 
through the observation of the luminescence of certain sub- 
stances when they are struck by alpha particles. If a thin 
layer of zinc sulfide is placed near a radioactive substance, a 
large number of individual flashes may be seen on the zinc 
sulfide layer. A simple method of viewing these flashes is 
shown in Fig, 25-14. Each flash represents the collision of 
an alpha particle with the zinc sulfide layer. Such a device 
is called a scintillometer, and in recent years it has been 
radically improved by using substances more sensitive than 
zinc sulfide and by detecting the flashes by electronic means. 
Such an instrument has become quite popular with the pros- 
pector who wishes to survey the radioactivity of certain 
areas from an airplane or automobile as well as on foot. We 
may observe directly the phenomenon of scintillation by ex- 
amining the luminous numerals of a watch or clock with a 
magnifying glass in a darkened room. The glow of the nu- 
merals will appear as tiny flashes of light. The luminous 
paint contains an alpha emitter and zine sulfide; each tiny 
flash of light is the result of the crash of an alpha particle 
with the zine sulfide. 


25.7 Radioactivity in Tracer Studies 


The availability of artificial isotopes, both stable and radio- 
active, has opened up an entirely new area of scientific 
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study. It has been predicted that eventually the greatest 
contribution of the atomic energy program will be through 
the use of these iotopes. Let us consider a few examples of 
this kind of experimental technique, 

Through transmutation reactions, ordinary carbon (atomic 
mas 12) can be converted to carbonl4, which is radioac 
tive because it is a beta emitter, Since, for all practical pur- 
poses, C-12 and C14 are chemically identical, an organic 
compound may contain C-H in place of ordinary C-12 any- 
where in its molecule. The presence of the C-l4 may be 
detected by any of the ordinary instruments, such as a 
Geiger-Miller counter. The radioactivity of C-14 serves as 
a “tag” or “label” by which we may follow it through any 
number of chemical processes, and we call such an isotope 
a radioactive tracer clement 

Suppose we make some acetic acid, CHCOOH, in which 
one of the carbon atoms is radioactive C-14 and the other 
is ordinary C-12 (CH,CVOOH ), Then let us foed this sub- 
stance to an organism that digests the acetic acid (acetic 
acid is the active component in ordinary vinegar). Among 
the digestion products are carbon dioxide and another sub- 
stance. Since the carbon dioxide is not radioactive and the 
other substance is, we may readily conclude that the carbon 
dioxide is derived from the carboxyl group of the acetic 
acid, It is impossible to make this distinction by chemical 
means alone, and, therefore, the use of a tracer clement is 
the only means by which this problem could be solved. 

In Chapter 18 we saw how carbohydrates, fats, and pro- 
teins are made in the photosynthesis process. In the crucial 
studies of this process, labeled carbon (C-14) and labeled 
Phosphorus (P32) were used as plant foods. The pathways 
of the carbon and the phosphorus were followed by detect- 
ing their radioactivities. Again, a plant fed with radioactive 
Phosphorus accumulates the phosphorus in various parts of 
the stem and leaves. By placing the plant on a photographic 
film, the radioactive rays from the phosphorus darken the 
film and give a direct record, known as a redioautogram, of 
the presence of the phosphorus (Fig. 25-15). 

In recent years the amount of tritium, a heavy isotope of 
hydrogen, in rainwater has been measured, and, since this 
il was originally formed from atmospheric water vapor, 


of river waters, the age of glaciers, and even 
nes have been successfully studied by 


Industrial application: of tracer elements are common. 
The mechanism of friction in engine bearings, the examina- 
tion of welds and castings, and the measurements of 
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the University of Chicago in 1946, has proved to be amaz- 
ingly accurate. For instance, a specimen of wood obtained 
from an Egyptian tomb was estimated by archaeologists to 

be 4600 years old, and the radioactivity of the carbon-14 in 
this sample of wood showed it to be 4500 years old. The 
carbon dating method is accurate to within less than 50 
years. Thus we have a dating method that appears to be de- 
pendably accurate and essentially independent of contempo- 
rary history. No matter what the preatomic-age history of the 
object, if it contains carbon, its age can be determined when 
proper corrections are applied. Recent atmospheric testing 
of nuclear weapons and the tremendous addition of carbon 
dioxide to the atmosphere during the industrial age compli- 
cate the job, but for the study of archaeological and geo- 
logic objects this is one of man’s most accurate and useful 
tools, 

The age of the earth has captivated the interest of man- 
kind throughout the years. Before the discovery of radio- 
activity, scientific estimates ranged from 20 to 90 million 
years, based on studies of the composition of the ocean, the 
rate of the earth’s cooling, and the separation of the moon 
from the earth. These studies, however, suffer from an im- 
portant error, because they assume that a given process takes 
place at a constant rate. Although this assumption is necessary 
in order to reach a conclusion, it is certain that the rate of 
erosion of the continents has changed in time, and that while 
the earth was cooling, radioactive elements were adding heat 
to the earth. Since the total change in any of these processes 
is not known, the figures obtained by these methods may 
fall far short of the actual time interval under study. 

More recently, the age of the earth’s crust has been de- 
termined by at least eight independent methods in which 
the rate of change in the process is quite well known, and, 
surprisingly enough, they are in good agreement with one 
another, Even though they differ by as much as a factor of 
2, this is not a serious discrepancy considering the great 
intervals of time involved and the widely different methods 
of measurement employed, Table 25-2 lists a number of the 
radioactive decay systems that have been used for these 
measurements. 

Measurements using these systems have given the age of 
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the earth’s oldest rocks to be between 3 and 3.5 billion years. 
From this and much additional evidence, scientists presently 
set the age of the earth at about 4.5 billion years. This 
billion-year gap may have two explanations: rocks on earth 
fail to preserve their age record beyond 3.5 billion years, or 
granitic rocks were not made and stabilized within the first 
billion years. This whole area of study is a very active field 
of research and new evidence that we may obtain from the 
exploration of the moon may shed important new light on 
the problem. But let us now look in more detail at some of 
these geologic clocks. 

Only those isotopes with relatively long half-lives are suit- 
able for determining geological ages. From the half-lives of 
those isotopes that still exist in the earth’s crust in appreci- 
able quantities, we may estimate the upper limit of the 
earths age. For example, we can tell from the half-life 
periods of uranium-235 (7.1 X 10% years) and potassium-40 
(1.27 10° years) that the earth’s crust is probably no older 
than 10! years, If it were much older than this, these two 
isotopes would no longer be found in the earth’s crust. 

The uranium radioactive series, ending with lead-206 (Fig. 
25-2), provides the essentials of the lead clock. A uranium 
mineral is analyzed carefully for the amount of lead-206 
that it contains, Since lead-206 can be derived only from 
uranium-238, a knowledge of the amount of lead-206 will 
tell us how long the mineral has been in existence. The re- 
lationship that gives the age of the mineral is: 


amount of uranium-238 


age = amount of lead 200 X 7600 million years 


The factor 7600 million years is derived from a knowledge 
of the half-life periods of all the isotopes involved in the 
decay series. If a particular uranium mineral has a lead/ 
uranium ratio of 0.132, then the age of this mineral is 
0.132 X 7600 million years, or one billion years. One of the 
oldest minerals of this type was found in Southern Rho- 
desia; it has an age of 2.7 billion years. 

Similar to the lead clock is the helium clock. In the series 
of decay reactions from uranium to lead, eight alpha particles 
are produced, Soon after an alpha particle is emitted from 
the nucleus of an atom, it picks up two electrons and forms 
a helium atom. Since alpha rays have only a short range in 
dense material such as rocks and minerals, the resulting 
helium atoms are entrapped in these solids, It is possible to 
measure the amount of helium in radioactive samples, and 
from the ratio of the amount of helium to the amount of 
uranium, the age of the mineral can be estimated. The equa- 
tion relating these factors for the helium clock is: 


1 ante cm! of He in 100-g sample 
age in millions of years = gof U in 100-g sample 


Since a gram of pure uranium gives off only 1 X 10-7" em! 
of He per year, for the helium clock to be accurate, careful 


x 8.8 
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analysis of the samples is required. Even under these diffi- 
culties, scientists have discovered that the helium clock gives 
time measurements that agree well with those found by the 
lead clock. 

In recent years, the age of the earth’s crust has been meas- 
ured by what is believed to be an even more dependable 
relationship—the relative abundance of isotopes, These meas- 
urements are even more accurate for determining the age of 
the earth itself, because they do not depend on the composi- 
tion of an undisturbed sample of mineral. In nature there 
are four stable isotopes of lead, having the masses 204, 206, 
207, and 208, Only lead-204 is of nonradioactive origin; the 
others have been produced as end products in a radioactive 
decay series, Lead minerals have been carefully analyzed 
by the mass spectrograph for isotopic content. It is apparent 
that when a lead mineral becomes part of the earth’s solid 
crust its composition is no longer changed. However, since 
radioactivity adds additional lead-206, 207, and 208 to the 
earth’s crust in certain places, a comparison of the isotopic 
composition of “primeval” lead to “radioactive” lead gives 
a measure of the age of the earth’s crust. Similar measure- 
ments have indicated that the earth and meteoritic material 
had similar origins, but we shall make a more thorough ex- 
amination of this idea in Chapter 27. 

Finally, there are pleochroic halos, or colored rings, in cer- 
tain minerals such as biotite and fluorspar. It is well known 
that high-energy radiation causes coloration in many ma- 
terials. For instance, ordinary glass becomes purple when 
exposed to sunlight for extended periods of time, and a per- 
son who works with radioactivity and is exposed to high- 
energy radiations wears a small disk of material that changes 
color in a similar way. In rocks and minerals that contain a 
naturally radioactive isotope, the colored rings called pleo- 
chroic halos are formed by this coloration effect. The size 
and color of these rings, compared to rings produced arti- 
ficially, give a measure of the age of the mineral. Although 
it is an interesting phenomenon, this method of measuring 
time is not as accurate as others, and it is no longer widely 
used, 


25-9 Summary 


Radioactivity has provided a key that has enabled us to 
unlock the inner structure of the atom. The characteristics 
of the alpha, beta, and gamma rays emitted by radioactive 
processes indicate that the particles within the nucleus— 
protons, neutrons, neutrinos, mesons, and so forth—occupy 
energy levels comparable to the energy levels occupied by 
electrons in the outer parts of the atom. The energies of the 
nuclear particles are, however, at least a million times greater 
than the energy of the extranuclear electrons. 

Radioactivity is the spontaneous decay of the atomic nu- 
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cleus in which alpha, beta, and gamma rays are emitted. 
When an atom emits an alpha particle, its mass decreases by 
four units and its atomic number decreases by two. A beta 
particle, emitted from the nucleus, increases the atomic num- 
ber by one. 

The stability of the atomic nucleus is determined by its 
binding energy. This can be found by determining the dif- 
ference between the total masses of the particles making up 
the nucleus and the mass of the nucleus itself. 

Transmutations of one element into another, and the 
change of the isotope of one element into another isotope of 
the same element can be achieved by adding, at sufficient 
energy levels, either alpha particles, protons, neutrons, or 
other nuclear particles, to the atom’s nucleus, 

The energies needed for transmutation reactions are ob- 
tained by accelerators such as the cyclotron, bevatron, and 
linear accelerator. These devices, though complex in con- 
struction, are essentially an application of the basic principles 
of electrostatics, electricity, and magnetism. 

High-energy particles are detected by ionization cham- 
bers—the Geiger-Müller tube and the cloud chamber—and 
by luminescent materials such as zine sulfide. 

Radioactivity provides a powerful tool for the study of a 
host of scientific and technological problems through what 
is termed the tracer technique, Radioactivity is also widely 
used in the study of extended time intervals such as the age 
of carboniferous deposits and the age of the earth. 


EXERCISES 


A. KEY TERMS TO REMEMBER 


bevatron helium clock pleochroic halos 
binding energy lead clock scintillation 
carbon dating meson tracer element 
cyclotron mev transmutation 


Geiger-Miiller counter nuclear energy Wilson cloud chamber 
half-life period barrier 


B. QUESTIONS ABOUT RADIOACTIVITY 
1, Make a list of the particles that may be added to or removed 


from the nucleus of an atom. 


2. List as many characteristics as you can that are common to 
the radioactively stable elements in nature. 


3. Explain why a change in the number of protons in the 
nucleus of an atom changes the atom to a different element. 


4, What are the primary purposes of the cyclotron, bevatron, 
and similar devices? 


5. Distinguish between natural radioactivity and artificial radio- 
activity, 


6. Of the methods of measuring radioactivity, which ones do 
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you believe are capable of detecting all the particles that are 
emitted by a particular radioactive sample? 


7. What factors may have caused the rate of salt accumulation 
in the oceans to vary through the ages? 


5. Tell how radioactive isotopes may be used in medical 
studies. 
9, What amumptions are made in dating the earth by the 


urantum clock method? 
10. Examine a luminous dial of a watch or clock in a darkened 


14.0080. Ans. 0.1117. 
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he discovery of practical methods of 
2 of the atom’s nucleus has thrust 
political, military, and economic as well as 


i 
i 


lems undreamed of prior to 1999. Nuclear energy has become 
4 decisive factor in national and — relations, r= 
it may eventually be the major source of cheap power 

the expanding needs of our modem: civilization, Already, 


several nuclear electrical generating plants are in 


and the possible use of nuclear energy for large contraction 
tasks is indeed bright. Few discoveries have unh altered 
the coune of history more than nuclear energy, It brought 
à major war to an abrupt close, and it now provides the chief 
deterrent to other major conflicts, 
Nuclear energy may appear to w as an untamed low 
among lambs, and we may be bailled by ite immensity amd i 
Fearful of its possibilities, Yet, as with such inventions ar gum- 


Powder, the airplane, and radar, It may serve a constructive 
= well as a destructive purpose, By-prodects of nuclear em 
rr tens 12 Sy aaa 
fet otherwise possible, The mechanism of photmyntheeis. 
àge of the carth and solar system, and the origin of the wat 
vere are problems that can pow be studied mone adequately 
through tools derived from nuclear energy changes. 

Let in esamine the magnitude of suckear energy in terms 
of some of our common experiences, Ordinary physical 
K fares; sat, far os 
ample. the melting of ice requires only that we bresk or — 
fapt the forces between molecules. This requires shoot 

of energy per gram of ioe. II we with to tasr 
the water molecules themselves, over 50 times as mach em 
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ergy is required. In such a chemical process the outermost 
parts of the atoms in the water molecules are changed. We 
frequently resort to these chemical reactions for energy 
sources. For example, a pound of coal burned to carbon 
dioxide, releases slightly over 12,000 Btu, or 4 kilowatt-hours 
of energy. Whether we burn coal, gasoline, or rocket fuel, we 
are tapping the energy that is stored up in the outer elec- 
trons of the atoms. 

In even the most energetic chemical processes, nothing 
whatever happens to change the nucleus. The inner parts of 
the atom remain unaffected. When the components of the 
nucleus are altered, quantities of energy are involved that 
are of almost unbelievable magnitude. In the simplest of 
nuclear changes, radioactivity, the energy that is released is 
enormous, some millions of times greater than that released 
in chemical reactions. These huge quantities of energy arise 
from the binding energies that hold the neutrons and pro- 
tons together within the nucleus, and they are well beyond 
the limits of our ordinary experience. The alpha particles 
alone that are ejected from one pound of radium release over 
800,000 kilowatts of energy. In a vacuum, where no gas 
molecules slow them down, the velocity of alpha particles 
from radium is 3.6 million miles per hour! Table 26-1 makes 


TABLE 26-1 


a comparison of these energies to those derived from sev- 
eral common physical and chemical processes. 


26-1 The Source of Nuclear Energy 


There is a striking difference between nuclear energy and 
ordinary chemical energy. Chemical energy is derived from 
electron changes in the outer part of the atom, whereas nu- 
clear energy is concerned with changes within the tiny 
nucleus, Let us examine what is known about the nucleus 
in order to find the source of the huge amounts of energy 
that may be obtained from it. 

The forces that exist between two particles vary with the 
distance between them. At great distances, these forces may 
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be gravitational, electrical, or magnetic, depending upon 
the nature of the particles, and they vary inversely as the 
square of the distance between the particles, But at extremely 
short distances, a new kind of force is observed that varies 
inversely with a much higher power than the square of the 
distance. For instance, the force of repulsion between two 
protons increases as the square of the distance between them 
decreases (Coulomb's law) and at 10-! em, this repulsive 
force is equivalent to about 6 tons. Within the nucleus at 
distances less than 104 cm, however, a much different kind 
of force takes over—a nuclear force of attraction equivalent 
to about 240 tons. This strange change in affairs as we ap- 
proach the small dimensions of the atom’s nucleus is related 
to the source of nuclear energy and is responsible for hold- 
ing together the positive and neutral particles within the 
tiny nucleus of the atom. The forces acting between nuclear 
particles are more than a hundred million times stronger 
than the forces that hold an electron in its position in the 
outer part of the atom. This difference may be compared to 
that between the ring of an alarm clock on a bedside table 
and the ring of one over 50 miles away. 

In the spontaneous decay of radioactive nuclei, we saw 
that alpha particles and beta particles are emitted from the 
nucleus. The alpha particle is composed of two protons and 
two neutrons, At extremely short ranges, these four particles 
hold each other together with a force much greater than is 
the force of repulsion between the two positively charged 
protons. Apparently the alpha particle, even though bound 
to the nucleus by other exchange forces, has forces of its 
own that hold it together when it is ejected from the nu- 
cleus. When it escapes from the nucleus, we may think of it 
as rolling down hill to a much lower energy level (Fig. 26-1). 
Consequently, it releases energy equivalent to the energy of 
the forces that are in the nucleus. It is interesting to note 
here that the amount of energy released by an alpha particle 
is determined by the particular element from which it comes. 
Fog tracks of alpha particles released from a single isotope 
have identical lengths and widths, showing that they have 
identical energies (Fig. 25-13). 


Fig. 26.1. The energy trough of a nucleus 
that is about to emit an alpha 
particle. 
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insufficient energy to penetrate the energy barrier of the 
nucleus. 

The moderators best suited for the job of slowing down 
neutrons are the lighter elements. The hydrogen atom is ideal 
because its mass is approximately the same as the neutron. 
Each collision with a hydrogen atom results in the loss of 
almost 60 per cent of a neutron’s energy, a loss that we might 
expect by applying Newton's third law of motion. In each 
collision some of the energy of the neutron is imparted to a 
hydrogen atom, and after only 18 collisions, the neutron will 
be slowed down to a thermal energy level. When a neutron 
is shot through carbon atoms, as many as 114 collisions are 
necessary to “cool” the neutron through a similar energy 
range. Even though carbon is not as efficient as hydrogen 
for this purpose, its ease of handling makes it a commonly 
used moderator for slowing down neutrons, a process that 
may be called a “cooling” process. In Chapter 20 we saw 
that temperature is a measure of the average kinetic energy 
of molecules, and since the energy of neutrons may be re- 
duced by slowing down the neutrons, the process by which 
it is done is one of cooling. 

Neutrons are almost completely stopped by some sub- 
stances, which are said to have nuclei with large cross- 
sectional areas. Cadmium is one of these substances. When 
neutrons strike a sheet of cadmium metal, they are com- 
pletely stopped, and the slower neutrons are readily “soaked 
up” by the cadmium nuclei. We shall see in a moment the 
important roles played by carbon and cadmium in neutron 
reactions. 


26-3 Nuclear Fission 


Since the discovery of artificial transmutation, nuclear 
scientists have tried to bring about transmutations of many 
elements. With the periodic table (see p. 254) as a guide, 
elements from the lightest to the heaviest were bombarded 
with protons, deutrons, alpha particles, and neutrons. Con- 
sequently, hundreds of new isotopes of the known elements 
were produced by man for the first time. Important nuclear 
changes can be achieved through bombardment with neu- 
trons. When the nucleus of a target atom is hit by a neutron, 
the resulting nucleus is usually unstable; that is, the new, 
heavier nucleus undergoes emission of an alpha or beta par- 
ticle in order to reach stability. This may be shown dia- 
grammatically in Fig. 26-3, a process that has been observed 
in many nuclear changes. 

In 1934, the Italian physicist, Enrico Fermi, sought to 
bombard uranium atoms with neutrons. His purpose was to 
create atoms heavier than uranium with the idea that ura- 
nium atoms may have evolved from heavier elements that had 
died out in the distant past. According to the above scheme, 
a uranium-238 nucleus, when it receives a neutron, should 
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Neutron 
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9 Nucleus of Did] 
unstable atom- 
radioactive 


Fig. 26-3. A typical chain of events fol- 
lowing the bombardment of an 
atom by a neutron. 


go to uranium-239, then lose a beta particle and form a new 
element with one more proton in the nucleus than uranium 
has. This would be element number 93, But Fermi did not 
get the results he had hoped for. In place of a heavier ele- 
ment, several lighter elements appeared among the products 
of his nuclear reaction, but the proper analysis of these prod- 
ucts was difficult because only extremely small quantities 
of them were produced. 

Finally, Hahn and Strassman in Germany were able to 
isolate a small quantity of barium in the reaction products. 
When their report was made in January, 1939, there was a 
veritable explosion in the scientific world. Never before had 
anything greater than an alpha particle been expelled from 
an atomic nucleus. If the heavier uranium atom had ejected 
a barium atom, this implied that the uranium nucleus had 
literally split in two. This process of cleavage or breaking 
of the nucleus into much smaller pieces is now called nuclear 
fission. Within less than a month after this revolutionary re- 
port was made, it was definitely verified by no less than half 
a dozen of the most capable scientists of the time. 

With the discovery that the uranium atom, when struck 
by a neutron, undergoes fission, attention was turned to the 
composition of the products of this peculiar reaction. It was 
soon discovered that among the products were several new 
neutrons, released along with the other fission products (Fig. 
26-4), This posed the possibility that the neutrons that are 
given off may be used by new uranium atoms, thus setting 
up a chain reaction of nuclear fission. It is now common 
knowledge that such a chain reaction was soon developed. 

The fission of uranium-235 is much simpler than the fission 
of uranium-238, That is, slow neutrons bring about the fis- 
sion of the lighter isotope, whereas it requires high-energy 
neutrons to cause the fission of uranium-238 (as well as that 
of many other fissionable elements). Hence, the fission of 
uranium-235 has been studied extensively. A typical ex- 
ample of a nuclear fission reaction is: 


92U285 4. nt —> a¢Kr84 + 30 Balds + Son! + Y rays + energy 


The total energy released when one uranium-235 atom un- 
dergoes fission is approximately 200 million electron volts. 
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For each gram of uranium, this is equivalent to 60,000 kilo- 
watt-hours of energy. About 80 per cent of this energy is 
associated with the kinetic energy of the fragments, which 
means that the two small atoms, barium and krypton, fly 
apart at a phenomenally high velocity, possibly as much as 
25,000 miles per second. The neutrons have 5 million electron 
volts, and the remainder of the energy is associated with the 
gamma rays and the radioactivity of the fragment elements. 

The neutrons that are evolved in the above fission reaction 
are too energetic to be picked up immediately by other 
uranium atoms. However, if the piece of uranium is large 
enough to slow down the 5 mev neutrons to thermal neu- 
trons, then a chain reaction may proceed. From this fact 
we can see that there is a critical size for sustaining a chain 
reaction in uranium-235, and this size, probably no more than 
several pounds, permits the construction of military weapons 
based on this reaction. 

The fission reaction has given indisputable support to the 
relationship between mass and energy. In the last chapter we 
examined the equation that was developed by Einstein 
through purely theoretical considerations (Equation 25.1). 
If we start out with 1000 grams of uranium-235, a complete 
account of the mass and energy that are involved in the 
fission process is as follows: 


Original mass of U? 1000 g 
Mass of fission products 989 g 
Mass of emitted neutrons 10.2 g 
999.2 
Net mass converted to energy 0.8 g 


In the equation E = mæ, the energy equivalent to 0.8 g of 
mass is; 
E = 0.0008 kg (3 X 108 m/sec)? joule 
= 7.2 X 10"? joules 
= 2.7 X 107 horsepower-hours 


The energy released by a kilogram of uranium provides 
enough energy to power an ocean liner for many weeks and 
a typical freight train (which requires an engine of 5000 
horsepower) for a full year without refueling. If this energy 
were to be released suddenly, it would be equivalent to the 
explosive force of 20,000 tons of TNT, one of the most power- 
ful chemical explosives. 

In order to use the energy from the fission process over 
an extended period of time, the rate of the chain reaction 
must be controlled, and in order to control this rate, a major 
installation is required. The generation of power from nu- 
clear energy is considered in the next section. 


26-4 The Utilization of Nuclear Energy 


The elaborate efforts to produce more efficient chain reac- 
tions for military purposes have given us much information 
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Fig. 26-4. The fission process of uranium- 
238. 


Shielding Nuclear Reactor 


Turbine Generator 


Heat Exchanger 


regarding the peacetime use of nuclear energy. The earliest Fig. 26-5. A model showing the main com- 
effort that successfully detected the chain reaction of nu- ponents of a nuclear power gen- 
clear fission was conducted in what is known as a reactor. e See nee) 
Since this is essentially the process for conducting a con- 
trolled chain reaction, let us consider its general features. A 
conventional reactor is a stack of uranium rods embedded 
in graphite (Fig. 26-5). The graphite serves as a moderator, 
slowing down the neutrons to thermal levels. In order to 
control the chain reaction, movable cadmium rods are placed 
in the reactor, Since the cadmium absorbs neutrons, these 
rods serve as a governor for the process, for if neutrons are 
produced so rapidly that the chain reaction picks up speed, 
the cadmium rods can be moved into the reactor. The result- 
ing removal of neutrons by the cadmium slows down the 
chain reaction, 
As a chain reaction of nuclear fission occurs, there is a 
conversion of approximately 0.1 per cent of the fissionable 
material into energy. This energy is given off in the form of 
thermal or heat energy at extremely high temperatures. If 
suitable pipes are placed in the reactor, this heat energy may 
be continually removed from the reactor by a heat-transfer- . 
ring liquid and used to operate a steam turbine or a similar 
conventional heat engine. One type, used for military pur- 
poses, provides the power for new submarines and is proving 
quite successful (Fig. 26-6). The amount of uranium needed 
in a reactor may be quite small. For example, in the sub- 
marine engine, no more than five pounds of uranium-235 
are necessary to supply the fuel for an extended run at sea. 
The nuclear reactor enables us to use more of the potential 
nuclear energy in uranium than that which exists only in 
uranium-235, If we were to depend entirely on uranium-235 
to supply us with nuclear energy, we would soon use up 
this particular isotope, for only a small fraction of natural 
uranium consists of this isotope. There is 140 times more 
uranium-238 than uranium-235 available. Fortunately, the 
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treatment. Its cost is radically smaller, and it is more effective 
and more convenient to administer than radium. 


26-6 Nuclear Fusion 


Another source of nuclear energy, besides that obtainable 
from the heaviest elements, comes from the fusion of the 
lightest elements into heavier elements. In Fig, 25-5 we saw 
that the nuclear binding energy of elements of intermediate 
mass is much greater than the binding energy of the lightest 
and heaviest elements. We have already seen how we may 
obtain useful energy from the nucleus of a heavy atom such 
as uranium-235 by splitting up the atom into middle-weight 
atoms. A small fraction of the mass of the atom is converted 
into energy. But with the lightest elements, such as hydro- 
gen, we must fuse together two or more atoms to make a 
heavier atom with the consequent conversion of mass into 
energy. Since these heavier atoms have more nuclear sta- 
bility than does hydrogen, energy is released in the fusion 
reaction, 

Hydrogen exists as three isotopes. The common hydrogen 
atom has a mass number of one. In each 5000 atoms of 
natural hydrogen there is one atom of mass number two, 
called deuterium. The third isotope, known as tritium, ex- 
ists naturally to only an extremely small extent because it 
is radioactively unstable. It can be synthesized, however, in 
appreciable quantities. Between these isotopes, there are six 
possible combinations by which hydrogen can undergo 
fusion, forming atoms with heavier nuclei: 


Ht HI 
H2 H? 
H? H? 


However, not all of these six reactions are feasible. In order 
to obtain useful energy from a fusion reaction, the reaction 
must take place at a reasonably rapid rate, and a sufficiently 
high temperature must be provided to trigger it. 

Ordinary hydrogen atoms combine at an extremely slow 
rate, even when they are heated up to the triggering tem- 
perature. The reaction between two hydrogen- atoms is 
probably as follows: 


1H! + III ,H? + ,e° + 0.42 mev 
The time required for this reaction is 10" years. It is be- 
lieved that this extremely slow reaction occurs within the 
interior of the sun and accounts for the sun’s predicted ability 
to give off energy for at least 30 billion years, Since it is 
difficult to maintain a reaction on earth at extremely high 
temperatures for even a second or two, we must use a fusion 
reaction that can be triggered in, say, a fraction of a second. 


Such a reaction is provided between a deuterium and a 
tritium atom: 
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1H? + 1H? He! + on? + 17.6 mev 
This reaction occurs in the extremely short time of .0000012 
seconds. 

There is no critical size for a hydrogen fusion reaction. As 
small or as large an amount of an intimate mixture of deu- 
terium and tritium may be ignited as we wish, provided that 
a high enough temperature is available to trigger the reac- 
tion, The uranium-235 fission reaction, if permitted to enter 
into a rapid chain reaction, produces sufficient energy to set 
off the hydrogen fusion. But once the fusion reaction starts, 
there is at present no way of controlling it. Thus, the hy- 
drogen fusion reaction is of use for the time being only for 
military and scientific purposes. 

The 17.6 mev of energy of the hydrogen fusion reaction 
may seem modest in comparison to the 200 mev of the ura- 
nium-235 fission reaction. However, the energy from the 
hydrogen reaction may add up to a significant amount if we 
take into account the differences in masses of the isotopes 
concerned, In the hydrogen reaction, the reacting masses 
are 2, 3, or 5, compared to 235 for the uranium reaction. 
Thus, on a pound-for-pound basis, the hydrogen fusion re- 
action is capable of providing almost four and one-half 
times as much energy as the uranium reaction. And, since 
only a high temperature is required to set off the fusion 
reaction, the fusion process is called a thermonuclear reac- 
tion. 

Supposedly, since the fusion reaction is a chain reaction 
involving only the transfer of energy from one step of the 
chain to the next, it goes more nearly to completion than 
does the fission reaction. A considerable share of the uranium 
atoms probably never receive a neutron during a fission 
reaction and consequently they do not share in the chain 
reaction. 

If we take all these factors into account, it becomes ap- 
parent that we can make a hydrogen fusion bomb as large 
as we wish. A fearsome and awful threat is posed if such a 
bomb were ever to be used. The Hiroshima bomb, equiva- 
lent to 20,000 tons of TNT, brought severe destruction to 
an area 1 mile in radius. A hydrogen bomb, supposedly 2000 
times more powerful, would destroy everything in a circle 
7 miles in radius, and the heat and shock effects would ex- 
tend outward 20 miles or more. In other words, the city of 
Chicago and its suburbs could be wiped out in a single flash. 

In addition to the immediate destruction of a nuclear en- 
ergy bomb, there is the possibility of considerable after effects 
in the form of radioactive fallout, The large amount of free 
neutrons produced by the blast would be rapidly picked up 
by dust and gases, converting many otherwise stable ele- 
ments into radioactive isotopes. Fortunately, the elements 
that are constituents of the soil and of ordinary building ma- 
terials form only short-lived radioactive isotopes, and the 
radioactivity from them would soon fall to a harmless level. 

The intense heat of the fusion reaction is believed to be 
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sufficient to initiate the fission of ordinary uranium-238 (Fig. 
26-4), thus providing the means of building a superweapon. 
The first stage is a plutonium fission chain reaction, the tem- 
perature of which is great enough to start a fusion reaction 
in a mass of hydrogen. The temperature of this second stage 
is sufficient to start a third stage, the fission of uranium-238: 


92U?88 + on! (at very high energy) > 

fission products + energy 
This three-stage process (called a fission-fusion-fission or 3-F 
bomb) would release energy equivalent to 20 million tons 
of TNT, and there is ample evidence to indicate that such 
bombs (Fig, 26-8) have been set off. The heavy fallout of 
radioactive by-products from the tests of so-called hydrogen 
bombs has been great enough to lead scientists to conclude 
that a large quantity of uranium had undergone fission. 
Neither the fission trigger nor the hydrogen fusion reactions 
would produce so large a quantity of radioactive fallout as 
has been observed. Needless to say, the potential dangers 
of the radioactive by-products of such a bomb are formidable 
hazards, and it behooves man to find other means of settling 
his international problems. 


26-7 Separation of Isotopes 


We have already seen the importance of having a single 
isotope in relatively pure form, for it is impossible to have 
a chain fission reaction of a natural mixture of uranium iso- 
topes. A mixture of hydrogen isotopes is of little interest in 
a hydrogen fusion reaction, and in preparing special isotopes 
for tracer use, a pure sample of an isotope is obviously pre- 
ferred, Because the separation of isotopes may be a critical 
step in obtaining nuclear energy, let us examine a few of 
the methods used to separate them. 

The first successful method and one that is still of prime 
importance is based on gaseous diffusion. We saw in the 
kinetic structure of gases that light molecules travel faster 
than do heavy molecules. Consequently, light molecules dif- 
fuse through a porous barrier more rapidly than do heavy 
molecules. This method is so sensitive that it may be used 
to separate the two gases UF, and U*8F¢, even though 
one of these is but one per cent heavier than the other. The 
installation required for this separation is elaborate because 
the separation cannot be completed in one simple step. The 
gases must be recycled through at least 4000 different porous 
barriers, and a large plant is required to house the pumps 
and various chambers needed in this operation. This process 
for separating uranium isotopes was placed in successful op- 
eration early in 1945, and the tremendous problems and 
difficulties in this operation warrant its being described as 
nothing less than an amazing feat. 
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We have already seen how the existence of isotopes was 
first proved—by means of a mass spectroscope. This instru- 
ment, based on the electromagnetic behavior of charged par- 
ticles, or ions, may be used to separate isotopes. Since the 
actual quantity of isotopes that may be separated by this 
method is small, it is used primarily to separate isotopes 
that are used for special research work. 

There are at least four other methods of separating iso- 
topes that make use of the slight differences in the masses 
of the isotopes. However, the most successful methods of 
separating isotopes are those based on diffusion processes 
and the principle of the mass spectrograph. 


26-8 Solar Energy 


Lest we become breathless in our wanderings among the 
intricacies of nuclear energy and isotopes, let us turn to the 
most common form of energy that mankind has at its dis- 
posal—solar energy. All of us are well aware of the energy 
that pours out continuously from the sun, heating the earth, 
warming the atmosphere, and making day of the night. A 
weekend trip to the beach will soon remind us that the en- 
ergy of the sun is prodigious, if not unmerciful, depending 
on how much of it we allow ourselves to capture. 

The solar energy that falls on 40 square miles of the earth’s 
surface would, if properly harnessed, supply all the needs 
for energy in the United States. The energy falling on each 
square mile is equivalent to 3600 tons of coal per day. It 
has been said that the solar energy falling upon the land 
area of the United States is some 2000 times greater than 
the total amount of energy we now use for fuels and food. 
But the problem is how to capture and store this direct en- 
ergy from the sun, We now use only a small fraction of it, 
for we rely mostly on the sun’s energy that has been stored 
up in fossil fuels—coal, oil, and gas. Only a small part of our 
energy needs are supplied by waterpower, which draws upon 
solar energy indirectly. 

Various attempts to harness solar energy have met with 
only partial success. Solar engines, run by steam that is gen- 
erated with solar energy, have been constructed, With large 
mirrors focusing the sun’s rays upon a boiler, it is theoreti- 
cally possible to produce an engine that turns out 50 horse- 
Power per acre in Arizona. Houses have been heated with 
solar energy, but the cost of the equipment required to hold 
the sun’s heat through the night and cloudy days rules out 
the economical use of solar energy for this purpose at 
present, Efforts to convert solar energy directly into elec- 
trical energy through semiconductors have succeeded, with 
enough energy being captured on a few square inches to 
operate a portable radio. Studies have been made of artificial 
photosynthesis, photochemical reactions, and synthetic fuels 
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with the intention of storing up solar energy for useful pur- 
poses. 

But where does this vast amount of energy come from? 
How can the sun continuously pour out energy at the rate 
of three hundred thousand billion billion (3  10°*) horse- 
power? The sun has been producing energy at this rate for 
at least 3 billion years, because we can safely assume that 
during the geological past, the sun has produced an almost 
constant stream of energy. A rather small decrease or in- 
crease in this rate would either freeze our oceans or boil 
them away, something that apparently has never happened. 
And the sun promises to continue giving forth. its energy 
for many more billions of years. It is thought that the sun 
generates its energy from a process with which we are al- 
ready acquainted—nuclear fusion. 

We know that the sun is composed of elements that are 
familiar to us. The sun’s light, analyzed by the spectroscope, 
reveals that the sun consists primarily of hydrogen, helium, 
carbon, nitrogen, and oxygen, and there are not enough of 
the heavier elements to produce the huge energy of the sun 
through radioactivity and fission. Since we can examine only 
the light coming from the surface of the sun, we must de- 
pend on the density, the pressure, and the other character- 
istics of the sun to derive a picture of the source of solar 
energy. 

It is through the study of this problem by Hans Bethe in 
America and Carl von Weizsäcker in Germany that a cycle 
of chain reactions among carbon, nitrogen, hydrogen, and 
helium was discovered. In this chain reaction the carbon 
and nitrogen are regenerated; they may be called catalysts 
of a sort. In effect, the process involves primarily the trans- 
formation of hydrogen into helium at very high temperatures. 
On the basis of the sun being composed of one per cent 
carbon, the rates of this transformation at 20 million degrees 
predicted by Bethe coincides exactly with the actual rate 
of production of solar energy. Each step in the complex chain 
of reactions has been studied on a small scale with man- 
made devices such as the cyclotron, so we may say with 
reasonable confidence, that the net reaction in the sun is: 


4,H' He! + 2 positrons + 27 mev 
The two positrons are immediately annihilated by reacting 


with the two electrons left over from the four hydrogen 
atoms, since the helium atom requires only two electrons: 


2 positrons + 2 electrons > 2 gamma rays 


In this last reaction the gamma rays, each at 0.51 mev, are 
emitted in opposite directions. This peculiar reaction can 
be conducted in the laboratory. The small charged particles 
simply disappear, their masses being converted into an 
equivalent amount of energy. 

The reactions that occur in the sun should not be com- 
pared to those that occur at ordinary temperatures and 
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pressures. The interior of the sun is somewhat like a gas, 
but at extremely high pressure. The particles are in rapid 
motion, but unlike an ordinary gas that is composed of mole- 
cules, the sun’s gas consists of atoms whose electronic shells 
have been stripped off. Matter in the sun, then, consists of 
bare atomic nuclei mixed with unattached electrons. These 
naked nuclei are unprotected by their usual electronic shells, 
hence they may collide directly with each other, It is these 
many direct collisions between atomic nuclei that make it 
possible for the energy-producing chain of reactions to pro- 
ceed. This is a much more efficient process than the scientist 
achieves in the laboratory when he bombards atoms with 
alpha or beta particles. In this case the atoms are protected 
by their electronic shells, and only rarely does a bombarding 
particle successfully penetrate to the nucleus and transform 
it into another element. 


26-9 Summary 


Nuclear energy, in contrast to other forms of energy, is 
unique in its magnitude, and its vast power is attributed to 
the exchange forces or binding energies among the particles 
that compose the atom’s nucleus. The changes that occur in 
the nucleus are extremely rapid and involve very small dis- 
tances, 

Neutrons are important in many nuclear energy processes. 
Under suitable conditions, they are readily picked up by 
a target atom, and they are produced in several transmuta- 
tion reactions as well as fission reactions. 

Nuclear fission is the creation of an unstable, heavy nu- 
cleus that splits into two nuclei approximately half the size 
of the original nucleus, Fragments, mostly neutrons, and 
great quantities of energy are simultaneously released. The 
fission process gives experimental proof of the mass-energy 
equivalence law, E = me. 

The nuclear reactor provides a means of controlling the 
rate of fission, and thereby makes peacetime use of nuclear 
energy possible. The reactor also supplies the particles and 
energy required to carry out transmutation reactions, and 
for this reason it has great research potential for the physical 
scientist. 

The fusion of nuclei is the process of building up larger 
nuclei from smaller ones. The most common nuclear fusion 
reactions involve the isotopes of hydrogen, although it is 
conceivable that fusion could be accomplished with several 
of the lightest elements. 

The combination of fission of U-235, fusion of hydrogen, 
and fission of U-238 constitutes a three-stage military weapon 
that has probably been tested. 5 

Among the various methods for separating isotopes, which 
is a critical step in most nuclear energy processes, are gase- 
ous diffusion and mass spectroscopy. 


539 


Nuclear Energy 


Solar energy is essentially nuclear energy produced when 
hydrogen atoms are converted into helium. 


EXERCISES 


A. KEY TERMS TO REMEMBER 


chain reaction nuclear energy solar energy 
deuterium nuclear fission thermal neutrons 
exchange force nuclear fusion thermonuclear process 
moderator reactor tritium 


B. QUESTIONS ABOUT NUCLEAR ENERGY 


1. What is the purpose of the graphite and the cadmium in a 
nuclear reactor? 


2. Why does carbon slow down high-energy neutrons more 
effectively than does iron? 


3. Describe the chain reaction that occurs when a neutron is 
captured by the nucleus of a uranium-235 atom. 


4. Compare the uranium-235 fission reaction to the hydrogen 
fusion reaction. How is each triggered, can they be controlled, 
what relative energies are released? 


5. Why is there only a small possibility of setting up a nuclear 
chain reaction among either the lightest or heaviest elements as 
they occur in nature? 


6. List the various methods by which uranium-235 may be 
separated from uranium-238. 


7. If nuclear energy were to become readily available for in- 
dustrial and peacetime uses (in the form of cheap electrical en- 
ergy), what do you think would be the effects upon your life? 


8. Which method of separating isotopes would you use if you 
were interested in a large volume of products? in a highly pure 
sample of an isotope? 


9. What is the primary source of the energy that the sun pro- 
duces? 


10. Describe the conditions that probably exist within the in- 
terior of the sun. 


11. In terms of nuclear stability, determine which element in 
the following pairs is more stable: 
Lil, and ¿Be? 
1H! and ,H? 
Het and 34 Krs 
C12 and C18 


12. Explain why it is a simple matter for an atomic nucleus to 
absorb a neutron, but why it requires elaborate apparatus to cause 
a nucleus to absorb a proton. 


13. Suggest an experimental procedure by which you could 
distinguish between alpha and beta particles. 


540 


Nuclear Energy 


14. Using radioactive isotopes derived from a nuclear reactor, 
tell how you might study (a) the wear of a metal bearing in a 
machine, (b) the uptake of sulfur by a plant, and (c) the me- 
tabolism of iodine in the human diet. 


15. What is the essential difference between a neutron at 1 
mev and a thermal neutron? Why does a 1 mev neutron refuse 
to be absorbed by the atomic nucleus? 


16. Why need there be little concern about natural uranium 
undergoing a chain fission reaction on the earth’s surface? 


C. PROBLEMS ABOUT NUCLEAR ENERGY 


1. If 0.1 per cent of the mass of the uranium in a fission bomb 
is converted into energy, how many joules of energy would be 
released by a 10-kg uranium bomb? Ans. 9 x 10 joules. 


2. If 1 kg of TNT gives off 6 x 106 joules upon detonation, 
what do the products weigh? Assume that the energy is derived 
from the loss of mass in this reaction, 


3. One million electron volts equal 1.6 x 10-0 joules. Cal- 
culate the total energy released by 200 grams of deuterium and 
300 grams of tritium when they undergo fusion. Hint: The equa- 
tion for this reaction represents the energy evolved by single 
atoms of hydrogen. 


4, On the basis of mass changed involved, how many joules 
of energy are released by the conversion of approximately 4 grams 
of hydrogen to helium in the sun? 


5. A megaton bomb is equivalent to the explosive force of 10° 
tons of TNT. Estimate the amount of hydrogen (as H? and H*) 
needed to make such a bomb. 
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quainted with this constellation (Fig. 27-2), we should have 
no difficulty in finding it again—there is no other arrange- 
ment of stars like it in the sky. The stars themselves in Orion 
are of special interest, for if we look closely we may see 
that they are not all the same color. In his sword, the middle 
star is not really a star but a mass of fuzzy light that shows 
up when examined with a small telescope or even a pair of 
binoculars, Near Orion is the constellation Canis Major (Big 
Dog), too low in the southern sky for us to see well, but 
containing the star Sirius that outshines all the others in the 
sky. On the other side of Orion is Taurus the Bull, which 
contains a fine collection of six faint stars known as the 
Pleiades. 

The names of at least sixty constellations have come down 
to us through the years. Besides enhancing our pleasure in 
enjoying the stars, these groups of stars have served the 
astronomer as a set of reference points. He is like the earth- 
bound tourist who studies a road map to find the location 
of a town, say, Springfield, in the state of Illinois. On a “sky 
map,” the astronomer may speak of a star, say, Arcturus, as 
being in the constellation Boötes (the Herdsman). As we 
become more acquainted with the star groups and the sea- 
sons of the year in which they appear, we will enter upon 
a new and exciting experience that has been shared among 
men for centuries. The behavior of stars is more reliable 
than almost anything else in all nature, and an acquaintance 
with them is like standing on the threshold of the universe 
itself, 

On the other hand, the constellations are not true groups 
of stars, for some of the stars in a particular constellation 
may be much closer to us than others. It is only an optical 
illusion that they appear to be in the same plane, Even in 
the great Milky Way, which is a band of billions of stars, 
the stars are scattered near and far from us. And, if we could 
compare the position of the stars in a constellation, we would 
find that they move, sometimes as a group, but often in dif- 
ferent directions. The stars in the Big Dipper, for example, 
are moving away from one another, so that eventually this 
group of stars will have no resemblance to a dipper. 


27-2 The Nearer Stars 


Next to the sun, which is truly a star and very similar to 
many stars we see in the sky, the brightest star is Sirius, in 
the Big Dog. This star is 26 times brighter than our sun, 
but being 8% light-years away it appears only as a bright 
pinpoint of light. A light-year is the distance traveled by 
light in one year—approximately 6 million million miles. Be- 
cause of the great distances involved in the study of the 
stars, it is a matter of convenience to express these distances 
in light-years. The nearest star, Centauri, is only 4 light-years 
from us. The brightness of a star is measured in terms of 
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magnitude, and the difference between one magnitude and 
the next is a factor of 2% times in brightness. We can see 
up to a sixth- or seventh-magnitude star with the unaided 
eye. The brightest stars are of a magnitude of 1 to 0, al- 
though Sirius is so bright we have to use a negative figure, 
—1.58, to designate it. In the Big Dipper five of the seven 
stars are of second magnitude, so it is no wonder that this 
constellation is easy to find. Table 27-1 lists several of the 
brightest stars and a few of their descriptive properties. 


TABLE 27-1 


The distance to the nearer stars is measured by the same 
method that a surveyor uses—triangulation. If a surveyor 
wishes to measure the width of a river, he carefully meas- 
ures the length of a base line on one side of the river and 
then finds the angles between the ends of this base line and 
some point on the opposite shore. In astronomical survey- 
ing, we need as long a base line as possible in order to obtain 
sufficient accuracy in our measurements. If a star is observed 
from the opposite sides of the earth, the diameter of the 
earth would be the base line. The longest and most depend- 
able base line, however, is obtained by making observations 
of a star at six-month intervals. The base line now becomes 
the diameter of the earth’s orbit around the sun, @ distance 
of twice 93 million miles (Fig. 27-3). With this method, the 
distances to as many as 5000 of the nearer stars have been 
measured, 

Once the distances to the nearer stars are known, we may 
derive another important character of the stars—absolute 
magnitude. Our sun is of —26 apparent magnitude, its near- 
ness being responsible for its brilliance. Many stars are far 
brighter than our sun, but because of their greater distance 
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from us they appear as dim stars. If we know the distance 
to a star, as well as its relative brightness compared to our 
sun, we can calculate the actual or absolute magnitude of a 
star compared to our sun. 

We saw in Chapter 20 that the color of a star is an indica- 
tion of its surface temperature. We know that a piece of 
iron is much hotter when it is white-hot than when it is 
red-hot, Similarly, the hottest stars emit light that is strongest 
in the violet end of the spectrum. In general, we may say 
that the temperature of a star varies inversely with the wave 
length of the light in emits, Thus, the coolest stars are red, 
the hottest stars are blue (Fig. 12-6). Although there are 
several complexities in the relation between the color and 
the temperature of the stars, it is through color studies that 
the temperatures are best measured. From the Planck rela- 
tionship (Chapter 12) we saw that the amount of energy 
at different wave lengths is a function of temperature. Hence, 
the most accurate measure of a star's temperature will in- 
volve a study of all the light that the star emits. When we 
say that a star is red, we merely mean that the red wave 
lengths of light predominate, and a spectroscopic examina- 
tion of the rest of the colors must be made before we can 
state definitely the star’s temperature. The hottest stars have 
surface temperatures of almost half a million degrees, while 
the cooler stars may have temperatures of only 1700°C. The 
internal temperature of the stars is quite another matter. 
Because there is no direct means of observing the interior 
of the stars, we can only conjecture about their temperature. 
If a star’s source of energy is similar to the sun’s, its interior 
temperature is probably about 20 million degrees. 

There is an enormous variety among the stars. The diame- 
ter of the largest is 300,000 times as large as the diameter of 
the smallest. There is a thousand times difference in their 
masses, and their densities vary from that of almost a vac- 
uum up to tons per cubic inch. The companion star of Sirius 
is not much larger than the earth, yet is 200,000 times heavier 
in mass, All the stars are completely gaseous, and they are 
held together by gravitational forces even though they are 
sometimes greatly distended by the energy of radiation that 
pours out from their interiors. 

But most of the stars fall into a nice sequence when ar- 
ranged according to temperature, brightness, and size. This 
so-called main sequence of stars (Fig. 27-4) contains many 
of the common stars we see at night as well as our sun. Out- 
side this group of main-sequence stars are several super, or 
giant, stars, which are large, low-temperature, low-density 
stars that are far less common than the main-sequence stars. 
To the lower left of Fig. 27-4 is a remarkable group of stars, 
the dwarfs. These are high-temperature stars with incredibly 
high density and small size; some of them are billions of 
times more dense than the giant stars. 

The stars appear fixed in the sky because from night to 
night and from year to year they seem to occupy exactly the 
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Fig. 27-3. Using the earth’s orbit as a base 
line in the triangulation of a 
star. 


Fig. 27-4. The so-called Russell diagram 
of the principal types of stars: 
magnitude vs temperature. 


Giant stars 


t Main-sequence stars 


Absolute brightness 


High temperatures 


The Universe and Cosmogony 


same positions. However, when we compare photographs of 
certain star groups made several years apart (Fig. 27-5), we 
can be assured that the stars do move. Because of their re- 
moteness, the movement of the stars appears small, but 
repeated observations leave no doubt that there is a high 
degree of unrest among the stars. 

In addition to the movement of stars across our field of 
vision, they may be moving either toward or away from us. 
This kind of motion is called radial motion, so named be- 
cause the movement is along the radius of a circle relative 
to an observer at the center of the circle, The radial motions 
of several stars are listed, under velocity, in Table 27-1. To 
measure the radial motion of a star, we use the Doppler 
principle, mentioned in Chapter 10. You will recall that the 
wave length of a wave train may be increased or decreased 
if the source and observer are moving toward or away from 
each other. Thus, if a star is moving toward us, its light will 
be shifted toward the violet or shorter wave lengths of the 
spectrum. If a particular spectra line for, say, excited hydro- 
gen atoms ordinarily falls at 6563 A, and the same line in 
the light from a star falls at 6540 A, then the star is moving 
toward us. From the velocity of light and the Doppler prin- 
ciple we may calculate the velocity at which the star is 
moving. 


27-3 Variable Stars 


The surprise packages of the night skies are the variable 
stars, which are so termed because they change in bright- 
ness from hour to hour, or month to month. Polaris under- 
goes a 10 per cent change in brightness each four days. Some 
giant stars vary in brilliance by as much as 10,000 times in 
their cycle. Variable stars are found among the nearer stars 
as well as among the farthest ones we can see with the 
biggest telescopes. Many hundreds of them have been ob- 
served, : 

There are several reasons for the variations in a stars 
brightness. The simplest kind of variable star is called an 
eclipsing variable, which is merely a pair or cluster of stars 
that circle around each other, much as planets travel around 
the sun. If the plane of revolution is viewed from the edge, 
one of these circling stars cuts off the light from another star 
in a simple eclipse that is particularly noticeable when the 
stars involved are of different brightness. N 

But there is another group of stars, far more interesting 
than the eclipsing variables, that change in intrinsic bright- 
ness. These are called Cepheid variables, and for some mys- 
terious reason their light undergoes a pulsating brilliance 
over periods that vary from less than half a day to several 
months, Enough Cepheid variables have been observed 
among the nearer stars to provide us with a very valuable 
measuring stick. It has been found that the period of pulsa- 
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Evidence that stars move is 
shown in this pair of photos 
made 22 years apart. The 
change in position of Barnard's 
star in the constellation Ophi- 
uchus is marked. (Yerkes Ob- 
servatory photograph) 
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tion of a Cepheid variable is related to its absolute magni- 
tude. You will recall that the absolute magnitude of the 
nearer stars can be found if we know the distance to them. 
Every Cepheid variable with the same period seems to have 
the same absolute magnitude, and this is all the astronomer 
needs, As he peers into the limitless depths of the universe 
and observes a Cepheid variable, he determines its period 
of pulsation, and this period tells him the absolute magni- 
tude of the star. A comparison of the absolute magnitude 
with the apparent magnitude readily gives the distance 
through which the light from this star traveled, Distances 
of upward of a million light-years have thus been measured. 

Another group of variable stars has a pulsation period 
that is much more extended. These long-period variables 
change in brightness by a factor of hundreds of times, and 
their periods average 280 days. These stars, sometimes called 
Mira stars, are among the largest known. The biggest one 
has a volume over 25 million times that of our sun, though 
it is a much cooler star than the sun. This particular giant 
has a density of only one-thousandth of that of the air we 
breathe, which is almost a vacuum in the ordinary sense. 
How so tenuous a body at a relatively low temperature can 
emit light is indeed a mystery of the universe. 

As we saw in Chapter 23, the energy being radiated from 
the sun seems to have remained remarkably constant. There 
are, however, variations in the brightness of our sun. Some 
of these variations are local in nature and are particularly 
noticeable on certain areas of the sun’s surface. Both sun- 
spots, which last on an average of a few days and occur in 
regions that have previously been bright patches, and solar 
prominences are indications of the variable nature of the 
sun. Even though the sun shows no noticeable variation as 
a whole, we have seen that it is possible that long-period 
variations may have been responsible for the ice ages and 
the glaciation in the geological past. 

At any rate, the structure of the sun’s surface and the ob- 
servable variations in many stars reveal an element of change 
and unrest in the universe. What we may once have thought 
to be static and unchanging is passing through a continuing 
process of alteration and change. This may cause us to 
wonder about the origin of the universe and the process of 
change through which it is now going, and this matter we 
shall consider in detail shortly. 


27-4 Novae and Supernovae 


A nova, meaning a “new star,” is an ordinary-appearing 
star that suddenly flares up to an amazing brilliance, What 
may appear as a common star of no greater absolute magni- 
tude than our sun suddenly increases thousands of times in 
brightness. Then, after a while the nova fades to its original 
status as an ordinary star. Several novae have been studied 
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carefully. Let us consider one of these as a typical example. 

The Nova Aquilae, prior to its outburst in 1918, was an 
ordinary variable star of bluish white color. Then, in the 
course of only a few hours, it burst forth, sending out large 
jets of glowing material. Spectra observations showed that 
the surface of the nova exploded outward at the rate of 
1050 mi/sec. Like a huge Roman candle, two flaming sprays 
came outward, one almost directly toward us and the other 
in the opposite direction, and several smaller jets produced 
a “smoke ring” of luminous gas, all within about six hours. 
This mass of ejected matter continued to move outward, and 
even today it continues its expanding pattern, apparently no 
longer attracted by gravitation to the parent star, which has 
long since died down to its original existence as an ordi- 
nary variable star. In Fig. 27-6 the expanding, glowing gases 
of a nova are photographed fifty years after the original ex- 
plosion occurred. 

Occasionally a star that appears as an ordinarily nova 
bursts forth into a gigantic explosion that literally destroys 
the whole star. These stellar catastrophies are called super- 
novae. The explosion of an ordinary nova may reduce the 
nova’s mass by only a fraction of one per cent, its mass loss 
being equivalent to the energy it releases. But with super- 
novae the process is much more energetic. What little we 
know about supernovae indicates that they are stars that 
have used up most of their hydrogen, so that they no longer 
have enough fuel to operate by a usual nuclear energy reac- 
tion, These fantastic outbursts, in which a major portion of 
their mass is thrown off, may then be considered as a closing 
out of the star because of hydrogen bankruptcy. Supernovae, 
however, are too rare to permit a regular study of their 
habits, The most recent one that occurred close enough for 
observation was in 1885, prior to the time that we had 
sufficiently accurate spectroscopes to study their spectra. 
These magnificent spectacles of the universe, therefore, re- 
main a puzzle. 

The Crab Nebula (Fig. 27-7) is a good example of a super- 
nova. A nebula is a mass of cloud—a thin, almost transparent 
yet glowing region—which at a distance may appear as a 
single star. Upon magnification it may show structure, al- 
though other stars may be seen through it. From a series of 
photographs and spectra studies, the Crab Nebula was 
found to be expanding away from its center at the rate of 
about 70 million miles a day. Hence, from its rate of ex- 
pansion we can calculate back to the time when it star ted. 
The original outburst must have happened about 900 years 
prior to its present status. Interestingly enough, Japanese 
and Chinese records show that a bright new star was ob- 
served in the constellation Taurus on July 4, 1054. It seems 
practically certain that the nebula we now see (Fig. 27-7) 
is the debris of a supernova that burst in a colossal explosion 
at that time. 

In addition to the visible light radiated from the Crab 
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Fig. 27-6. 


Fig. 27-7. 


Nova Persei, 1901, photo- 
graphed 50 years after its orig- 
inal eruption. (Courtesy Mount 
Wilson and Palomar Observa- 
tories) 


The Crab Nebula in Taurus is 
the remains of a supernova ex- 
plosion of a.p. 1054. (Courtesy 
Mount Wilson and Palomar Ob- 
servatories ) 
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Nebula, in recent years other types of radiation have been 
detected. Long-wave radiation in the radio frequency range 
is emitted from this and many other parts of the universe. 
These radio signals (Fig. 29-3) provide a clue to the com- 
position of the star, and oftentimes these signals come from 
otherwise dark regions of the universe. At a wave length of 
about 21 cm, these signals reveal the presence of cool, neutral 
hydrogen atoms. These so-called radio stars provide infor- 
mation about the stars and interstellar space in addition to 
that obtained from the visual light that comes to us from 
the stars. The Crab Nebula also emits X rays and gamma 
rays, and these types of radiation provide clues to the com- 
position and temperature of this part of the universe. 


27-5 Our Galaxy 


A galaxy is a complex system of stars, star clusters, and 
gas and dust that is irregularly distributed within a rather 
well-defined volume. Our galaxy is difficult to visualize be- 
cause we are situated within it, and as we gaze at the Milky 
Way we are looking through the thick portion of it. It is 
shaped somewhat like a sofa pillow, 100,000 light-years in 
diameter, 10,000 light-years thick at the center (Fig. 27-8), 
and contains most of the stars we see in the night sky. 

The solar system is situated in our galaxy about two- 
thirds of the way from the center to the edge. Most of the 
stars and constellations that we see at night with our naked 
eyes are immediately adjacent to our galaxy. Since in the 
winter we are looking outward from the galaxy and in the 
summer we are looking toward the center of it, the Milky 
Way appears much brighter in summer than in winter. When 
we look either to the left or to the right of the Milky Way, 
we are looking out into the voids beyond the edges of our 
galaxy. These edges are not abrupt; rather they taper off 
with fewer and fewer stars until there is nothing. 

Our galaxy is not uniformly populated with stars. In fact, 
if we were to move outside our galaxy we could see that it 
is composed of huge spiral arms that radiate out from the 
center, The structure of these arms may best be visualized 
by actually observing another galaxy outside our own (Fig. 
27-9), Through a careful study of the number of stars in 
various regions of the Milky Way and of radio radiation 
from the atomic hydrogen concentrated in the spiral arms 
of the galaxy, we can show approximately the spiral struc- 
ture of our galaxy (Fig. 27-8). 

In addition to stars and star clusters, our galaxy contains 
a tremendous amount of gas and dust. As we look at the 
Milky Way, we may see several irregular bands where far 
fewer stars appear. These dark patches of the sky are areas 
that contain enough dust and gas to blot out the stars be- 
hind, and where the stars in the Milky Way are thickest, 
these obscuring clouds are the most common. 
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Fig. 27-8. 


Fig. 27-9. 


A cross-sectional diagram of our 
galaxy. 


A spiral nebula, Messier 51, 
showing the spiral structure of 
a galaxy when viewed face-on. 
(Courtesy Mount Wilson and 
Palomar Observatories ) 
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Since quite often the mass of dust and gas in the space 
between the stars is as much as the mass of the stars them- 
selves, the astronomer is much concerned with the composi- 
tion and behavior of all this dust and gas, For one thing, 
the light that comes to us from distant stars must pass 
through billions of miles in which there is considerable ma- 
terial. Even if there is only one molecule of gas per cubic 
centimeter, the light will be sufficiently distorted to require 
compensation. Just as our sun’s light appears more red when 
it passes through a dust cloud, so starlight appears more red 
when it passes through interstellar dust and gas. The ab- 
sorption of light by this dust indicates that a major share of 
it is in the colloidal range of sizes. However, there remains 
much work before a complete understanding of all this dust 
and gas is achieved. 


27-6 Galaxies and the Universe 


Our own galaxy, huge as it is, is not the end of the uni- 
verse, Beyond our galaxy and isolated from one another in 
space are perhaps a billion more galaxies that can be seen 
with our present telescopes. There is no way of knowing 
how many galaxies exist beyond the range of the largest 
telescope because the universe apparently extends without 
limit. Some of these galaxies are spiral-shaped like our galaxy 
(Fig. 27-10), whereas others are irregular. The galaxies 
nearest us appear as faintly visible scraps of the southern 
Milky Way. They were first recorded by Magellan in 1519 
while on his trip around the globe and are thus called the 
Magellanic Clouds. 

The distant galaxies contain thousands of Cepheid vari- 
ables, which appear to behave very much like the Cepheids 
among our nearer stars. By knowing their periods and ap- 
parent magnitude it is possible to calculate the distance to 
them, and this information gives us the best method of meas- 
uring the distances to the nearer galaxies. For example, evi- 
dence from the Cepheid variable stars in the great spiral 
galaxy in Andromeda indicates that these stars are 1,700,000 
light-years away. And this galaxy is so near that we can see 
it with the naked eye as a hazy speck of light in the constel- 
lation Andromeda! he 

The average distance between galaxies is about 2 million 
light-years. With a 100-inch telescope that sees out to about 
500 million light-years, it should be possible to examine 100 
million galaxies. The 200-inch telescope at Mt. Palomar, 
which reaches out twice as far, covers a volume eight times 
greater. With this larger instrument, up to almost a billion 
galaxies can be studied. Most of these galaxies are so far 
from us that the most powerful telescope cannot resolve them 
into individual stars, but their distances can be calculated 
from their apparent brightness. This is truly a bewildering 
universe—a collection, without a known end, of huge gal- 
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Fig. 27-10. 


A spiral nebula viewed edge- 
on. (Courtesy Mount Wilson 
and Palomar Observatories ) 
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axies, each one of which contains at least a billion stars, and 
of stars that are scattered many light years from each other. 
How humble we feel as we become aware of the immensity 
of it all! 

But the universe is not at rest, no more than are the stars 
that make it up. You will recall that some of the nearer 
stars are moving toward us, some are moving away. Within 
our own galaxy there is undoubtedly a great deal of turbu- 
lent motion, for its spiral structure is ample indication that 
there are irregular movements in it. In addition to the move- 
ments of stars within the galaxies, there is a more uniform 
movement on a grander scale—the galaxies themselves are 
gradually drifting farther and farther apart. 

Here is one of the most amazing of phenomena in the 
realm of physical science. A study of the light from distant 
galaxies shows that the spectral lines are all shifted toward 
longer wave lengths. On the basis of the Doppler effect, this 
so-called red-shift indicates that these galaxies are receding 
from us and that the universe is an expanding system of 
galaxies, Although there are other possible explanations of 
the red-shift, it is most commonly explained as the result 
of an expanding universe. 

The red-shift is even more evident for the farthest galaxies 
from us, and this fact implies that these galaxies are reced- 
ing at a more rapid rate than are the nearer ones. Indeed, 
they may be traveling away from us at the rate of 61,000 
km/sec, which is one-fifth of the velocity of light! We should 


Fig. 27-11. A model of the concept of an 
expanding universe, 


not think that all the galaxies are rushing away from us, as 
though we particularly repelled them, for they are all moving 
away from each other. We may easily grasp this idea if we 
inflate a rubber balloon speckled with painted polka dots, 
each representing a galaxy (Fig. 27-11), When the balloon 
is stretched, the dots all move away from each other, and 
this is apparently what is happening to the spacing of the 
galaxies. 
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27-7 Evolution of the Universe 


We are now in a position to assess the facts that have 
been introduced up to this point and to make a tentative 
analysis of their meaning. When we are aware of the size, 
time, and masses involved in the universe, we are naturally 
driven to raise the question—when did it begin? 

Scientific men have long ago given up the idea that the 
date of the Creation can be determined from historical rec- 
ords, such as the sum of the ages of the patriarchs as calcu- 
lated by Archbishop Ussher, It has turned out to be much 
more dependable to keep time by the atoms, the sun, and 
the stars than to rely on the human ability to measure time 
intervals, Similarly, the records of time in the distant past 
appear to be more faithfully preserved in the atoms, the 
rocks, the sun, and the stars than in any man-made records 
that may have been passed down through countless genera- 
tions of prehistoric and historie men. 

Now that we have examined some of these natural records 
that are available to us, let us reconsider them for our im- 
mediate interest. In the study of radioactivity, we found that 
only those isotopes of radioactive elements that have rather 
long half-lives are found in nature, Apparently those that 
have short half-lives have long since decayed into stable 
isotopes. But such radioactive isotopes as uranium-238 de- 
cay slowly enough that we may calculate back to the time 
when a particular uranium ore was laid down as a solid 
portion of the earth’s crust. Thus, we can date rocks, min- 
erals, and the earth’s crust. 

We made a guess as to the age of the ocean by the amount 
of salt it contains and the rate at which salt is added each 
year. We can guess at the age of the moon on the basis of 
its radial movement; it is receding from us at the rate of 
about 5 inches per year. The age of the sun can be estimated 
from the amount of energy it puts out, its brightness, and 
the quantity of nuclear fuel it burns up. The age of the 
galaxies may be estimated simply from their mechanical 
movement, From Newton's first law, a body in motion con- 
tinues in uniform motion unless acted upon by an outside 
force—the galaxies have been moving uniformly in an ex- 
panding universe, At some point in time, they must have 
started from a common origin when tremendous forces sent 
them outward on their travels, A knowledge of the energy 
distribution of the light from stars in our own galaxy gives 
us still another means of making an estimate of the age of a 
portion of the universe. When we assemble all these various 
ages (Table 27-2), we note that there is a striking similarity 
between them. These values are not identical, but they agree 
with each other in order of magnitude to an extent that 
assures us that the agreement is no mere coincidence. 

These figures support the idea that at some time in the 
past, say about three or more billion years ago, things as we 
now know them had their origin. At this time, the earth was 
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probably formed, the moon began its orbit around the earth, 
the stars began to shine, and the galaxies began to start their 
lengthy wanderings into limitless space. If we accept these 
time measurements, we must consider that the universe is 
not a permanent, unchanging system but the result of some 
sort of evolutionary process that began some few billions 
of years ago. Then our curiosity naturally raises the question 
of how the process was started. Was it all done in a single 
swoop? What preceded the 4-billion year mark? If this is 
an evolutionary process, are stars and planets still being 
born? If so, what happens when a star is created? For these 
and many more fascinating questions, scientists are busy 
finding answers. But let us remember as we examine a few 
of these answers that they are only tentative ideas and that 
with more knowledge they are likely to be changed con- 
siderably. 


TABLE 27-2 


How is a star born? Well, let us take a close look at those 
huge dust clouds that obscure various parts of the Milky 
Way as well as parts of neighboring galaxies. They are com- 
posed of helium, hydrogen, carbon, oxygen, nitrogen, and 
so on, probably in chemical combinations that are familiar 
to us. The particles of dust may be considered as ordinary 
dust particles—they scatter light, cast shadows, and exert 
gravitational forces on each other. The clouds may have 
been pushed together by the small forces of light shining 
from the stars (Fig. 27-12). As small clouds formed they 
grew because they obscured starlight, and new dust particles 
were driven to them. If no star comes near enough to cause 
a turbulence and a cloud continues to grow, it may reach a 
size where it has sufficient mass and density to draw itself 
together by gravitational forces. As the cloud begins to con- 
tract it warms up, in keeping with the compressional nature 
of gases as we know them, and, supposedly, these compres- 
sional forces would be strong enough to raise the tempera- 
ture to that required to start nuclear energy reactions. Thus, 
the dust cloud is converted into a star. 
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There are good indications that stars have formed well 
since the “beginning,” because certain stars are much too 
bright to have existed for even as much as two billion years. 
That is, their brightness is so great that they would have 
long ago burned up their nuclear energy if they had started 
two billion years ago. Therefore, they must have been born 
later than many other stars and our sun. So convincing are 
the arguments of the dust cloud hypothesis that, as we shall 
see in a moment, they have been used also to explain the 
origin of the planets in our solar system. 

Now let us turn to a hypothesis concerning the origin of 
the universe. On a grand scale, the famous astrophysicist, 
George Gamow, has drawn for us a most interesting picture 
of what happened at the beginning of the great expansion. 
Prior to the start of the expansion there must have been a 
“Big Squeeze —a completely heterogeneous affair that con- 
sisted of a most unusual collection of primary matter (pro- 
tons, neutrons, and electrons). Temperatures of possibly a 
billion degrees prevailed. The early stages of expansion 
cooled this material and encouraged the formation of atoms 
—particles with neutron-proton cores and electron shells. 
This big squeeze and sudden expansion may have occurred 
in a very short time, possibly an hour, and it may well have 
been like the center of an exploding nuclear bomb. 

Then, according to Gamow, the newly formed atoms ex- 
panded for many millions of years as a uniform mass of gas 
pushing outward and cooling, possibly to “room tempera- 
ture.” Dust particles began to form, and at this stage the 
force of gravity began to break up the gas and dust into 
clouds. This consolidation of particles may seem incon- 
ceivable at first, but we must realize that the random motion 
of gas molecules rules out the possibility of a perfectly uni- 
form gas structure. Occasional irregularities occur even in 
our own atmosphere, but their gravitational forces are too 
small to hold them together. Thus, the gas and dust broke 
up into clouds, with almost nothing between them (Fig. 
27-13), These clouds may have been protogalaxies that 
gradually broke up into smaller clouds that may have been 
protostars, Within these smaller clouds, gravitational forces 
rapidly brought about a contraction that produced high 
temperatures, and the interior of these protostar dust clouds 
became hot enough to start nuclear reactions such as we 
know occur in the sun at the present time. Thus the con- 
tracting dust cloud became a luminous body—a star. Along 
with these protostar dust clouds there may have been much 
smaller clouds that condensed but never reached the high 
temperatures required for nuclear reactions. These smaller 
clouds may have produced the planets. 

Once the stars and planets were formed, we can be fairly 
certain of the progress of the evolutionary process. It is the 
picture prior to the geologic past that is hazy and not well 
understood, For this reason we must view the dust cloud 
hypothesis and the Gamow theory as only tentative ideas. 
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Fig. 27-13. Condensation points in an orig- 
inally uniform system. 
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Gamow summarizes the time factors of the various steps in- 
volved in the evolution of the universe as follows: “It took 
less than an hour to make the atoms, a few hundred million 
years to make the stars and planets, but three billion years 
to make man!” This conclusion reveals an important dif- 
ference between physical and organic processes, Compared 
to the physical evolution of the universe, which required 
only a small amount of time, organic and biological evolu- 
tion has occurred at a very slow rate. 

Regardless of a person’s beliefs, he must consider the vast 
universe with its galaxies and endless space as a miraculous 
creation. The unbelievable size and incredible magnitude of 
the universe are without an explanation. Whatever the im- 
plications for one’s personal views, our present knowledge of 
the universe shows that we stand only upon a threshold 
looking out upon a great outer existence. How little is man 
and yet how great is the world upon which he gazes. Does 
not man have sufficient reason to be humble indeed? 


27-8 Summary 


Constellations are groups of stars that are observable with 
the naked eye in the night sky to which various shapes and 
forms, and often mythological characters, have been as- 
signed. They provide a ready reference to certain regions 
of the sky as well as guideposts in earthly navigation, 

Stars, including our sun, are classed according to magni- 
tude (both apparent and absolute), temperature, and size. 
In such a classification, most stars fall into a main sequence, 
with only a few extremely large ones and very few small 
ones outside this sequence. 

Cepheid variable stars provide a key to the measurement 
of distances to farther stars because their period of varia- 
tion is proportional to their absolute magnitude, 

A star that suddenly flares up, then fades back to its 
original intensity is called a nova; a supernova flares up more 
intensely than a nova and literally destroys itself. 

A galaxy is an island cluster of stars, gas, and dust, sepa- 
rated by great distances from each other. The solar system 
is a tiny part of our galaxy, which is apparently shaped like 
many galaxies that can be observed at a distance. The struc- 
ture of galaxies, with their spiral arms, indicates a great 
degree of movement. 

A study of galactic structures—their movements and dis- 
tances apart—gives considerable basis for theorizing about 
the origin of the universe. The red-shift of star spectra indi- 
cates that the universe is probably expanding, and, along 
with the ages of various portions of the universe, we have 
considerable evidence to support our ideas about the process 
by which the universe has reached its present status. 
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EXERCISES 


A, KEY TERMS TO REMEMBER 


Cepheid variable star light-year nova 
constellation main-sequence star radio star 

Crab Nebula Milky Way red-shift of star 
eclipsing variable star Mira star spectra 
galaxy nebula supernova 


B. QUESTIONS ABOUT THE UNIVERSE AND COSMOGONY 


1. Using the diagrams of the constellations in this chapter, lo- 
cate as many of them as you can in the sky on a clear, moonless 
night. 


2. If you are an amateur photographer, take a picture of the 
North Star with a time exposure of at least half an hour. Explain 
the apparent motions of the stars that are recorded in this manner. 


3. List the different kinds of variable stars. 


4. What is the relationship between the color of a star and its 
temperature? 


5. Explain the method of measuring astronomical distances by 
observing Cepheid variable stars. What assumptions are the as- 
tronomers making? 


6. Is it possible to have a longer base line than the earth’s 
orbit for measuring stellar distances by the triangulation method? 


7. Explain why the Milky Way appears much brighter in sum- 
mer than in winter. 


8. Bearing in mind the structure of a typical galaxy, what do 
you suppose would happen if two galaxies collided with one an- 
other? 


9. Discuss one of the modern theories concerning the process 
by which the universe was formed. 


10. In the study of the movement of stars in a galaxy, the 
spectra of the stars in the galaxy are examined. Which view of a 
galaxy would be better to study for this purpose, an edge-on view 
or a face. on view? (Compare Fig. 27-9 and Fig. 27-10). 


11. Consider the possibility that the Star of Bethlehem might 
have been the result of a natural phenomenon described in this 
chapter. In view of the Biblical account that this star shone 
brightly for several weeks and then passed away, what might it 
have been? 


12. From Table 27-2, estimate the age or time at which 
Gamow’s “Big Squeeze” and sudden expansion might have oc- 
curred, 


13. Is it possible that a universe exists outside our known. uni- 
verse? Keeping in mind the velocity of light, how would it be 
Possible to know about such other universes? 


14. Explain the differences in the ages shown in Table 27-2. 
For instance, why is the calculated age of the oceans considerably 
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smaller than the calculated age of the moon even though they 
may be actually the same age? 

15. We probably know more about the structural shape of 
other galaxies than our own. Why? 
C. PROBLEMS ABOUT THE UNIVERSE AND COSMOGONY 


1. What would be the wave length of the spectra line of hydro- 
gen observed in the star Aldebaran that ordinarily is 6563 A? See 
Table 27-1 for the radial movement of this star. 

the 


2. Recalling that light intensity falls off with the square of 


4, If a nova changes in apparent brightness from magnitude 6 
to magnitude 1, how many times brighter has it become? 


Twenty-Eight 


The Availability 
of Energy 


© encountered the concept of energy early in our study 

of physical science, In Chapter 2, energy was defined as 
the capacity for doing work, and work was defined as a 
certain force operating through a certain distance. These 
definitions give us a mechanical concept of energy, but we 
have, of course, encountered other forms of energy—bheat, 
chemical, nuclear, and radiant energy. 

Although the material composition of a system is often of 
Primary interest to us, there are other properties that may 
be equally important. The temperature, pressure, heat con- 
tent, motion, and electrical charge may be of more immedi- 
ate concern than the chemical composition of a substance. 
For example, we are usually more interested in the energy 
of a rifle bullet traveling at 3000 ft/sec than in its composi- 
tion. When a thousand tons of rock slide downhill in a 
mighty avalanche, it is the conversion of potential energy 
to kinetic energy that particularly concerns us, We burn 
oline in our automobiles not for the carbon dioxide and 
water vapor that issue from the exhaust pipe, but for the en- 
ergy that is released by the combustion process. When we 
burn fuels to heat our homes, we purposely discard the com- 
bustion products but conserve the heat energy that is 
evolved, 

But how do we obtain energy when we want it? Are we 
merely content to drive into the nearest gasoline station and 
say “fill ‘er up"? Why do we use gasoline for fuel in our auto? 
Why not use water or some other material that would be 
much cheaper? The answer to this is obvious to most of us— 
gasoline is a readily available source of energy whereas 
Water, unless it is permitted to fall through a hydroelectric 


s5 


The Availability of Energy 


generator, is almost useless as a direct source of energy. 
We use water in a steam boiler to drive the piston of a 
steam engine, but we must first supply the energy of burn- 
ing coal to the water to convert it into steam. The water 
serves merely to transport the heat energy. è 

Now we turn our attention to some of the basic aspects 
of energy in general—where do we find it, how can we con- 
trol and use it, and what factors determine when it is avail- 
able to us? 


28-1 Sources of Energy 


Perhaps the most “primitive” source of energy that is still 
common to all of us is biochemical energy—the energy pro- 
duced by the muscles of a man or an animal. As we con- 
sume foods, their stored-up chemical energy is converted 
into heat and muscle energy. Through many ages man has 
capitalized upon his own or animal biochemical energy to 
do his work, and this type of energy continues to be im- 
portant even in our modern day, for who among us would 
wish to be without our own muscle energy to propel us 
about our daily activities? 

In modern times, less and less animal power is used to 
supply our energy needs, while more and more mechanical 
power is put to use. In this country we employ 50 times as 
much energy to run our machines as we do to run our bodies. 
In order to supply the tremendous amounts of mechanical 
power required by our modern civilization, we draw upon 
the natural storehouse of energy in the earth’s crust. The 
most common sources of this energy are the fossil fuels: coal, 
oil, and natural gas. These fuels were created by complex 
geological processes that are not fully understood. Appar- 
ently, dense, lush forests of abundant plant life were de- 
posited and converted into an organic sedimentary rock that 
became the deposits of coal in the earth’s crust. Oil and 
natural gas fuels, as noted in Chapter 16, apparently resulted 
from marine micro-organisms that operated upon organic 
sediments and were later capped by an impermeable layer 
of younger sedimentary rock. The whole process of petro- 
leum formation remains much of a mystery, although it is 
generally agreed that its primary origin was plant and ani- 
mal life in the ocean. 

There is considerable variation in the estimates of the 
quantities of the fossil fuels ultimately available in the 
United States (Table 28-1). The world fuel reserves are esti- 
mated to be approximately three times those shown for the 
United States. Note that coal is far more abundant than oil 
and gas, and we must expect that as the reserves of oil and 
gas are used up, we will need to fall back on coal, unless 
other sources of energy are developed. This will require con- 
siderable changes in either the manner in which we use the 
fuel or in its preparation. Because of the popular trend to- 
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TABLE 28-1 


ward liquid and gaseous fuels, we will need to find cheap 
methods of converting coal into one of these kinds of fuel, 
which will pose many problems for the fuel scientist and 
engineer. 

Most of these scientists and engineers have been quite 
unwilling to face the possibility of low future petroleum re- 
serves. Although the annual production of petroleum in the 
United States has steadily increased up till now, it is ex- 
pected that in not too many years our production will gradu- 
ally fall off as new oil reserves become scarcer. The search 
for new deposits is intense—yet only one in nine of the 
wells drilled in new fields (called “wildcat” drilling) is suc- 
cessful; the other eight attempts result in “dry holes.” When 
we examine the pattern of petroleum production throughout 
the world, we find that Poland, Mexico, Germany, and sev- 
eral other countries have already passed their years of peak 
production. These conditions may be partly due to political 
influences, but even in the favorable production climate of 
the United States, several of our states have reached their 
peak production. Such big oil producing states as Oklahoma, 
Pennsylvania, and West Virginia have passed their peak 
years, but, fortunately, new fields along the Gulf coast of 
Texas and Louisiana and in North Dakota have made up 
for the dwindling production elsewhere, so that our national 
production of petroleum has continued to increase. The peak 
of petroleum production in Russia and the Middle East is 
hot expected to be reached until sometime after our peak 
is passed. 

The brightest hope for satisfying our fuel needs in the 
long run lies in the development of energy from other 
Sources besides fossil fuels. The primary source of energy, 
the source that supplies the energy contained in our fossil 
fuels, is solar energy, the origin of which we have already 
examined. Man has used solar energy in one form or an- 
other for centuries, and we need not fear its depletion for 
billions of years. The use of solar energy directly, however, 
has not been popular because we have not learned how to 
use it effectively. The sun’s rays may be reflected by a mirror 
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to produce temperatures high enough to cook food. Re- 
flectors, three and a half feet in diameter, are sufficient to 
bring a quart of water to boiling in January, but if the day 
is cloudy or if we wish to fry steak at night, solar energy is 
of little value. 

So intriguing are the possibilities of harnessing solar en- 
ergy for direct use that much research is currently under- 
way on this problem. In the French Pyrenees, a huge 40-foot 
parabolic mirror is being tested as a practical means of cre- 
ating high temperatures. This solar furnace can produce 75 
kilowatts of power and temperatures up to 3000°C. In the 
United States, several research groups are using parabolic 
reflecting mirrors to produce high temperatures, One of these 
is ten feet in diameter (Fig. 28-1), and others are adapted 
from the mirrors used in military searchlights. 

The conversion of solar energy directly into electrical en- 
ergy has been achieved by the so-called solar battery. A rural 
telephone system in Georgia has been successfully operated 
by solar energy stored by use of these cells. 

Solar energy is used indirectly in several ways, the most 
important of which is the storing of solar energy in plants 
through photosynthesis. In this process, discussed in detail 
in Chapter 18, plants capture solar energy and store it in 
the form of chemical energy. This energy may later be re- 
leased through combustion or through the consumption of 


Fig. 28-1. Solar furnace designed primarily for research studies. The sun’s 
rays, focused by a parabolic mirror are capable of producing 
temperatures up to 5000°C. (Courtesy Convair Division of Gen- 
eral Dynamics Corp.) 
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foods, Our lives depend upon this process, although, on the 
whole it is not very efficient, and only about 0.15 per cent 
of the sun’s energy arriving at the earth is caught and stored 
by plants. 

Waterpower, which has long turned the wheels of indus- 
try for man, is indirectly the consequence of solar energy. 
Through the action of the sun, water is evaporated from 
streams, rivers, and oceans and it then falls as rain on the 
uplands. Part of this water is collected in reservoirs and per- 
mitted to flow through hydroelectric generators in a con- 
tinuing production of usable power from a renewable 
resource. Many of our best power sites have already been 
utilized, and silting due to soil erosion is causing increas- 
ing concern. In spite of our efforts to employ this source of 
energy, however, waterpower will never provide much more 
than 4 per cent of the energy needs of the United States. 

Most of the energy of the wind comes from the sun, The 
interplay of cool and warm air fronts, which produces high 
and low pressure areas and powerful convection currents, 
generates considerable amounts of energy. It has been esti- 
mated that 2 per cent of the solar energy reaching the earth 
is converted into winds. Man has never attempted to har- 
ness wind energy on a very great scale, although in certain 
parts of the world wind power has been of vital importance. 
The Dutch literally pumped the ocean off their land with 
windmills, but these have largely been replaced with diesel 
and electric pumps. The windmill on our western plains has 
also been replaced. In many parts of the world interest in 
harnessing wind power is increasing, for it is a renewable 
resource, and yet it will probably never contribute more than 
2 per cent to the energy needs of the world. 

The tides are another source of energy that might be util- 
ized. The energy of the tides is directly traced to the ro- 
tational energy of the earth—in fact, as we have seen, the 
tides are slowing down the earth’s rotation at the rate of 
about one second every thousand years. This tidal energy 
is tremendous, but engineers have not yet succeeded in har- 
nessing it to a significant extent. Although there are some 
small tide-power plants in operation, engineers do not ex- 
pect this form of energy to supply much more than a trace 
to the energy needs of the world. 

In Chapter 26 we saw how promising the possibilities are 
of harnessing the energy of nuclear changes. Economically, 
this source of power is nearly competitive with fossil fuel 
energy. (It is expected that the cost will be 5.5 to 6 mills 
per kilowatt-hour at nuclear plants which are presently un- 
der construction.) As our energy demands rapidly increase, 
nuclear energy will become a common means of generating 
power, Engineers estimate that it may even be the most im- 
portant source of energy for the world by the year 2000. 

Nuclear power holds our hopes for energy in the future, 
in spite of the problems it brings. People must be made 
aware of all aspects of this new source of energy: the role 
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it will play in our society; the importance of developing it 
in order to lessen the demand on our fossil fuels; the realiza- 
tion that it probably will be in electrical form and what this 
will mean to industry and society. The problem of radio- 
active waste disposal must also be solved. 


28-2 Conservation of Mechanical Energy 


A good many of us, including scientists as well as non- 
scientists, have probably at one time or another dabbled 
with the idea of creating energy by a perpetual motion ma- 
chine. The history of science tells of many attempts, some 
of which were quite elaborate, to create energy by what 
might be called “boot-strap” methods. Not only have these 
attempts failed, they have shown conclusively that creating 
energy from nothing is an impossibility. In addition to em- 
pirical proof, there are sound theoretical principles that rule 
out such a creation of energy by any process now known to 
man, Since it is hardly worth our efforts to try to construct 
a “perpetual motion” machine, let us examine some of the 
natural phenomena that illustrate the idea of conservation of 
mechanical energy. 

In Chapter 5 we saw that a pendulum in the form of a 
swing (Fig. 5-12) represents a conservative system. That is, 
the potential energy of the pendulum is a maximum at the 
end of the swinging arc, while at the middle of the are the 
potential energy is a minimum, The loss of potential energy 
is accompanied by an increase in kinetic energy, and, as the 
swing goes to and fro, the potential energy, mgh, is con- 
verted into kinetic energy, mb, and then back again into 
potential energy, The mathematical equation for this rela- 
tionship is: 

mgh = He mo? (28.1) 


This equation, derived from Equations 5.12 and 5.13, tells 
us quantitatively the amount of mechanical energy that is 
converted continuously from potential energy into kinetic 
energy in a swinging pendulum. 

It is not always easy to account for all the energy changes 
in a system, but the more we refine our experiments in test- 
ing the principle of conservation, the more we are led to the 
conclusion that energy is always conserved. For example, 
when we drop a steel ball onto a smooth steel plate, we find 
that the harder we make the ball and the smoother we make 
the plate the more nearly the ball bounces to the height 
from which it was dropped. If we perform this experiment 
in a vacuum, the results almost substantiate the principle, 
and if we could reduce the loss of mechanical energy to 
other forms of energy such as heat, the results would pre- 
sumably coincide exactly with the conservation principle. 

A major railroad that crosses the Rocky Mountains makes 
an interesting application of the conservation principle, 
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thereby saving substantial amounts of electrical energy. As 
a train, pulled by an electric locomotive, climbs a mountain 
it uses large amounts of electricity, but as it crosses the pass 
the engineer changes the motors into generators. When the 
train rolls down the other side, the locomotive generates 
electrical energy and sends it back into the trolley wire. The 
kinetic energy of the moving train is transformed into elec- 
trical energy, and this slows the train to a safe speed as it 
descends the mountain. The regenerated electrical energy 
represents a return of the energy that was required to pull 
the train up the mountain, and this electrical energy can be 
used to pull another train up the same grade, or it can be 
returned to the power company. In either case, the conserva- 
tion principle is used to reduce the cost of electricity and 
thus to reduce “fuel” costs. 


28-3 Conservation of Energy in Atomic Systems 


One of the most amazing principles of physical science 
was revealed by a study of the energy of the components of 
atoms. As early as 1902, electrons were discovered to have 
a mass that varies with their velocity. When high-speed elec- 
trons such as beta rays were passed through electrical and 
magnetic fields and deflected by the well-known principle 
used in the mass spectrograph, it was found that their mass 
increases with velocity. We now know that theoretically the 
mass of an electron or of any particle, charged or neutral, 
would become infinite if its velocity were to become equal 
to the velocity of light. This idea was developed by Einstein 
and appeared in his now famous theory of relativity in 1905. 
While it is beyond the scope of our work to derive the re- 
lationship, the equation that relates the change of mass 
with velocity is: 

ma 


m —— 


; 
1 (28.2) 
A 


Where mo is the mass of an object at rest, m its mass when 
traveling at a velocity v, and c the velocity of light (approxi- 
mately 3 X 10% m/sec). At ordinary velocities such as those 
achieved by automobiles or even airplanes, v is so small 
compared to c that the mass is little affected. But in the study 
of subatomic particles, we encounter alpha and beta particles 
that travel with velocities up to 90 per cent of that of light. 
At these high velocities, the mass of the particles becomes 
noticeably larger than their mass when they are at rest. 

At first thought, this idea of mass changing with velocity 
May appear strange. Does an object have more molecules 
in it when it is moving? It is inconceivable that merely im- 
Parting velocity to an object would endow it with more mole- 
cules, If no tangible matter has been added to the object, 

en mass cannot be the primary measure of the matter in 
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an object. How then do we account for the increase in mass 
of an object when it is moving? 

In order to answer this question let us rearrange Equation 
28.2 according to an algebraic procedure that need not con- 
cern us here. If the velocity of the object is small compared 
to c, then, through this rearrangement, the equation will be- 
come: 


$ 
m= m p A (28.3) 


This expression now answers our question because we can 
see immediately that the increase in mass is due to the last 
term in Equation 28.3, which may be defined as: 


Va mov? kinetic energy 
Cae a 

Since c, the velocity of light, is constant, the increase in mass 
of a moving object is directly related to its kinetic energy. 
This gives us the sum and substance of the principle of the 
conservation of mass-energy. 

Up to now we have dealt with mass and energy as two 
independent entities. In our ordinary experience with me- 
chanical energy changes, we may continue to do so. How- 
ever, whenever we wish to account precisely for all the 
energy in a system, we must realize that when we impart 
kinetic energy to an object, the mass of that object becomes 
greater. For each joule of energy supplied to a given mass, 
that mass becomes greater by 1.1 X 1017 kg. Since a joule 
of energy may be expressed as heat or electrical energy as 
well as mechanical energy, we may make an important gen- 
eralization. We may say that the total energy of a closed 
system is constant, that energy may change from one form 
of energy to another, and that energy may even change to 
mass. The ramifications of this principle of conservation 
are far-reaching and interesting. Let us consider a few 
examples. 

Suppose we have 10 kilograms of iron at room tempera- 
ture. What will happen to its mass if we warm it to cherry- 
red heat? When we add heat to the iron we are adding 
energy. We know that one calorie of heat is equivalent to 
4.18 joules and that it will require in the neighborhood of 
1.5 X 10° calories to bring this piece of iron to red heat. 
Thus the mass of the iron will be increased by: 


1.5 X 10° cal X 4.18 joules/cal X 1.1 X 

10-"7 kg/joule = 9.5 X 10-11 kg 
This is a very small, but measurable, increase in the observ- 
able mass of the iron. 

Another interesting example of the principle of the con- 
servation of mass-energy is shown by comparing the mass 
of an atom with the masses of its component parts. For in- 
stance, the helium nucleus contains four particles: two 
protons and two neutrons. When these four particles are 
combined in the nuclear structure, they have a rest mass of 
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4,0028 atomic mass units. But the masses of two protons (2 N 
1.0076) and two neutrons (2 X 1.0090) when taken indi- 
vidually add up to 4.0332 atomic mass units, or approxi- 
mately 0,03 mass units greater than when these four particles 
are combined in the helium nucleus. It would appear that 
the sum of the parts is greater than the whole, but we must 
remember that on account of the binding energy within the 
nucleus (Chapter 26) a great amount of energy must be 
supplied to the helium nucleus in order to separate it into 
its components. In fact, it is the reverse process—the com- 
bining of these individual particles—that accounts for the 
release of the tremendous quantities of energy by the sun. 
The breaking up of the helium nucleus is endothermic, 
whereas the building up of the helium nucleus is exothermic. 
Furthermore, the change in mass accompanying these proc- 
esses is a direct measure of the amount of energy gained or 
lost by the system in the change. 

A rather startling example of the mass-energy relationship 
is observed in subatomic studies of the collision between an 
electron and a positron. Both of these charged particles have 
measurable masses prior to their collision. However, at the 
instant of their collision with each other, their total mass is 
converted into energy in the form of gamma rays, the en- 
ergy of which is equivalent to the combined masses of the 
two particles (Fig. 28-2). We may say that mass has been 
converted into energy, or that mass is a form of energy, or 
that mass and energy are equivalent to each other, but in 
whatever manner we say it, the principle, which is well 
established and proved, is the same. 

In an earlier chapter, we encountered the idea of the 
conversion of mass to energy according to the equation: 

E = me 
This equation gives us the relationship between energy and 
mass when m kilograms of mass are converted to E joules 
of energy. The quantity c is again the velocity of light. This 
is merely another revelation of the quantitative relation be- 
tween mass and energy, The application of this principle to 
radioactivity, nuclear transformations, fusion, and fission has 


literally opened the door to the golden age of modern sci- 
ence. 


28-4 Conservation of Heat Energy 


We have already seen in Chapter 20 that there is a definite 
relationship between heat energy and mechanical energy. 
The so-called joule equivalent of heat and mechanical en- 
ergy is given by the expression: 1 calorie of heat = 4.18 
joules of energy, or 1 Btu = 778 ft-lb. In practically all me- 
chanical processes, we encounter friction—that is, a loss of 
a certain amount of mechanical energy. It is impossible to 
construct a machine that has frictionless bearings or gears. 
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Even in operating a well-lubricated automobile, over two- 
thirds of the energy generated by the engine is dissipated 
through friction in the drive train, gears, axles, and tires. 
This “lost” mechanical energy is converted into heat energy, 
as you may easily ascertain if you examine how warm the 
tires and the operating parts of your car get after a drive. 

Let us study the energy changes that occur in a gas when 
it is under pressure. When a gas under pressure is released 
it cools off noticeably. The compressed air that rushes out 
of a tire, for example, feels delightfully cool even on a hot 
day. But why does the compressed air cool off when it ex- 
pands? The answer to this question lies in the conservation 
principle. The air rushing out of the tire must push back a 
certain amount of air, That is, the expanding air performs 
work on the surrounding atmosphere, The energy required 
to do this work must be provided from some source, and, 
unless outside heat energy is supplied, this energy is taken 
from the kinetic and potential energy of the molecules of 
the expanding air. Consequently, the temperature of the air 
is reduced in proportion to the loss of this kinetic energy. 

The thoughtful person at this point may suggest that we 
permit a gas to expand into a vacuum. Such an expanding 
gas needs to perform no work in expanding because it is 
expanding against nothing. Since it is not necessary to push 
anything out of its way, its temperature should remain con- 
stant (Fig. 28-3), This idea was tested early in the nine- 
teenth century by the Frenchman, L. J. Gay-Lussac, and later 
by James Joule of England, and found to be true. In other 
words, if a gas does no work on its surroundings it will not 
use up any of its internal energy. 

The principle of conservation of heat energy is a special 
case of the general principle of conservation of mass-energy. 
However, heat energy is of prime importance in practical as 
well as theoretical matters, for our modern civilization would 
come almost to a standstill without heat engines of one kind 
or another. Consequently, a great deal of study has been 
made on the heat changes that occur in many physical and 
chemical changes. This field of study is called thermody- 
namics, and it has been extremely helpful to the practicing 
engineer, the laboratory scientist, and the theoretician. 

The law of conservation of heat energy is sometimes called 
the first law of thermodynamics. In simple terms it may be 
expressed as follows: 


heat added to a gas = increase in internal Gnat + 
work done by the gas 


This law states briefly that heat energy when added to a gas 
is converted into two other kinds of energy—internal en- 
ergy and work. Suppose we confine a gas in a cylinder that 
is fitted with a frictionless piston. If the gas is not permitted 
to do any work, that is, if it is not permitted to expand, then 
all the heat energy becomes internal energy (Fig. 28-4). 
This is understandable if we remember that heat is essen- 
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Fig. 28-3. A gas expanding into a vacuum 
does no work. 


Gos + heot —> Gas + increase 


in internal energy 


Fig. 28-4. The change in internal energy 
of a gas heated at constant 
volume. 
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tially an energy concept and that the amount of heat present 
in a gas is manifested by the kinetic and potential energy 
of the gaseous molecules. But if we permit the gas to do 
work when the gas is heated, part of the heat energy is used 
up in doing work (Fig. 28-5). Since work is force times dis- 
tance, we may measure the work done by the gas if we 
know the force of the expansion against its surroundings 
and the distance that the piston moves. 

An entirely different example may throw more light on 
the meaning of the first law of thermodynamics. We have 
all seen water boil in a teakettle. We know that the water 
continues to boil in a kettle only as long as heat is supplied 
to it, Once we turn off the stove, the water ceases to boil. 
Careful measurements reveal that each gram of water re- 
quires 540 cal of heat to convert it to steam at 100°C and 
at atmospheric pressure. When one gram of water changes 
to steam it expands 1700 ems. That is, the steam from one 
gram of water must push back the air and expand into a 
volume of 1700 cm’, which is like pushing an invisible piston 
and forcing the atmosphere away to this extent. The work 
done by the steam as it expands is 170 joules, or 42 cal. Of 
the 540 cal, these 42 cal are used up in work. The remaining 
498 cal become associated with the internal energy of the 
steam molecules. The principle of conservation of energy 
tells us here that all the energy added to the water in mak- 
ing it boil is fully accounted for. 


28-5 Heat Engines 


There are several kinds of successful heat engines. Piston 
and turbine steam engines have long been favorites in trans- 
portation and for electric power generators. These engines 
are sometimes called external combustion types. In them a 
fuel such as coal, oil, or gas is burned and the heat is sup- 
plied to a boiler where water is converted into steam at 
elevated temperatures and pressures (commonly at a tem- 
perature of 200°C and a pressure of 200 Ib/sq in.). The 
high-pressure steam is then permitted to expand, either 
against a piston or through a series of rotating vanes, and 
it is the energy released by the expansion of this steam that 
is converted to mechanical energy. As the steam expands, it 
does work by pushing either the piston or the vanes, and 
we may calculate the work performed if we know the force 
and distance through which this action occurs. 

The internal combustion engine is used as the motor in 
our autos, trucks, buses, and diesel trains. In these engines, 
a combustible fuel, mixed with air, is drawn into a cylinder. 
Upon the firing of the fuel-air mixture, a rapid combustion 
occurs that releases the stored-up chemical energy in the 
form of heat. The combustion products—carbon dioxide, 
water vapor, and the residual nitrogen from the air—are 
warmed up suddenly to temperatures of about 3500 F. The 
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Fig. 28-5. The change in internal energy 
of a gas that is heated and per- 
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resulting gases at high pressures are then permitted to ex- 
pand against a piston, thus generating mechanical energy. 
Again, if we know the force and distance through which the 
expanding gases operate, we can calculate the work accom- 
plished. 


28-6 The Efficiency of Heat Engines 


We now see that it is impossible to convert all the energy 
in a given quantity of heat into mechanical energy. It is in- 
conceivable that we could attain either an infinitely high 
temperature for the intake or absolute zero for the exhaust 
temperature. Consequently, we are faced with the fact that 
no heat engine can operate 100 per cent efficiently. 

The efficiency of a heat engine is the ratio of the amount 
of heat used by the engine to the total amount of heat avail- 
able to the engine. Thus: 


‘ heat added — heat exhausted 
e heat added 


Since the heat energy of a system is directly related to its 
absolute temperature, we may define the efficiency of a heat 
engine in terms of the temperature of the intake, Ta, and the 
exhaust, Ty: 
TT 
T2 
If a steam engine operates with an intake temperature of 
500°K and an exhaust of 300°K, its maximum efficiency 
would be 


efficiency = (28.4) 


i 500° — 300° 
efficiency = 72500 


= 0.40 or 40 per cent 


Most heat engines operate at much lower efficiencies than 
the one illustrated above. In an actual heat engine, there 
are considerable losses of energy through friction. The piston 
that slides up and down the cylinder, the crank bearing that 
attaches the piston to the drive shaft, and the system of 
valves that controls the intake of fuel and air and that re- 
leases the exhaust all create friction that detracts from the 
maximum work produced by an engine. 

A typical modern motor car may use only 5 per cent of 
the energy contained in the original crude petroleum that is 
the source of heat energy for its heat engine. For instance, 
let us consider 100 units of crude petroleum as they occur in 
a natural deposit. It requires 4 of these units of energy to 
produce the crude petroleum, that is, to drill the oil well 
and to pump out the petroleum. In the refining process, the 
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100 units of energy dwindle to 83.5. Transportation to the 
filling station uses up 2.5 units. The engines of our cars op- 
erate at a thermal efficiency of 29 per cent, as measured 
experimentally. The theoretical thermal efficiency, as pre- 
dicted by Equation 28.4, would be somewhat higher, but 
further energy is siphoned off by the auxiliary devices on 
the car, the drive train, and the tires. By the time the car 
is being pushed forward against the friction of the wind, 
only 5 units of the original 100 are doing useful work. Table 
28-2 summarizes this information. 


TABLE 28.2 


In spite of the low efficiency of the modern car, the trend 
is to drive heavier cars that are loaded with more energy- 
consuming gadgets and equipped with softer tires. At the 
same time, we insist that our cars must have engines large 
enough to provide a maximum speed of 100 mi/hr, whether 
we use this speed or not. Such a car requires an engine that 
is three and one-half times more powerful than one designed 
for a maximum speed of 50 mi/hr. The aggregate horse- 
power rating of registered motor vehicles in the United 
States is about 4 billion, but because of the low efficiency 
and the fact that the engine does work only part of the time 
(not when idling at a stop light, for instance), only 0.2 per 
cent of this rated horsepower is realized. We are indeed an 
over-powered people who are dissipating our heritage of 
fossil liquid fuel at an alarming rate, although we appear 
to be having a wonderful time doing it! 

It is only fair to add that the use of these large quantities 
of energy provides us with a standard of living that is un- 
equaled in any other large country in the world. Our effi- 
cient transportation gives us a unity of understanding that 
may be one reason why our democracy works as well as it 
does. Children are transported to better schools; we can 
travel to see how others live and to share ideas with people 
thousands of miles from our homes; and we can produce and 
distribute goods, something that would be impossible with- 
Out rapid means of transportation. 
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28-7 The Availability of Useful Energy from Heat 


In our examination of heat engines, we have met an im- 
portant principle that governs the availability of heat energy 
for useful work: we must operate a heat engine between two 
different temperatures. We find that heat energy cannot be 
completely converted into mechanical energy nor can we 
expect to derive mechanical energy from a single reservoir 
of heat energy. With this experience in mind, we now come 
to another basic law of heat energy, the second law of ther- 
modynamics. This law is a restriction of the first law, which 
was essentially a law of conservation of heat energy. The 
second law may be stated: heat energy will not flow from a 
cooler to a warmer body. Although it would be foolish to 
try to warm our hands on a cake of ice, there may be con- 
siderable heat in the ice. Since the heat in ice is at a much 
lower level than the heat in our bodies, heat cannot flow 
from the ice to our hands. 

In general, objects never run uphill by themselves. If we 
wish to have water run uphill, we must supply outside en- 
ergy to pump it up the hill. The essence of the second law 
is based on this fact: energy has never been observed to lift 
itself spontaneously to a higher level. We may see a rock 
roll downhill but never uphill from rest. A clock gradually 
runs down because the potential energy of its spring is used 
up to run the clock; but we never see a clock wind itself— 
energy in some form must be supplied from the outside to 
keep it running, Even in the most complex energy trans- 
formations, there is a forward direction to the process, for 
only by superposing an outside energy upon the system can 
it be reversed. For example, the burning of gasoline in a car 
creates heat and mechanical energy, but it is inconceivable 
that the exhaust gases should recombine with the heat and 
mechanical energy of the process to form the original gaso- 
line. For some strange, yet dependable reason, processes 
that release energy do not reverse themselves without the 
expenditure of outside energy upon them. 

The spontaneous nature of these energy processes may be 
described by still another statement of the second law, a 
statement that will involve two new terms which we shall 
now consider. One of these terms is free energy. Free en- 
ergy is the driving energy in a process; it is the useful energy 
that we may derive from any chemical or physical change. 
In short, the free energy is the net work produced in these 
processes. In an ordinary dry cell, the chemical change pro- 
duces both electrical and heat energy, but the only useful, 
or free, energy that is made available is the electrical energy, 
since the heat energy is lost as so much “friction.” When a 
pile driver drops its hammer, most of the kinetic energy of 
the hammer is transferred to the stake, which is forced into 
the earth. But the hard oak block of wood that the hammer 
strikes becomes heated to the point of ignition. This heat is 
lost energy, unavailable for work. 
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The second new term is entropy. Entropy is a somewhat 
abstract term, yet it concerns all of us in our daily lives. 
Entropy is randomness. If we hold three coins in our hand 
and toss them onto a flat surface, what happens? Do the 
coins remain near each other or do they tend to scatter? If 
we place three or four white pebbles together on a beach at 
low tide, will they remain near each other when the tide 
comes in or will they become scattered up and down the 
beach? These simple experiments soon lead us to an impor- 
tant concept of natural science—things tend to become scat- 
tered and mixed up with other things. Even energy has a 
tendency to dissipate and become scattered. For instance, 
the heat energy in a piece of hot iron soon radiates to the 
surroundings and becomes uniformly distributed in the ob- 
ject and the air nearby. The solar energy that pours out from 
the sun travels on and on until it eventually becomes scat- 
tered throughout the universe. Consequently, we may say 
that the entropy of the universe (the randomness) is increas- 
ing. 

Let us now combine the terms, free energy and entropy, 
into a new statement of the second law; in a thermodynamic 
system: 


total heat supplied = free energy + entropy 
or we may say: 
total heat supplied = useful work + energy rejected 


In a simple heat engine, these quantities are related to each 
other as in Fig, 28-6. 

On the college campus, the student body possesses more 
entropy (randomness) when all the students are at home 
studying than when they are at a football game. An ordered 
state of affairs has low entropy. Hence, if all the freshmen 
sat in one section, the sophomores in another, and so on, there 
would be less entropy than if all the classes sat together. 
Any sorting or arranging of the fans in the bleachers would 
decrease the entropy of the football crowd, and the entropy 
would be much greater after the game when the spectators 
dispel and scatter. 

In order to reverse the scattering process, outside energy 
Must be supplied. An intentional effort must be made to 
sort things out, to recover the coins that have been dis- 
persed, to place the white pebbles together again, and to 
Play another football game. 


28-8 Energy in Natural Processes 


Since free energy is the driving force in an energy trans- 
formation and entropy is the Scattering effect that naturally 
accompanies a spontaneous process, the entropy in the uni- 
Verse tends to reach a maximum and the free energy tends 
to become a minimum. Let us consider several natural proc- 
esses and find out how these two concepts apply. 
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Fig. 28-6. The relationship between heat, 
free energy, and entropy in a 
heat engine. 
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That falling objects, when arrested, become warmer was 
predicted by Joule, who suggested that a stream passing 
over a waterfall would be slightly warmed by the conversion 
of potential energy to heat energy. In theory, the tempera- 
ture of the Niagara River should be warmed about 0.1°C 
as it passes over its famous 160-ft falls, and a simple calcu- 
lation will show this to be true. The potential energy is cal- 
culated from the equation: 


P.E. = mgh 
Each kilogram of water plunges 160 ft (48.76 m). Thus: 
P.E. = 1 kg X 9.8 m/sec? X 48.76 m 
= 477.8 joules 
= 114.3 cal 


Consequently, each kilogram of water is warmed with 114.3 
cal of energy, and this accounts for the 0.1°C temperature 
rise. This calculation has been verified by measurements at 
the falls, thus further justifying our belief in the law of con- 
servation of energy. 


28-9 The Increasing Demands for Our 
Energy Resources 


Increased population and pressures for an increased stand- 
ard of living both put heavy stress on our energy supplies. 
These pressures will also be exerted on our soil resources, 
water supplies, forest products, and mineral resources. Short- 
ages are beginning to occur with increasing frequency in 
each of these areas. As a simple example, on a worldwide 
basis, the acres of land available per person for growing 
basic grains has shrunk from 0.66 acres before World War II 
to less than 0.55 acres per person at present. Many substi- 
tutes and alternatives come to mind to alleviate these short- 
ages—such as increasing use of fertilizer and opening up 
marginal lands. Almost without exception, however, these 
alternatives make increasing demands on our energy re- 
sources and particularly on our fossil fuels. 

These fossil fuels are a nonrenewable resource that reflect 
millions of years of stored energy from the sun. Unfortu- 
nately, convenience has shifted much of our increased de- 
mand to those fossil fuels that are in shortest supply. As a 
result, we have consumed more than half of all the petroleum 
which has ever been used since World War II. (In addition 
to potential shortages of fossil fuels, the exhausting of so 
much carbon dioxide and hydrocarbon products into the 
atmosphere has raised serious problems in some areas, and 
some scientists think it will make substantial changes in the 
heat balance of the atmosphere. ) 

The point here is not that we will run short of energy, 
but that we will almost certainly change our patterns of en- 
ergy use as one form of energy or another gains competitive 
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cost advantage. A recent European Economic Community 
memorandum estimates that energy costs account for: 


25 per cent of the total cost of steel making, 

20 per cent of the cost of producing other metals, 

10 to 15 per cent of costs in chemical manufacturing, and 
8 per cent of the cost in other manufacturing. 


The memorandum goes on to state that the cost of energy is 
one of the major forces determining a country’s international 
competitive position and the location of its industries. 

From our study of physical science and particularly this 
chapter, we should recognize some limits to the efficiency of 
our machines. We should not be readily misled by a miracle 
cure, a 200-mile per gallon carburetor, or other similar easy 
solutions. We should also be able to assess more realistically 
the coming changes in our energy sources and their meaning 
to society. 


28-10 Summary 


Most forms of energy—biochemical, fossil fuel, water 
power, and wind power—can be traced to solar energy as 
the original source. Solar energy has only recently been 
seriously considered as a direct source of energy for our 
needs. 

Nuclear energy, already established as a source of energy 
for peacetime use, is apparently the only significant form of 
energy that is not traceable to solar energy. 

The principle of conservation of mechanical energy is 
believed to be valid on the basis of both experimental and 
theoretical proof. This principle can be extended to include 
all forms of energy that are involved in a system, whether 
it be heat, radiant, chemical, or nuclear energy. The ex- 
panded principle is commonly called the principle of con- 
servation of mass-energy. 

The laws of thermodynamics state that heat energy is 
conserved in all heat transfer processes, and that energy at 
one level cannot spontaneously flow to a higher: level. 

The efficiency of a heat engine is the ratio of the heat 
energy converted into other energy to the total amount of 
heat added to the engine. 

The free energy of a process is the energy available for 
useful work, whereas entropy represents the energy that is 
* Entropy is the energy of randomness or the lack of 
order. 


EXERCISES 


A. KEY TERMS TO REMEMBER 


efficiency of heat engine free energy law of conservation 
entropy heat engine of mass-energy 
first law of thermodynamics internal energy second law of 
fossil fuel thermodynamics 
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B. QUESTIONS ABOUT THE AVAILABILITY OF ENERGY 


1. List all the primary sources of energy that we encounter in 
our daily lives. 


2. Trace the ultimate source of the energy that is expended 
when we lift a book. 


3. What is the source of energy in a so-called self-winding wrist 
watch? 


4, When, in a football game, does the crowd, including the 
teams (especially when the home team wins), exhibit the most 
entropy? When the least entropy? 


5. In what kind of system may we expect to find zero entropy 
—that is, perfect order? 


6. What happens to the electrical energy of a bolt of lightning 
after it has struck a tall tree? 


7. List the substitutions or adjustments we can make, and for 
each substitution list the resources and energy sources that will 
be in greater demand as a result, in each of the following areas 
where shortages may arise: (a) soil resources, (b) forest re- 
sources, and (c) mineral resources. 


8. What increases in our standard of living have not come from 
or resulted in some increase in use of our energy resources? 


9. Can you anticipate what the changes are that might arise 
in our society if the costs of energy (all kinds) were to double? 


10. What public policies, if any, tend to encourage the waste 
of our natural resources? 


11. Our energy resources may become such that we will have 
to rely mostly upon nuclear energy, which will supply the con- 
sumer with power in the form of electricity. What changes can 
you foresee should 80 per cent of our energy be delivered in the 
electrical form? 


C. PROBLEMS ABOUT THE AVAILABILITY OF ENERGY 


1. What would be the mass of a rifle bullet that has a rest 
mass of 10 grams and a velocity of 1000 meters per second? 


2. A supersonic airplane with a rest mass of 10,000 kilograms 
would have to reach what velocity to have a mass twice as large? 
Hint: Use Equation 28.2. Ans. 2.6 X 108 m/sec. 


3. If it requires 104 joules of energy to accelerate a typical 
automobile from rest to a speed of 60 miles per hour, what will 
be the resulting increase in the mass of the car? Will this increase 
in mass be observable to the occupants of the car? Assume that 
the car’s mass is 1.5 tons. 


4. The annual electrical energy production in the United States 
is about 4 x 107 joules. If this were to be generated by nuclear 
power at 100 per cent efficiency, what would be the amount of 
matter converted into energy in a year? 
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New Horizons 
in Physical Science 


I: the history of the human race, the last hundred years are 
but a split second. Yet in this brief interval of time more 
scientific and technological advancements have been achieved 
than in the thousands of preceding years. In these few years 
electricity has been harnessed, the structure of the atom has 
been unveiled, nuclear energy has been tapped, the universe 
has been further opened to us, and the welfare of man- 
kind has been improved through the conquering of disease 
by the development of, among other things, antibiotics, an- 
esthetics, vaccines, and good nutrition. Radio, television, jet 
airplanes, penicillin, nylon, and atomic power were unknown 
or were in their embryonic stage a short thirty years ago. 
Many of the major achievements of modern science and tech- 
nology have come within our own lifetime. 

All these new things cause us to wonder why and how 
they came so rapidly, But even more wonderful is the ever- 
increasing rate at which these things are developing. If we 
were to project into the future the rate at which new dis- 
coveries and developments are now being made, we should 
find that at the end of the next thirty years we may be four 
or eight or even more times further along than we have 
come in the past thirty years. An examination of the number 
of new scientific publications that appear each year in Chem- 
ical Abstracts gives us an idea of the accelerating rate of 
growth that is typical of all fields of physical science. In 
1910 there were 35,000 scientific articles in the abstracts, in 
1930, 156,000 articles, in 1950, 255,000 articles, and nearly a 
half million in 1960. 

Scientific advancements do not usually come suddenly. 
They grow out of many years of study that often appear 
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fruitless and unproductive. Occasionally a major advance- 
ment comes quickly, but ordinarily the breakthroughs in 
science come only after many years of preliminary investi- 
gations by many workers. Most of the developments listed 
above were nurtured for years in hundreds of laboratories 
before they reached fruition, Consequently, by examining 
the work that is being pursued in the scientific laboratories 
of today, we may project ourselves into the near future and 
guess at the new developments that will occur, Before mak- 
ing these predictions, hazardous as they are, let us consider 
some of the current pioneering research upon which future 
developments are likely to be based. 


29-1 Modern Concepts of Space 


When we delve into the modern concepts of space we 
encounter several mysterious terms, such as relativity, wave 
mechanics, and the curvature of space. In spite of the ap- 
parent uncommon sense that seems to be associated with 
these new ideas, once we become acquainted with them we 
will find that they not only make sense but explain certain 
natural phenomena that cannot be otherwise explained. 

A word of warning may be advisable before we launch 
into an examination of these frontier ideas. We have al- 
ready seen how the structure of the atom (Chapter 12) re- 
quires a much more adequate concept of forces than are 
described by Newton’s laws. That is, the classical laws are 
not comprehensive enough to fit the smallest parts of the 
atom. This does not require that we discard Newton's laws 
as they apply to ordinary objects. It merely points out the 
necessity to find a more adequate explanation for the atom, 
and such an explanation is found in the quantum theory. 
We will also find shortly that Newton’s laws do not fit the 
larger objects in the physical world either—the stars and the 
spaces of the universe. But we do not discard Newton's laws 
because they do not exactly fit the behavior of the universe. 
These newer concepts go beyond Newton's laws and are 
broad enough to explain the behavior of the atom, of ordi- 
nary objects, and of the universe. That is, they include the 
meaning of the classical laws and at the same time explain 
the smaller and larger reaches of the physical world. 

One of the basic concepts of space is linear distance. We 
have commonly heard the axiom that a straight line is the 
shortest distance between two points. But how do we meas- 
ure the distance between two points? If we use a yardstick 
for ordinary distances, such as the size of a room or the 
height of our house, we may obtain a reasonably satisfactory 
measurement. But what about the distance between New 
York and San Francisco? If we travel between these two 
points we may feel that we are traversing a straight line, 
but actually we are moving along a curved path—the sur- 
face of the earth. What appears to us as a straight line is 
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merely part of a great curve. Even the relatively short dis- 
tance from one end of a building lot to the other (50 yards) 
cannot be a straight line—it is approximately ‘one-millionth 
of the earth’s circumference and therefore that fraction of 
a great circle, We should, then, reconsider how we apply the 
classical ideas of geometry to the study of lines, distances, 
and space. 

In order to avoid the effect of the earth’s surface, we could 
try to construct a line out in space, where we might con- 
ceive of a line as being independent of the curvature of the 
earth or of that of any other planet or of the stars, But here 
we encounter the concept, based upon rigorous analysis of 
space itself, that nowhere in the universe is it possible to 
construct a perfectly straight line. The reason for this is the 
basic nature of space itself space is curved. Hence, any line 
constructed in space will be curved. 

Newton conceived of the universe as empty space popu- 
lated by celestial bodies. In this empty space there are forces 
such as gravitation, but otherwise the space itself is empty 
and does not have the character of an object in the usual 
sense. The modern concept of space, based upon Einstein's 
work, visualizes the universe in an entirely different man- 
ner. In Chapter 12 and again in Chapter 28 we saw how 
mass and energy are interrelated. Both experiments and 
theory have shown that mass can be converted into energy 
and vice versa. If we think of mass as a concentration of 
energy, then there is more mass-energy in the form of mass 
at certain places in the universe than at others. In the earth, 
the planets, and the stars there is a high concentration of 
mass-energy in the form of mass. Elsewhere in the universe, 
where the mass-energy is in the form of radiation or light, 
the mass-energy is spread out in the form of energy. Conse- 
quently, the empty spaces of the universe are not really 
empty but contain a diluted amount of mass-energy in the 
form of energy. 

The energy that is spread out in the space of the universe 
is not distributed uniformly, It would be unreasonable to 
think of the energy in space as being a uniform, continuous 
stuff when we know that energy in the form of mass is much 
more concentrated at some places than at others. That is, we 
would expect to find more energy in the space immediately 
adjacent to a mass than we would out in the middle of space. 
We know that there is much more light in the space near 
the sun than there is in the space at the outer edges of the 
solar system, and since light is one form of energy we may 
think of the space near the sun as containing a considerable 
amount of mass-energy in the form of energy. In addition 
to the radiant energy that is in the space near the sun, there 
would be other forms of energy there—gravitational, elec- 
trical, and magnetic energy. Consequently, all these various 
forms of energy create a field around the sun, much as a 
magnetic field is produced around a magnet (Chapter 9). 

Near any body of mass in the universe there is a field of 
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energy that is concentrated near the body and that becomes 
less intense as the distance from the body increases. Since 
each body is surrounded with its own field of energy, we 
can expect that among the various bodies of mass that popu- 
late the universe there will be overlapping fields of energy, 
with each body’s field extending outward indefinitely from 
it, These overlapping fields of energy give us our modern 
concept of space—a region in which varying quantities of 
energy exist in the form of fields created by the masses of 
the various objects in the universe. Since this space is not 
uniformly populated with energy, it will be curved, much 
as the surface of the earth is curved, where the space is not 
uniformly populated by mass. 

When scientists first heard of this concept of space, there 
was considerable headshaking. And no wonder, because the 
idea of space-energy-mass relationships makes uncommon 
sense indeed. But the support for such an idea was not long 
in coming. The first proof of the curvature of space came 
with the solution to a long-standing problem: the irregular 
behavior of the planet Mercury as it moves in its orbit around 
the sun. The orbit of Mercury is known to drift in a fashion 
that cannot be explained by Newton’s laws. In a planet's 
elliptical orbit, the point at which it approaches nearest to 
the sun (Chapter 7) is called the perihelion. The perihelion 
of all planets except Mercury appears to be at the same point 
with respect to the sun. That is, these planets go round and 
round elliptical orbits that remain in the same location. How- 
ever, the perihelion of Mercury moves gradually in a great 
circle around the sun once in 220,000 years, Apparently, a 
force gradually sweeps Mercury away from its normal ellipti- 
cal behavior that is predicted by Newton's laws of gravita- 
tion. 

Einstein applied his new concept of space curvature to the 
problem of Mercury’s drifting perihelion and found that 
Mercury, the planet nearest the sun, is affected by the high 
concentration of field energy created by the sun in the space 
near the sun, The planet, in effect, follows the path of least 
resistance as it moves through the space that is curved, The 
more curvature in the space (or the greater the field strength 
in the space) the greater is the planet’s deflection from its 
normal course. A working model of the movement of Mer- 
cury appears in Fig. 29-1. At the closest approach of the 
planet to the sun, the planet is pulled toward the sun more 
than normally, so that each consecutive revolution of the 
planet in its elliptical orbit is displaced slightly. The figure 
shows only four of these revolutions, but after 220,000 years 
the elliptical orbit will have been pushed around the sun 
and back to its original position, a phenomenon for which 
the concept of space curvature gives an adequate explana- 
tion. What about the earth and the other planets? Apparently 
the planets that are farther removed from the sun suffer an 
ae eee effect from the curvature of space caused by 

e sun. 
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Fig. 29-1. 


The perihelion of Mercury as it 
drifts around the sun—an indi- 
cation of the curvature of space. 
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In spite of the successful application of the concept of 
space curvature to the Mercury problem, much skepticism 
continued toward the new idea, To counteract these objec- 
tions, Einstein proposed that his theory of space curvature 
could be tested directly by the following experiment. If 
light is a true form of energy, it should be affected by the 
curvature of space very much as the mass of the planet 
Mercury is affected. That is, if a ray of light were to pass 
through space that is highly populated with energy, as oc- 
curs near the sun, that ray of light should suffer a change in 
its normal path. Einstein suggested that the apparent posi- 
tions of the stars that shine near the sun be examined both 
before and during a solar eclipse. Ordinarily, the light com- 
ing to us from a star should travel on nearly a straight line, 
but if this light passes near the sun its path should be de- 
flected. The experiment was performed by photographing 
the stars near the sun during a solar eclipse, and then, leaving 
the camera undisturbed, photographing the same stars 24 
hours later. Supposedly, the starlight during the eclipse 
should be slightly displaced. These photographs were com- 
pared, and once the techniques were perfected, it was proved 
that the starlight that passes near the sun does suffer a de- 
flection as the result of the concentrated energy field of the 
sun. 


29-2 Relativity 


Linked to the whole problem of space curvature is the 
concept of relativity, which introduces a new idea of time, 
mass, and space. In Chapter 12 we examined the quantum 
concept of light as it is related to the structure of the atom. 
We saw there that an electron in an atom may become ex- 
cited by an outside source of energy and as a result jump 
to a higher energy level within the atom. When the electron 
returns to its normal or ground state, it gives off this energy 
in the form of light, We found that the color of the emitted 
light is precisely related to the amount of energy released 
by the electron, Since each element has its own unique elec- 
tronic structure, the atoms of a particular element, such as 
iron, exhibit a unique group of spectral colors when excited 
each excited electron contributes to an intricate “fingerprint” 
of the atom itself. 

When we observe the spectrum of iron in our laboratories, 
the colors have certain wave lengths, but when we observe 
the spectrum of iron that is in the light from the sun, we find 
that the colors of all the spectral lines are shifted slightly to- 
ward the red end of the spectrum. This means that the light 
from the iron atoms in the sun has slightly longer wave 
lengths than does the light generated by excited iron atoms 
in the laboratory. But why should the wave length of light 
be different after it travels the 93 million miles from the sun? 
One answer to this question might be the Doppler effect, 
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although this explanation is hardly plausible because so far 
as we know the sun and the earth are not moving toward or 
away from each other to the extent necessary to produce 
the red shift, The best explanation of the red shift involves 
Einsteins concept of space curvature and the energy field 
of the sun. 

According to the so-called “Einstein effect,” the move- 
ments of electrons in an atom are influenced by the environ- 
ment of energy (or mass-energy). Where there is little or 
no energy field, the electrons in atoms move with a maximum 
velocity; where there is a large energy field, as in the sun, 
the electrons are slowed down, in which case they will emit 
lower frequency light when excited. This accounts for the 
red shift of the light emitted by the atoms that are in the 
strong energy field of the sun, and from the amount of 
the red shift we should be able to calculate the mass of the 
sun. Because there is fairly good agreement between the 
sun’s mass calculated in this manner and the sun’s mass ob- 
tained by other methods, we may have considerable confi- 
dence in the validity of the Einstein effect. The mass of 
many stars other than the sun’s has been determined through 
an examination of the red shift. 

If we apply this concept to ordinary objects, we encounter 
some strange things. A yardstick at rest has a certain length, 
but if it is moving it possesses more energy than when it is 
at rest and, consequently, has more mass (or mass-energy). 
With a greater mass it has a greater energy field, which in 
turn causes the electrons in the atoms of the yardstick to 
slow down, and this produces in effect a shortening of the 
yardstick. Since the earth moves around the sun at roughly 
20 mi/sec, our yardstick will be shortened in length accord- 
ingly, and what we call a yard is actually 2  10-® inches 
shorter than what the yardstick would be if it were standing 
still. 

The diameter of the earth itself is foreshortened in the 
direction of this movement, so that it is 4 inches less than if 
the earth were at rest. It is important to note here that we 
are considering the energy of a moving object as a velocity 
vector, which means that as the velocity of an object in- 
creases, its mass increases and its size decreases only in the 
direction of the movement. If we could travel in a space 
ship at 1000 mi/sec, our height and width would remain 
unchanged but our thickness from front to back would be 
decreased, and, as we approached the speed of light, our 
bodies would become as thin as gingerbread men. However, 
we ourselves would not notice this shrinking effect because 
the seat on which we sit, and everything in the space ship, 
would be foreshortened in a similar manner. Since the points 
of reference change as we change, we would have no way 
of knowing how much we had shrunk. Similarly, in our 
ordinary existence on the face of the earth, we do not know 
how much of this foreshortening occurs because we do not 
know how fast we are moving, although there is considerable 


582 


New Horizons in Physical Science 


evidence that our galaxy is rushing rapidly through space. 
If the earth were suddenly stopped, our yardsticks might 
conceivably extend to many times their ordinary length, our 
automobiles might become a block long, and our houses 
might turn into huge mansions. But all this would happen 
without advantage to us because we too would extend in 
size proportionately. 

Not only are space and mass relativistically variable, but 
time itself is variable in these newer concepts. Classically, 
time was viewed as invariable and uniform; Newton said 
that time flows equably. Today, however, we know that the 
flow of time is related to the energy of a system: the greater 
the energy in a system the slower time will flow. Relativity 
relationships tell us that a clock would run 5 X 10-7 per 
cent slower on the sun than it does on the earth, and it is 
conceivable that our watches run very slightly faster at the 
top of a mountain than they do at the bottom of a deep 
mine. Although the difference in the rate of flow of time is 
imperceptible in our time-keeping instruments, we have good 
proof that in atoms, which are miniature timing devices, the 
differences in mass-energy are reflected in the speed of the 
electrons, and this has, of course, the effect of producing a 
ted shift as noted above. 

In summary, the theory of relativity opens for us a new 
frontier—a frontier that is not very far beyond the bounds 
of our ordinary existence. As we have seen, there are several 
phenomena of the physical world that cannot be satisfac- 
torily explained by traditional concepts. We are experiencing 
here the advancement of scientific theory as it attempts to 
give us a better explanation for natural phenomena. We are 
also experiencing an expanding horizon as scientific theory 
becomes more fully developed. We found that Kepler’s laws 
describe the movement of the earth and planets in the solar 
system, But Newton's laws give us more understanding be- 
cause they tell us about the gravitational influence between 
objects in space. The quantum concepts further extend our 
range of understanding to the tiny parts of the atom, and, 
the influences in this realm, we find, are not at all like ordi- 
nary gravitational forces. Finally, the Einstein mass-energy 
law leads us to the broadest concept in all of nature because 
it embodies all these other laws in addition to areas of hu- 
man knowledge beyond them, such as the curvature of space. 
Einstein, in his later years, attempted to develop a unified 
concept that would relate gravitational and electromagnetic 
forces and that would thereby further extend our compre- 
hension of natural processes. However, at present, the theory 
of relativity is the broadest concept that has become gen- 
erally accepted among scientists. 


29-3 New Horizons in Research 


The natural curiosity of mankind to learn more about its 
environment has merely been whetted by the discoveries it 
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has already made, and the many specialized areas of re- 
search that are now underway give us considerable indica- 
tion that important new developments will be forthcoming. 
It is always exciting to make new discoveries, and the next 
best thing is to have a ringside seat when these discoveries 
are made. With this in mind, let us examine some of these 
specialized areas of modern research. We will deal with 
these various areas in an arbitrary order. After all, it is quite 
difficult to assess the real value of a new research idea until 
after it has made its impact upon society. For instance, a 
generation ago a similar list would probably have included 
a reference to nuclear energy, although it is very improbable 
that a dependable prediction of its importance to us now 
could have been made at that time. 

In recent years great studies have been made in the basic 
science of the solid state and electronics, We are all familiar 
with certain kinds of semiconductors and transistors, and it 
can be assumed that much of the new development in these 
topics will come through engineering and practical applica- 
tions of these ideas. Nuclear energy and photosynthesis, 
already quite well established from the standpoint of funda- 
mental science, will also receive continued attention in their 
development. We will discuss those areas that appear to 
offer much in the way of new basic science, but no attempt 
is made to list them in an order of importance or potential 
usefulness. 

Low-temperature research: When metals are cooled down 
to temperatures near absolute zero, they begin to exhibit a 
strange property. If a doughnut ring of metallic lead, ordi- 
narily only a fair electrical conductor, is cooled down to 
near absolute zero, it becomes an exceptionally good con- 
ductor. If an electrical current is started around the lead 
doughnut, the flow of electron seems to move continuously, 
suffering but slight resistance to flow, and this flow will 
generate a magnetic field so that, in effect, a piece of lead 
may serve as a magnet. We call this property superconduc- 
tivity. Other peculiar properties of substances also appear 
at these low temperatures. One form of liquid helium, for 
example, refuses to remain in a container, and creeps up 
the walls, flows down the outer sides, and drips off the bot- 
tom of the container. Such a property is called superflow. 
The whole domain of low-temperature research is opening 
up new frontiers and generating considerable interest among 
physical scientists. What will these newly discovered prop- 
erties be good for? At this time we cannot say. 

High-temperature research: Without a doubt, the highest 
temperature man has produced is in a thermonuclear bomb. 
However, other methods of achieving high temperature are 
being explored, and one of these warrants a brief descrip- 
tion. In Chapter 9 we saw that moving electrons may gen- 
erate a magnetic field, and, vice versa, that a magnetic field 
may induce an electrical current. We saw further that there 
is a definite relationship—the left-hand rule—between the 
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magnetic poles and the direction of the electrical current. 
Now if a surge of charged particles, such as electrons, pro- 
tons, or deuterons, is forced quickly into a strong magnetic 
field in the direction opposite to that stipulated by the left- 
hand rule, the particles will be abruptly stopped and forced 
back the way they came. Consequently, the kinetic energy 
of the moving particles is converted into heat energy, and 
temperatures up to 700,000°K have been achieved. 

Long-range forces: In the domain of colloids and surface 
phenomena, where distances of ten to a thousand Angstroms 
are concerned, there are forces that have not yet been spe- 
cifically defined. At smaller distances the chemical valence 
bonds and association bonds (sometimes called van der 
Waals bonds) primarily involve intermolecular forces. And 
at greater distances the forces are described by Newton’s 
laws. In these intermediate distances, the forces apparently 
decrease as the inverse cube of the distance, obviously mak- 
ing them different from those that decrease as the inverse 
square of the distance. Many important phenomena involve 
these so-called long-range forces—catalysts, the structure of 
polymers, the behavior of proteins, the mechanism of bio- 
logical processes, and the action of antigens on bacteria. 
Here is a broad frontier for the research scientist that ex- 
tends into many fields of study. With a more adequate un- 
derstanding of long-range forces will probably come an 
explanation for many problems that now confront physical 
science. 

Proteins, enzymes, and cell structure: In the areas of bio- 
physical research, probably the most challenging frontier is 
that of the cell. A cell is a tiny functional unit of a biological 
system such as a plants or animal's. It consists of a nucleus 
of protein substances, of cellular fluids, and of a wall or 
membrane; many are large enough to study under a micro- 
scope. The current interest in cell structure is to gain a 
better understanding of the chemical processes that occur 
in the nucleus, which takes in raw materials, transforms 
energy, regenerates proteins, and metabolizes carbohydrates 
and fats. Most cells, to continue their kind, split in two and 
then grow normally, but occasionally cells grow wild and 
rampant, with the result that cancer and other malignancies 
develop. With more information about the cell processes 
may come cures for these malignant diseases. Studies of the 
cell, the proteins that make up cells, and the complex but 
important catalytic substances called enzymes are bound to 
be of utmost importance to the welfare of mankind. 

Chemical synthesis: Although several hundred thousand 
different chemical substances are now known and most of 
them have been synthesized, this is only a start. The poten- 
tialities are almost limitless, since more and more new chemi- 
cal compounds are being produced every day and there is 
no reason why millions and millions of different substances 
cannot eventually be made. With the creation of a new sub- 
stance comes the thrill of examining its properties, and some 
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of the new substances almost always find their way into 
useful end products. We have already examined a few of 
the outstandingly successful synthetic substances such as 
plastics, fibers, drugs, and dyes. The surface has only been 
touched, and research in the synthesis of new chemical com- 
pounds will almost surely produce even more exciting and 
useful materials than those we now have. 

The upper atmosphere and space sciences: There are but 
few geographical frontiers that have not been explored. The 
atmosphere, the oceans, and the crust of the earth are three 
areas that still challenge the efforts of the scientific investi- 
gator. Spurred on by military interest in long-range rockets, 
scientists have turned their attention to the upper atmos- 
phere in studies that promise interesting results. We know 
from our observations of the aurora borealis, meteorites, and 
the reflection of radio waves that the atmosphere extends 
upward to certain limits. As the atmosphere thins out, the 
temperature undergoes peculiar changes, and there are re- 
gions of unusual behavior in it. Recent research of the upper 
atmosphere is concerned with the encounter of the earth 
with meteorites or meteoric dust. There is a worldwide tend- 
ency for extraordinarily heavy rainfalls to take place at cer- 
tain periods of the year, and one of these periods is on 
January 12-13. Supposedly the earth at this time passes 
through a swarm of meteors or meteoric dust, and the dust 
is picked up by our atmosphere and made available to form 
raindrops. A raindrop, you will recall, must have a nucleus 
on which to begin its growth, and dust particles are prob- 
ably the most common particles that fill this requirement. 

Along with these studies of the outside sources of dust 
that may account for unusually heavy rainfall have gone at- 
tempts to induce rain by artificially seeding the clouds with 
various kinds of dusts. These efforts have met with only 
partial success, but the information and techniques that are 
obtained from them may eventually enable man to increase 
his control of the weather. 

One peculiar characteristic of the atmosphere is its upward 
and downward oscillation. It has been known for some time 
that twice daily there is a maximum in the barometric pres- 
sure, at 10 a.m. and at 10 p.m. The atmosphere bounces up 
and down as though it were a giant spring, and the force 
that keeps it bouncing is the sun. The rotation of the earth 
exposes the atmosphere to the alternating gravitational forces 
that cause the tides in the oceans. The gravitational force 
of the moon is chiefly responsible for the tides in the ocean, 
but it is the gravitational force of the sun that appears in 
the proper frequency to match the frequency of the bounc- 
ing atmosphere. We have already considered the idea that 
the moon’s action on the ocean tides serves as a brake on 
the earth’s speed of rotation, but there is also the possibility 
that the sun, as it rises and sets daily, matches the periods 
of oscillations of the atmosphere and supplies a twist or push 
to the atmosphere that tends to speed up the rotation of 
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the earth. The strength of this twist or push has been calcu- 
lated, and it is possible that the strength of this twist is 
comparable to the braking strength of the ocean tides. If 
this is true, the earth’s speed of rotation could be speeded 
up or slowed down, depending upon the relative magnitude 
of these two forces. We have some evidence to indicate that 
the earth at one time rotated more rapidly than it now does. 
The structure of space: Most of the glamorous aspects of 
space news deal with the engineering feats of space travel. 
But with many successful space launchings and with most 
of these still in orbital operation, we are gaining consider- 
able basic information about the structure of space. The 
Venus probe and moon landing projects must be consider- 
ably refined in order to find much more than is already 
known through conventional astronomy. Space vehicles have, 
however, added greatly to our knowledge of the upper at- 
mosphere and near space. The discovery of a layer of ionized 
particles at heights upward of 16,000 km above the earth’s 
surface at the equator, the Van Allen belt, has led to several 
tentative hypotheses. One, for example, is the supposition 
that the aurora borealis is the result of interaction of the 
earth’s magnetic field with the Van Allen belt. The interac- 
tion of plasma (ion streams) from the sun with the Van 
Allen belt is another possible cause of the aurora borealis. 
Radio signals, called whistlers, have now been attributed to 
lightning at the earth’s surface, and these signals follow 
paths parallel to the lines of force in the earth’s magnetic 
field (Fig. 29-2). Whistlers detected at a point on the earth’s 


Fig, 29-2. Magnetic lines about the earth and regions of trapped ions 
known as the Van Allen radiation belt. 


Magnetic lines 
Van Allen radiation belt 
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surface provide a clue to the location of a lightning storm 
possibly halfway around the world. 

One of the enigmas of the solar system is the abundance 
of water on Earth but very little water, apparently, on Mars 
and Venus. The molecular velocity of hydrogen is sufficient 
to permit it to leak off the earth and escape into space, but 
at 30,000 to 60,000 ft above the earth’s surface it is suggested 
that molecular hydrogen combines with oxygen to form 
water vapor. At these elevations, this vapor forms a special 
type of cloud called “Mother of Pearl” clouds. It is unlikely 
that surface water vapor reaches these heights. On Mars and 
Venus little or no such capture of molecular hydrogen is 
made, and consequently these planets are apparently with- 
out a significant amount of water. 

Solar energy and photosynthesis: Man's continuing in- 
terest in finding new sources of energy and in making more 
efficient uses of currently available sources will impel him 
to study in more detail the energy from the sun. Solar en- 
ergy is one of the few sources of energy that is readily avail- 
able to almost everyone, yet it comes to us at such low levels 
that an efficient means of capturing and using it must be 
found. Already solar cookstoves, steam-electric generators, 
and solar batteries have been devised to run on solar energy, 
but this is only the beginning. With a better understanding 
of photosynthesis may come even more promising methods 
of using solar energy. One way that has been suggested 
to utilize directly this energy is called a “solar catalytic 
cracker.” With the proper catalyst, solar energy might con- 
ceivably convert the 0.035 per cent of carbon dioxide in the 
air, along with water vapor, to carbon monoxide and hy- 
drogen. These two gases could constitute the raw materials 
for a host of synthesis reactions that are already being widely 
used in the chemical and oil industries. 

Astronomy: The frontiers of astronomy are of such nature 
as to strike with awe anyone who considers them seriously. 
The astronomer must rely almost entirely upon observation 
at a distance (and what distances they are! ). In astronomy 
today the questions that are commonly asked are: Why does 
a star explode into a supernova, what is the structure of our 
galaxy and how did it get its start, how are galaxies formed, 
what is the explanation for the red shift, and what scientific 
evidence is there from which we can derive a theory for the 
origin of matter itself? 

Radioastronomy: A new way of exploring the universe is 
through the radio waves emitted by certain regions of outer 
space. A radio telescope, somewhat like an optical telescope 
that collects the radiation by means of a parabolic reflector, 
is aimed at those parts of the sky being studied. The in- 
tensity and wave lengths of the radio signals are examined 
much as the light from distant sources is studied. Because 
the signals are very faint, huge devices are required to col- 
lect a radio signal sufficient for detailed analysis. The para- 
bolic mirror must be accurate to a fraction of an inch, and 
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Fig. 29-3. The radio telescope at Jodrell 
Bank, England. This instrument 
sent the first messages reflected mem 


from the moon and Venus. et —— 


changes in temperature and the effects of winds constitute 
a challenge to the engineer designing such a device. The 
limit for a single mirror has probably been reached with the 
250-foot instrument at Jodrell Bank, England, Fig. 29-3, and 
attempts to build larger ones, such as the 600-foot telescope 
in West Virginia, have met with almost insurmountable dif- 
ficulties. 

Several thousand sources of astronomical radio signals 
have been catalogued and about one hundred of these are 
directly associated with specific galaxies or parts of galaxies 
outside our own galaxy. Some of these signals come from 
intense, concentrated sources, whereas others come from 
diffuse or regional sources; in addition there are sources of 
radio signals within our galaxy. Tentative explanations for 
the cause of these signals have been proposed. For example, 
it is suggested that the collision of cosmic rays with inter- 
stellar gas altered by the magnetic field of a galaxy may 
produce radio signals, But with more study of these signals 
we may anticipate that a better understanding of their source 
and their relationship to galactic structures will be achieved. 

Plasma: The characteristics of plasma, a stream of gaseous 
ions in a vacuum, are being exploited with the objectives of 
learning about the constitution of matter and the possibility 
of making a motor that will power a vehicle in outer space. 
The principle of the plasma motor or ion engine is shown in 
Fig. 29-4 where gaseous ions evolved from a heated source 
such as cesium are passed through an electrical and magnetic 
field. We saw in Chapter 9 how the combination of electrical 
and magnetic fields exert forces that drive an electric motor, 
and in this plasma motor the cesium ions are accelerated 
sufficiently to create a thrust as they are ejected from the 
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Fig. 29-4. A plasma motor. In the plasma 
motor an ionized gas passing 
through an electrical and mag- 
netic field is accelerated and 
then discharged through a 
nozzle, 
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nozzle. Such a device, if successfully designed, should drive 
a space vehicle at speeds approaching that of light. It would 
not, however, have sufficient thrust to lift a rocket away from 
the earth’s gravitational field, but would be ample to propel 
a vehicle once it reached interplanetary space. 

Oceanography: A new horizon of research in the physical 
sciences that combines many of the fundamentals of geol- 
ogy, physics, chemistry, and biology is a study of the oceans. 
Very little is known of the environmental factors in the ocean 
that support various forms of plant and animal life. The 
charting of the temperatures, currents, depths, salinity and 
mineral content of the oceans is a long-range task. Ocean- 
ographers are also studying the relationships between the 
lowest forms of life, the planktons, and the higher forms of 
life that are supported by the lower forms. The oceans are 
a vast storehouse of minerals (magnesium is already com- 
mercially obtained from the sea) and it contains tremendous 
amounts of foodstuffs. Only a small fraction of the resources 
of the ocean have been developed, and as the world’s popu- 
lation increases we will be forced to turn more and more 
to this part of the earth as a source of raw materials to 
support mankind, Fairly good progress is already being made 
in making ocean water potable, and this process promises 
to supply ample fresh water to regions bordering the ocean 
that otherwise are too arid to support farms and cities. It 
has been estimated that certain areas of the ocean’s floor 
contain upward of ten million dollars worth of manganese 
and iron nodules per square mile. The magnitude of the 
oceans—3.3 10° cubic miles of sea water—and the huge 
amounts of substances dissolved in it—a cubic mile of sea 
water contains over 1.6 X 10° tons of salt—presents a chal- 
lenging frontier of research. 

In summary, we see that the horizons of physical science 
are constantly being pushed back, and that the rate of dis- 
covery of new ideas, concepts, principles, and facts is being 
accelerated. We live indeed in an age of exciting scientific 
explorations, and many new discoveries seemingly lie at the 
immediate edge of the expanding horizon. 


EXERCISES 
A. KEY TERMS TO REMEMBER 


cosmic rays oceanography superconductors 


curvature of space plasma Van Allen radiation belt 
energy field radioastronomy  whistlers 
long-range forces relativity 


B. QUESTIONS ABOUT NEW HORIZONS IN PHYSICAL SCIENCE 


1. If the principle of the curvature of lines on the surface of 
the earth were applied to the construction of a large building, 
would the opposite walls of the building be exactly parallel to 
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each other? Would the architect be required to take into account 
this principle if the building were 100 yards wide? Explain your 
answer. 


2. Is it safe to presume that two million dollars invested in sci- 
entific research would produce twice as many results as the in- 
vestment of one million dollars? 


3. The atmosphere of the earth is a protective envelope without 
which life on the earth might be entirely different from that we 
know. Make a list of the various things that come into the earth 
from outer space but are slowed down or absorbed by the atmos- 
phere. 


4, Collect from a current newspaper or newsmagazine several 
articles of scientific interest that bear upon the topics mentioned 
in this chapter. Using these clippings as a starting point, write a 
short essay on “A New Horizon in Physical Science.” 


5. Read an article in one of the issues of the past year from one 
of these journals, and write a 200 word summary on it: 


Scientific American Physics Today 
American Scientist Journal of Chemical Education 
Science (AAAS) American Journal of Physics 


Science News Letter 


591 


Thirty 


The Philosophy 
of Physical Science 


Me scientists pursue their work with little or no thought 


about the philosophical aspects of their specialty, That 
is, the typical scientist studies the physical world through | 
his senses, believing that his observations reflect the exist- | 
ence of a real world. But to the philosopher such an attitude | 


is rather too simple; he takes a more critical view toward 
facts and the principle of reality. The philosopher raises the 
questions of what these observations mean and of how the 
theories that the scientist develops fit into the general struc- 
ture of knowledge, the nature of physical laws, and the 
meaning of knowledge itself. 

Philosophy, literally speaking, is the love of wisdom. It | 
concerns itself with the study of knowledge. There is much 
debate among philosophers about the interpretation of 
knowledge, and such debate is to be expected because many 
philosophical concepts cannot be tested by experiment in 
the way the concepts of physical science can. However, it 
will be profitable for us to consider briefly some of these 
philosophical ideas in order to gain some appreciation of 
the relation of philosophy to science, 

The common man usually views the external world of the 
universe as reality. He looks upon the universe and all it 
contains as a world that exists whether we interpret it or 
not. This view of the world is called “Realism,” and we com- 
monly abide by it in our daily affairs. If in our travels we 
become lost and inquire the directions of a native, we usu- 
ally follow his directions without question. Even though we 
have never seen the road ahead, when the native describes 
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all the turns and landmarks, we accept for a fact the exist- 
ence of such a road, As the result of many similar experi- 
ences, we have learned to accept for reality many things 
which we cannot see or have not yet seen. The scientist also 
relies heavily upon the concept of realism, and, like the lost 
traveler, he does not hesitate to project himself into the un- 
known. No one has seen the inside of the earth or the in- 
terior parts of an atom—yet we cannot refute the existence 
of such domains. 

In opposition to the concept of Realism are many philo- 
sophical ideas, only two of which we shall pause to mention 
here. One, “Idealism,” holds that what we see and perceive 
are not realities, but that the perceptions themselves are the 
only realities, The idealist believes that only our concept of 
a meter is real and that when we apply this concept to a 
stick we have a meter stick. Another viewpoint, “Positivism,” 
holds that our concept of a meter is irrelevant, for a posi- 
tivist believes only what he can experience through his 
senses or what he can deduce from sense data, Even though 
most scientists would agree with positivism’s meaning for 
scientific work in general, there are few scientists who are 
actively interested in the philosophical arguments. Einstein 
has said that a scientist may “appear as realist, insofar as he 
seeks to describe the world independent of the act of per- 
ception; as idealist insofar as he looks upon concepts and 
theories as the free inventions of the human spirit; and as 
positivist insofar as he considers his concepts and theories 
justified only to the extent to which they furnish a logical 
representation of relations among sense experiences.” Let us 
now examine in a philosophical manner some of the factors 
with which the scientist deals in physical science. 


30-1 Observation in Physical Science 


We gain knowledge through two kinds of experience— 
direct and indirect. Fortunately, much of the knowledge and 
information that we have has been passed down from gen- 
eration to generation by word of mouth, in books, and in 
various records, thus freeing us from the necessity of gather- 
ing it directly, For most of the knowledge in this book on 
physical science we have relied upon indirect information— 
it would require several lifetimes to conduct all the experi- 
ments and observations that are involved in any one chapter. 
To re-perform all these experiments in order to achieve first- 
hand experience would be exciting, but no new goal would 
be achieved. It is more fruitful to accept (with the usual 
reservations) what has already been found and to push 
ahead into new experiments and observations. 

Historians of science usually refer to Roger Bacon of the 
thirteenth century as one of the first to recognize the im- 
portance of observations when he said that “without experi- 
ence nothing can be sufficiently known; he who wishes to 
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enjoy without doubt the truth of things, should know how 
to devote his time to experiment.” Some years later the 
famous artist-architect-engineer-scientist Leonardo da Vinci 
said: “All sciences are in vain and full of errors which do 
not terminate in observation . . . through one of the five 
senses.” And Galileo was convinced that the solution of nat- 
ural problems begins “as sensible experiments and necessary 
demonstrations.” 

Observation, coupled with reasoning, is one of the most 
powerful methods of solving problems in physical science. 
For example, let us follow Newton’s observations in his 
study of light. He had just passed sunlight through a prism 
and seen the beautiful colors of the rainbow flash upon the 
wall of his laboratory. Since these colors came either from 
the sunlight, the prism, or a combination of the two, he rea- 
soned that sunlight is a mixture of colored rays with differing 
refraction characteristics and that it was this difference in 
refractability that caused the white light to be separated into 
its colors, Next, Newton set up several experiments to test 
his ideas. When he passed blue light through the prism he 
found that it was refracted more than red light. Then he 
“mixed” the various colors that he saw on the wall of his 
laboratory and found that they re-formed white light. From 
this he deduced that a red object, such as a rose, appears 
red in sunlight because it reflects only the red rays and 
absorbs the others. He went on to verify this idea by an 
ingenious experiment. This brief account of Newton's ex- 
periments and reasoning is but a small sample of the im- 
aginative research detailed in his famous report, Opticks. 

Observation without critical analysis of the experiment 
may lead to erroneous conclusions. Whether in science or in 
our ordinary daily lives, our conclusions should be based on 
information that is collected objectively. This requires that 
the observer be impersonal, unprejudiced, and without pre- 
conceived concepts about the phenomenon he is observing. 
In his openmindedness he must be willing to accept the data 
that his experiments produce and at the same time be wary 
of the data that present themselves. For instance, he may 
be examining an optical illusion and may observe something 
that is not in reality there. The thousands of reports of fly- 
ing saucers in recent years indicate the danger in making 
observations without a critical viewpoint. Most of these ob- 
servations of flying saucers have been definitely attributed 
to balloons, weather conditions, meteorites, and other ordi- 
nary natural phenomena. 

Once the scientist obtains the observations he is seeking, 
he must analyze them. This is the ultimate aim of science, 
for it is the analysis of observations that leads to a systematic 
ordering of experience. Through analysis, the scientist inte- 
grates or sums up all his data under a general law which is, 
ideally, simple in concept. From this law it is then possible 
to predict future events. Let us now examine the meaning 
of some of the analytical operations used in science. 
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30-2 Cause and Effect 


In any particular situation, the idea of cause and effect 
may be analyzed quite simply. We can say that the cause 
always precedes the effect in point of time, and we can also 
say that this particular effect never occurs unless there is a 
particular cause. If, as the result of many experiments, we 
note that event A always precedes event B and that event 
B never occurs until after event A takes place, then we say 
that event A is the cause of event B. This is a useful and 
dependable concept that we employ commonly in our every- 
day activities. If we throw a ball into the air, the ball falls 
to the earth. We say that every time a ball is tossed into the 
air, it falls. This relationship is so dependable that a game 
of baseball can be played with the certainty that any ball 
goes up must eventually come down. There is no need for 
the rule book to so specify even though the batter may wish 
he could strike a ball so hard that it would never come back 
to earth. 

But upon closer inspection of the ball that is tossed into 
the air, is it necessarily the action of tossing that causes it 
to fall to earth? Or is it the force of gravity? Or again, is it 
the force of gravity or is it the earth possessing a gravita- 
tional field that is the true cause of the falling ball? In mak- 
ing a critical analysis of the cause and the effect here we 
soon encounter difficulties and find that the principle of 
cause and effect is not nearly as precise as we might think. 
We have all expressed this feeling in the classic question of 
which came first, the hen or the egg? 


30-3 probability and Hypothesis in Physical Science 


The concept of probability in science is quite different 
from our ordinary idea of probability. We sometimes say: 
“What is the probability of rain tomorrow?” or, “It is prob- 
ably cooler today than it was yesterday.” In its scientific 
meaning the concept of probability concerns a phenomenon 
in which there is a great number of repeating events. If we 
toss a coin into the air a thousand times, we may examine 
the probability of the coin landing “heads” or “tails” a cer- 
tain number of times, The movement of molecules in a gas, 
the mass of a hydrogen atom, the life expectancy in life in- 
surance schedules, and the half-life period of a radiactive 
substance are situations in which the concept of probability 
may be applied with a high degree of accuracy. 

The concept of probability may deal with the principle of 
randomness. For example, if from a million lottery tickets, 
ticket No. 500,000 were selected as the lucky one, the news- 
papers would make quite a play on the “improbability” of 
the selection of this particular number. The headlines would 
likely read, “Mr. X Reaps Dividends from One-in-Million 
Chance.” The laws of chance would receive considerable 
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public attention because of the selection of this particular 
number, but if the selection were an arbitrary one there is 
exactly the same probability of ticket No. 500,000 being 
selected as, say, ticket No. 734,619, or any other of the mil- 
lion tickets. The probability of selecting any one of the mil- 
lion numbers is one in a million, and since No. 500,000 is 
one of the million, it stands a chance equal to that of any 
other ticket in the lottery. 

This leads us to a general definition of probability: The 
numerical value of probability is the ratio of the number of 
ways an event actually occurs divided by the total number 
of ways in which that event might occur. In the lottery ticket 
selection only one ticket is actually drawn, but a million 
different tickets might be drawn, hence the probability is 
one in a million. 

Once a mathematical relationship can be established be- 
tween an event and the probability of the recurrence of that 
event, the scientist is in a position to hypothesize, or guess 
tentatively about an explanation for a particular phenome- 
non, For instance, if a scientist is determining the atomic 
weight of silver, he could not examine, or even sample, all 
the silver in the world. Instead, he selects what he believes 
to be a representative sample of silver and, with a very high 
probability that the silver atoms in his sample have atomic 
weights similar to all silver atoms, he analyzes only a small 
fraction of the silver in the world. Again, if a study is being 
made of the mass of the hydrogen atom, the mass of a large 
number of hydrogen atoms is determined. With a high prob- 
ability that each hydrogen atom is identical to the next one, 
we can arrive at an average, or probable, value for the mass 
of a single hydrogen atom. Probable values are known for 
various other physical constants, including the charge on an 
electron, the electrical equivalent of heat, the velocity of 
light, Avogadro’s number, and so on. 

If a probability relationship can be established, a reason- 
ably sound hypothesis may be drawn. Such an hypothesis 
may appear to transgress the limits of the probability in an 
experiment, yet it is through a knowledge of probability 
that the scientist is capable of seeing beyond the limits of 
his data and finding a fundamental hypothesis, or explana- 
tion. In the early study of gravitation, Galileo observed that 
a heavy object and a light object fell to earth in almost the 
same time interval. According to the actual data of the ex- 
periment, he should have concluded that heavy objects al- 
ways fall somewhat more rapidly than lighter objects. But 
Galileo perceived that beyond his data there was a con- 
stancy, a high probability that a uniform field was acting on 
the falling objects, so he disregarded the imperfections in 
his data and arrived at the concept of gravitation. It is not 
always wise, however, to disregard the slight imperfections 
in one’s experimental data, for, you will recall, the slight 
deviation in the orbit of the planet Uranus led directly to 
the discovery of the planet Neptune. 
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The importance of probability in formulating an hy- 
pothesis can be appreciated if we turn to the early studies 
on atomic structure, Rutherford, in bombarding gold atoms 
with alpha particles, found that only rarely did the gold 
atoms alter the path of the alpha particles. Only one in sev- 
eral million alpha particles seemed to meet any sort of ob- 
stacle as they passed through the gold atoms, From this low 
probability of alpha particle deflection, Rutherford reasoned 
that the gold atom must consist mostly of space and that 
only a small fraction of the atom had sufficient mass and 
charge to deflect alpha particles. From the actual, numerical 
value of the probability of deflection, the size of the atom’s 
nucleus was calculated. Later and more elaborate experi- 
ments have verified Rutherford’s concept, so that it appears 
to be a dependable hypothesis, even though based on a con- 
sideration of probabilities. 


30-4 Scientific Law 


By this time we have come far enough in our study to 
note the role of scientific law in the development of physical 
science. We have seen that a law is usually a simple sum- 
mary of a mass of facts concerning a phenomenon of nature. 
The law of gravitation, for instance, describes the force of 
gravitation between the earth and all the objects on the 
earth’s surface, between the planets, and, in general between 
objects anywhere in the universe. Even though a law may 
originally be based on a limited number of facts, once it is 
formulated there is an eagerness to test it and apply it to 
new situations. We know that a scientific law is not to be 
confused with a political, social, or economic law because 
the latter are results of legislative, social, or group decisions 
and are usually based on value judgments. A scientific law, 
on the other hand, is an interpretation of a natural process, 
and, although it is humanly conceived, it is based on obser- 
vations of nature. 

Since, as we have seen, experimental observations and 
measurements cannot be made with perfect accuracy, the 
question is raised: How accurate can a law be if it is based 
on data that are only approximate? In other words, what is 
the true meaning of a scientific law? The classical laws, such 
as Newton’s laws of motion, are based not on observational 
data, but rather on the notion that behind the data there is 
coherence and, if you will, the reality of nature. Each ex- 
perimental observation gives us a glimpse, more or less ac- 
curate, of this reality. We have already seen how Galileo in 
his study of gravitation looked beyond his crude and inac- 
curate experiments and discovered a remarkably simple truth 
of nature—the principle of gravitation. Let us consider this 
matter in more detail concerning a law in another area of 
physical science. 

The gas laws deal with the behavior of gases when they 
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are subjected to various conditions, We saw in Chapter 20 
that the volume of a gas increases with increasing tempera- 
ture and that the volume of a gas decreases with increasing 
pressure. These relationships are summarized by Charles’ 
law and Boyle’s law, respectively. But these gas laws are 
commonly referred to as “ideal gas” laws, that is, they deal 
with what is called the “ideal case.” Actually, no gas strictly 
obeys these laws. If we were to carry out an experiment on 
the volume-pressure relationship of a real gas such as oxy- 
gen, we would find that, especially at high pressures, the 
behavior of the gas would deviate considerably from Boyles 
law. The deviations may be enough to cause us to wonder 
if Boyle’s law is of any value as a scientific law. But we 
must recall that laws are based on the concept that there is 
a coherence in nature, and that even though there may be 
deviations in the facts, a law is judged by whether or not it 
represents a fundamental relationship. We further test a law 
by analyzing its meaning—if it is a reasonable and logical 
argument for the uniformity of nature, then it merits our 
attention. 

With Boyle’s law we find that many real gases behave 
nearly as predicted, particularly at pressures less than one 
or two atmospheres and at relatively high temperatures. 
Furthermore, Boyle’s law is reasonable and logical, and it is 
not difficult to imagine an “ideal gas” that behaves exactly 
as predicted by this law. This places us in a dilemma—shall 
we discard Boyle’s law because real gases cannot be fitted to 
it, or shall we look for an explanation for the misbehavior of 
real gases? Both recourses have been pursued, but the latter 
alternative will concern us here. 

If a real gas disobeys Boyle's law, we must find a suitable 
explanation for the deviation. Since these deviations become 
most severe at high pressures, it becomes apparent that gas 
molecules do not exist as “point” objects but actually occupy 
an appreciable volume. This sounds reasonable, so the next 
step is to make an allowance for the actual volume of a gas 
that is due to the molecules themselves. When we make this 
adjustment in our calculations, the gas appears to obey the 
law more nearly than before. But there are still deviations, 
so we look further for possible explanations. One explanation 
involves the gravitational forces between molecules. At low 
pressures the molecules are, on the average, far enough 
apart so that they exert very little intermolecular attraction, 
but at higher pressure these intermolecular forces may be- 
come quite large. Hence, we make another adjustment in our 
calculations by providing for the intermolecular forces. After 
making these two adjustments, we find a surprisingly good 
agreement between the behavior of the real gas and the 
statement of the ideal gas law. 

The significant idea in this discussion is that a scientific 
law is a description of a natural uniformity. Although it 
may not be possible to illustrate accurately this uniformity 
with an experiment, the uniformity does exist, and as we 
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perfect our experiments and take into account more and 
more of the causes of the inaccuracies in them we may ap- 
proach closer and closer to the “ideal case.” In the mean- 
time, the law serves the useful purpose of providing us with 
a guidepost and marker in our pursuit of scientific knowl- 
edge. s 


30-5 Social Attitudes toward Physical Science 


Prior to 1600 it was dangerous to be called a “scientist.” 
Although many pursued scientific studies, their primary vo- 
cation usually concerned something else. For example, Robert 
Boyle was a writer of moral and religious essays, but today 
it is his studies of the behavior of gases that have made him 
famous. Even in ancient Greece there was a mild prejudice 
against scientific pursuits, particularly toward applying sci- 
ence to practical situations. Certain phases of mathematics, 
such as geometry, were well developed long before the birth 
of Christ, yet there was a reluctance to apply geometric 
principles in land measurement. Plato felt that such an ap- 
plication would vulgarize mathematics. Archimedes apolo- 
gized for his mechanical devices, claiming that they were 
merely gadgets for his own amusement. And later, Galileo, 
Copernicus, and Tycho met with similar opposition from so- 
ciety, no matter how useful or valuable their ideas were. 

In recent times, a slightly more cordial attitude has been 
shown by society toward science and invention. The change 
from hostility to friendliness came slowly, however. Early 
attempts to build steamboats met with disastrous results. 
In 1707, a steamboat built by Dennis Papin was destroyed 
by an angry mob of seamen, and Papin narrowly escaped 
with his life. In 1700 and again in 1760, power-driven saw- 
mills were built in England, only to be immediately de- 
molished by hand-sawyers. But in America, a pioneering land 
where manpower was at a greater premium than in England, 
power-driven machinery gained an earlier foothold, and by 
1800, boats and sawmills were commonly being powered by 
steam engines and waterpower, respectively. But the general 
acceptance of new ideas was slow in coming. In 1805, John 
Stevens proposed a tunnel under the Hudson River, and after 
being ridiculed for his idea, Stevens ruefully commented 
about the “prejudices that naturally arise against anything 
bearing the stamp of novelty.” The Hudson tunnel was built 
seventy years later. 

In pure science, there was also a cool reception to new 
ideas. Helmholtz in Germany was at first refused publication 
of his paper on the conservation of energy, a landmark in 
theoretical science, Robert Mayer’s treatment of the relation- 
ship between heat and work was accepted for publication 
only on the condition that he send in no more articles. In 
1845, Joule proposed a theoretical (and today considered 
correct) explanation of the principles of the steam engine, 
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only to have it declared “mere nonsense” by the Royal So- 
ciety of London, It was not until 1857 that scientists agreed 
upon what makes a steam engine work. In the field of chem- 
istry the hypothesis of Avogadro, originally proposed in 1811 
but largely ignored, was revived in 1860 and provided a 
significant turning point for the establishment of a sound 
chemical principle of atomic weights. 

In art and music, as well as in a number of other activities, 
the acceptance of many new ideas has also been slow. The 
music of Bach was not uncovered until fifty years after his 
death, then to be recognized as some of the most inspiring 
music of all time. The work of such painters as El Greco 
and Vermeer remained relatively unrecognized for centuries 
before connoisseurs awakened to their value. 

But today our attitude is changing. In many areas a thing 
must be new to have value. This is particularly true in the 
field of mechanics. The public clamors for new model cars 
each year, in spite of the fact that the engines may be essen- 
tially the same as in the previous models. We want new 
styles, new colors, new designs—and we are unusually willing 
to pay for it. Our houses, our radio and television sets, our 
clothes, our various household appliances, and even our 
vitamins and drugs must be the latest. It is indeed difficult 
to understand the occasional reluctance to accept change and 
improvement. For example, there is still bitter opposition to 
sanitation regulations and vaccination, even though these 
practices have been proved safe and successful. 

What is the effect of these social attitudes upon physical 
science? This is indeed a complex problem, and several fac- 
tors need consideration. With an increasing demand by so- 
ciety for more scientific and technological advances, we find 
today that the vast majority of our scientists, including the 
most competent, are supplying technical service to modern 
industry. These scientists, if they are to make continued ad- 
vances in the development of fundamentally new concepts 
and principles, must be provided with an atmosphere that 
will foster this type of work. Instead, society still places too 
little value upon pure scientific study because it is still tardy 
in recognizing the value of pure scientific discovery. It may 
be that we have overemphasized the amenities of life in re- 
lation to our long-range needs, and society may be demand- 
ing that science cater to its desire for entertainment, comfort, 
beauty, and convenience to the detriment of the more perma- 
nent values inherent in increased knowledge. 


30-6 The Social Responsibility of Scientists 


At the present time, we occasionally hear the charge that 
scientists have cut themselves off from human or social con- 
cerns. The result, supposedly, is that science has produced 
things which society has not learned to use constructively. 
This charge has commonly been made in reference to the 
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invention of atomic bombs, toxic war gases, and other de- 
structive devices, all of which have been made possible 
through the application of fundamental science. 

Among several proposed solutions to this problem, two 
will be considered briefly. One proposal is to declare a 
moratorium on science for a length of time that will enable 
the other areas of human activity—social, political, eco- 
nomic, philosophical—to catch up. This proposal presumes 
that if the discovery of new scientific knowledge is stopped, 
these other areas will continue to advance at their own rates. 
But how could such a moratorium be initiated? To arrest the 
progress of science would necessitate stopping the scientists 
themselves, which would mean repressing the inherent, nat- 
ural curiosity of man to inquire into the mysteries of nature. 
Because scientific curiosity in our best scientists is ineradi- 
cable, the scientists themselves would have to be destroyed, 
for how else could a government control their activities? 
Any committee or government agency set up to control 
scientists would soon be exercising similar control over econ- 
omists, politicians, and possibly everyone else. The mora- 
torium would have to be worldwide to be effective, but such 
policing action on a world scale has never been achieved in 
other areas, and it is difficult to conceive of it being accom- 
plished in the scientific area alone. 

Another proposal is to require that scientists direct their 
efforts toward constructive goals. This proposal, obviously 
advanced by people who are not acquainted with the ordi- 
nary operational procedures of science, would require that 
research and study be directed only toward beneficial goals. 
The history of science shows that a scientist gives his best 
service to humanity through fundamental study. The dis- 
coveries of X rays, penicillin, sulfa drugs, radio, television, 
and a host of other wonders have come as a direct result of 
fundamental, rather than applied, research. For instance, the 
modern “miracle” drugs were not discovered by the bed- 
side physician but by scientists far removed from the hos- 
pital and sick bay. 

Is it then possible to permit scientists to continue their 
fundamental studies only as long as the results are bene- 
ficial? Can we expect a scientist to foresee every evil use that 
someone might make of his discovery? We say emphatically 
“no.” Let us trace the history of the atomic bomb and see 
if there was a point where the study of nuclear science could 
have been stopped. Rutherford’s successful bombardment of 
the nucleus of the atom in 1911 was viewed at that time as 
a mere laboratory curiosity. Millions of alpha particles were 
required in order to achieve a single hit such low effi- 
ciency could never be of practical significance. Chadwick's 
discovery of the neutron in 1932 raised no great reaction 
among scientists—it was impossible to predict at that time 
that the neutron would be the trigger for a chain reaction. 
Unless one were to depend upon the fiction writers, who 
always have been making fantastic predictions, there was no 
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dependable authority that could foresee the coming events. 
In 1934, Fermi bombarded uranium with alpha particles, 
but the results of his experiment were so unpredictable that 
he was unable to explain what had happened. In 1938-39, 
Hahn and Meitner in Germany sought to produce a trans- 
uranium element by the neutron bombardment of uranium, 
only to find that the uranium underwent fission. As happens 
so often, some of the most startling discoveries have been 
stumbled upon while searching for something else. By 1940, 
the achievements of nuclear science were classified as gov- 
ernment secrets in order that the scientific findings could be 
directed toward military purposes. There was no stopping 
the further study of nuclear science at that point. In fact, 
during this period many scientists were pressed into the 
study of nuclear energy in order to make the construction of 
an atomic bomb possible. 

It appears unreasonable, then, to expect scientists to be 
able to do more than anybody else, for scientists are ordinary 
human beings whose responsibility to society is no greater 
than that of other educated people. Society as a whole is 
responsible for using the findings of science wisely. To make 
an unsocial application of a scientific discovery is not un- 
scientific, it is a misuse of information. It is conceivable that 
almost every scientific discovery has some good in it, and 
some bad. Whether we use the good or the bad depends 
upon society, and prior to the actual scientific discovery it 
is humanly impossible to predict which of these two uses 
society will choose. 
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